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PREFAJE TO THE THIRD EDITION 


Tt has been our constant endeavour to make the book inereasingly 
more and more useful to our readers. So in this edition distinct 
changes will be noticed in the text. In the light of recent experiences 
wherever any improvement was thought necessary, that has been 
done without any consideration for the cost of production. The 
three appendices, namely Aeronautics, Trigonometrical Ratios, and 
Graphs, to the last edition of this volume, will not be found in the 
present edition, for the same had been already transferred to Volume 
I taking sush grouping to be more reasonable. Short sketches of 
the lives of many eminent Physicists, with their portraits in most 
cases, have been introduced in this edition of Volume II as well 
asin the case of Volume I. If this makes the book more interesting 
to our young learnes and arouses in them any urge.for more intimate 
acquaintance with the work of these master minds, we shall deem 
dur labours amply repaid. Many additional blocks have been included, 
and some old blocks replaced by corresponding new ones with a view 
‘so making the illustrations more effective. The text has also been 
enlarged here and there to meet the requirements of some more 
Universities.. The book now covers the syllabuses of Intermediate 
Studies of most of the Indian Universities. We invite here the attention 
of all concerned to the fact that all the worked-out sums, and the 
answers of the problems added to the end of each chapter have been 
checked up sgain in this edition. 

We must record here our indebtedness to the teachers of 
Physios sll through India, Pakistan, Nepal and Burma for their wide 
appreciation of the book, Some of them have also helped us by 
suggesting improvements here and there. We are taking the oppor- 
tunity of thanking them all on this occasion. Prof. Taraprosad 
Chatterjee of Victoria College, Coochbehar, deserves our special thanks 
in this connection. 


Calcutta, ] S. C. Ray Chowühury 
July, 1952 D. B. Sinha, 


PREFACE TO THE FOURTH EDITION 


A few additions and alterations here and there have been made 
throughout the volume. Several new diagrams have been added and 
some old ones have been changed. Salected questions from the 
Intermediate papers of Rajputana University, Madhya Bharat and 
Ajmer Board have been incorporated in this edition to make it more 
useful to the students of those Universities. 

We take this opportunity of expressing our gratitude to the nume- 
roug patrons of our book. 
Caleutta, } S. C. Ray Chowdhury 
July, 1953 D. B. Sinha. 


PREFACE TO THE SEVENTH EDITION 


Important changes, both in contents and arrangements, have been 
msde in Part IV (Light) snd Part VII (Current Electricity) of this 
volume. Interesting questions from recent examination papers of the 
various Universities in India have been also incorporated. 


Calcutta, August, 1918. D. B. Sinba, 
PREFACE TO THE NINTH EDITION 


All worked-out sums and answers to exercises have been checked 
up again. Except for minor changes here and there the text remains 
the same To meet the syllabus requirements of the Bihar and U, P. 
Universities some additions] topics have been included which will b» 
found in the Appendix. 


Oaleutía, 
June, 1962. D B Sinhs. 


PREFACE TO THE FIFTEENTH EDITION 


Ia this edition, the book has again been tried to be thoroughly 
revised and checked up. To meet the syllabus requirements of the 
Orissa, Bihar, U. P. and Assam Universities, a number of new additions 
and alternative treatments of some existing topic: supported by 
suitable diagrams have been introduced to make the book more useful. 
Some additional matters for Vol I of this book, meant for the above 
Universities have also been included which will be found in the 
Appendix, 

Take this opportunity to record here our indebtedness and sincere 
thanks to Dr. R, K. Mitra of the institute of Radio Physics and 
Electronics, University of Calcutta, for the most valuable help he 
rendered in the revision work. 


Calcuttas, April, 1974 Publishers 
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PART IV 


LIGHT 


CHAPTER I 
Fundamentals : Rectilinear Propagation : Photometry 


1. Light :—Our knowledge of the various objects in this world 
and of the different phenomena that occur in nature isderived from 
the impressions they produce upon our senses. The eye is the 
sense-organ which enables us to see the objects around us. Though 
there is no visible link between our eyes and the objects, still from 
the objects something reaches our eyes which creates the sensation 
of vision. This something which enables us to see the objects 
around us is known as light. Light is therefore, the external cause 
of the sensation of sight. It isa form of radiant energy to which 
our eyes are sensitive. 

The branch of Physics which deals with the phenomena of light 
is known as Optics. The subject of Optics is divided into two 
parts-— r 

(a) Geometrical Optics.—Here the formation of images is 
explained in accordance with certain observed laws purely by 
geometrical methods without entering into any theory regarding 
the nature of light. The law of rectilinear propagation, the law 
of reflection, the law of refraction, and the Fermat’s principle are 
the fundamental laws on which this branch of Optics is founded. 


(b) Physical Optics.—It deals with the theories regarding the 
nature and propagation of light and explains the experimental 
facts with the help of those theories. The phenomena of inter- 
ference, diffraction, polarisation, etc. come under this head. 


2. (i) Light is Energy :—Light is a form of energy and it obeys 
the law of conservation of energy. Like all other forms of energy, 
light is also indestructible and can be transformed into different 
forms of energy, such as, mechanical, chemical, electrical, etc. peat 
can also be derived from any other form of energy. 

(a) Light energy and Mechanical energy.—The production of 
fire by the rubbing of two pieces of stone, or by pressing a piece of 
metal against a rotating stone wheel, is an example of how mecha- 
nical energy can be first converted into heat energy, which is then 
transformed into light energy. The reverse process, where light is 
transformed into mechanical energy, can be found inthe fact that 
when light falls on a surface it exerts pressure on the latter. In 
1900 Lebédew actually made a thin vane rotate by this mechanical 
pressure. 

(b) Light energy and Chemical energy.—The burning of a 
candle, of a gas in the case of an incandescent gas lamp, etc. are 
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examples where the substances combine chemically with the oxygen 
of the air, and the energy of the chemical combination is transfor- 
med into heat and light, 

The reverse phenomenon, when light energy is transformed into 
chemical energy, occurs in ordinary photographic plates where 
chemical.decomposition takes place of certain silver salts when 
exposed to light. The changes so produced are then developed by 
chemical treatment to reveal the picture. 


(c) Light energy and Electrical energy.— Modern | electrical 
glow lamps are examples which illustrate how electrical energy is 
transformed first into heat and then into light energy. 

Light energy can also be converted into electrical energy. It 
has been found that electrons are readily emitted by certain metals, 
e.g. potassium, caesium, etc., when light falls on them. This pro- 
perty of the above photo-sensitive metals has been utilised to 
produce currents by Photo-cells, which are extensively used in 
modern ‘talkies’ and ‘television’ (vide Ch. X, Part VII, for the 
production of electric current), 

(ii) Light is Invisible.—Light is itself invisible. But it makes 
things visible to us. Light as such is not seen, but the objects 
around are seen with the help of light. The track of a beam of 
sunlight entering through any slit into a dust-free room cannot be 
visualised, but when dust particles are scattered in the path of the 
beam, the track becomes noticeable. The light falls on the - parti- 
cles, which are then seen by an observing eye by the light scattered 
by the particles, 

3. Some Definitions :— 


Ray.—A ray of light is the path along which the light travels. 
Rays are invisible. They travel straight in the same homogeneous 
medium and can thus be represented by straight lines with arrow 
heads which indicate the direction of travel of the light. 

Beam : Pencil.—A collection of adjacent rays along a definite 
direction is called a beam. A narrow beam is called a pencil of 
light. A ray is single and a beam is a bundle of rays. 


Parallel A beam of light may b* 
ERPATS Cony, que (a) parallel, (b) convergent, 
Bing owe or (c) divergent (Fig, 1). 


Parallel Beam.— A beam 
is said to be parallel when 
the rays making the beam 

L are parallel to each other, 

ie., when the rays do not 

Fig. 1 meet each other if produced 

backward or forward. When light comes from a source placed at 

avery large distance, the adjacent rays are nearly parallel. For 
this reason, the sun’s rays are taken to be parallel. 


. 
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Convergent Beam.—When the rays making a beam are directed 
towards a point, i.e. when in the forward direction the mutual dis- 
tance between the rays decreases gradually and progressively, the 
beam is said to be convergent. 


Divergent Beam.— When tbe rays making ja beam originate from 
a point and diverge out, i.e, when the mutual distance between the 
rays increases gradually and progressively as the light travels for- 
ward the beam is divergent. The rays from any point of a source 
oflight spread out in all directions in the form of a divergent 
pencil. 

The point F (Fig. 1) of convergence or divergence of a pencil of 
rays is called its focus, and the central ray of the pencil is usually 
referred to as the axial ray. 

A substance, or any portion of space through which light can 
pass, is called an optical medium, or simply medium, 

A medium is called isotropic or homogeneous when it has the 
same optical property everywhere ; and a medium having different 
optical properties at different points or regions is called hetero- 
geneous. 

Luminous and Non-luminous Bodies.—All bodies around us are 
either luminous or non-luminous. A body is said to be self-lumi- 
nous or simply luminous, if it itself emits light. It may be used as 
a source of light. The sun, a burning candle, burning coal, etc, are 
luminous. A non-luminous body is that which cannot emit any 
light by itself. It becomes visible by means of light which it recéives 
from other luminous bodies. Most bodies around us are non- 
luminous, e.g., wood, stone, paper, water, etc. The moon is also 
non-luminous. It is seen by us by the solar rays scattered by it. 

Non-luminous bodies may be transparent, translucent, or 
opaque. WM 

"Transparent bodies are those through which light can pass with 
only negligible absorption and, as such, an object can be seen dis- 
tinctly through them e.g. glass, air, etc, 


Translucent bodies are those which allow a part ofthe light 
incident on them to pass through and scatter or absorb the rest. 
Through them other bodies can be seen but not so distinctly as in 
the case of transparent bodies. Greased or oiled paper, ground 
glass, waxed paper, etc. are translucent. 

Opaque bodies are those which do not allow any light to pass 
through them and so no object can be seen through them, e.g. 
stone, wood, etc. i 

The difference between transparent and opaque bodies is often 
a question of thickness. Thus a thin leaf of silver can transmit 
some light, but a thick slab of silver is opaque. Though water is 

_ transparent, an object at a great depth of water cannot be seen. 

Visibility of an object.—For us to see any point of an object, 

some rays from the point must reach theeye. In the case of a 
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luminous body, rays diverge out from each point of it in all possi- 
ble directions and some of them reaching the eye makes the point 
visible. But a non-luminous body, in order to be visible, must 
receive light from other sources of light, some of the incident light 
being scattered by it. Any point of the body will be seen, if some 
of the rays from the scattering point reach the observing eye. 


4. Rectilinear Propagation of light :—In a homogeneous trans- 
parent medium light travels in straight lines. In other words, pro- 
pagation of light is rectilinear. 


Expt.—To show that light travels in straight lines, take two 
cardboard screens A and B 


c (Fig. 2) and make a small pin- 
Dur Pe Se eee ea LÀ hole in each. Place a candle 
| JE flame C and the two screens 


in such a way that the two 
holes A and B and the middle 
Fig. 2 of the flame are in the same 


straight line. Now, placing the eye E behind the screen B in the 
same straight line, the flame will be visible. If, however, any of 
the screens is displaced, the light is immediately cut off. 

The most common illustrations of the rectilinear propagation 
of light are, (1) the formation of shadows, and (2) the formation 
of inverted images by a pin-hole. 


5. Shadow:—When an opaque body is placed in front of a 
source of light, the rays in that direction are intercepted and conse- 
quently the space behind the body, where light cannot enter, is in 
darkness. The boundary of this darkness, formed on a screen held 
behind the body, is a geometrical form and is called the shadow of 
the body. Thus a shadow is a consequence of the rectilinear pro- 
pagation of light. Formation of shadows is possible, because light 
cannot bend round the corners of an opaque body, as sound can. 

Different Cases of Shadow Formation— ~ 


(i) Point Source and Extended Obstacle.—Let L (Fig. 3) be a 
pointsource in front of which a spherical opaque object AB is 
placed and S,a screen held 
behind AB. Let LA and LB be 
two tangents drawn from Lto 
the spherical body, and let 
LAand LB meet the screenat 
A’ and B' respectively. If 
light travels in straight lines 
in an isotropic medium (e.g. 
air) the cone of light ALB 
will be intercepted -by the Fig. 3 
body AB. The projection of this cone on the screen S will bea 
circular plate of darkness A'B’, which, therefore, is the shadow of 
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AB. The shadow, in this case, is a diverging one, for it increases 
in area as the screen S is shifted to greater and greatet distances. 


(ii) Extended Source smaller than the Obstacle.—Let $ be a 
source smaller than the opaque spherical object G (obstacle) behind 
which the screem DA is placed (Fig. 4). The extended source S 
may be regarded as a collection or assemblage of point sources 
only. . Two extreme points (at the ends of diameter) are taken on 
the source S, corresponding to each one of which a cone of light 
is stopped by the obstacle G. Thus the area limited by C and A 
on the screen does not receive any light from one of the points 
referred to above, and again the area limited by D and B does not 
get any light from the other point. , 

The area, limited between D and A, generally known as the 
shadow, is not uniformly dark everywhere. The nature of shadow 
will be a circular plate of complete darkness of diameter CB 
surrounded by a less dark ring of internal diameter CB and 
external diameter DA. Thus the circular area of diameter CB 
does not receive any light from either of the 
two extreme points of the source, i.e. it does 
not receive any light from any point of the 
source at all and is, therefore, completely 
dark. This region is called the umbra of 
the shadow. No part of the source can be 
seen from any point within this umbral 
cone. The area of the ring limited between 
the internal diameter CB and the external 
diameter DA is under a different condition. Fig. 4—Umbra and 
Such areas receive light from some parts of Penumbra, 
the source but do not get light from the other parts. These areas, 
are, therefore, partially dark or partially lightened. From such 
regions, some parts of the source can be seen while the other parts 
are invisible, Such regions are called penumbra, The umbra and 
the penumbra in this case increase or decrease as the distance of 
the screen from the obstacle increases or decreases, ie. they are 
diverging in character. 

Umbra and Penumbra.- Umbra is that portion of the shadow 
of an object which is completely 
dark and from which no part of 
the source of light is visible. 
Penumbra is that portion of.the 
shadow which is only partially 
dark and from which some 
parts of the source are visible, 


(iii) Extended Source 
larger than the Obstac le.—Let 
Fig. 5 S be the source, G the obstacle 
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and DA the screen (Fig. 5); By considering two extreme points 
(at the end of a diameter) on the source, it will be found that the 
two divergent cones of light from them, which, are intercepted by 
the obstacle G, produce the umbra CB and the penumbra CD and 
BA. The penumbra is divergent, but the umbra, convergent. If 
the screen is shifted away from the obstacle, the umbra pro- 
gressively reduces in size and finally, when the screen is at apex of 
the umbral cone, the umbra reduces to a point. After the crossing 
of the apex when the screen is at D,A,, an area C,B, is found 
which is not at all in shadow but is lighted. 1f an observer looks 
to the source from such a region, the middle portion of the source 
will not. be seen due to the obstacle G but the peripheral portion 
(outer portion) of the source will be visible. 


6. Eclipses :— When the shadow of one celestial body falls on 
another, an eclipse occurs. The lunar eclipse and the solar eclipse, 
which we sometimes observe, are natural instances which illustrate 
this truth. The shadow formation being a result of the rectilinear 
propagation of light, the phenomena of eclipses establish the truth 
of the rectilinear propagation of light generally. 


To understand the solar and the lunar eclipses it is well to 
remember that the sun is a very large luminous source round which 
the earth moves in its orbit with a definite periodic time, while the 
moon moves round the earth, in an orbit inclined at an angle of 
about 5 degrees with respect to the orbit of the earth, in a definite 
period of its own. 


Lunar Eclipse.— It occurs during the full moon period, i.e. when 
the earth lies between the sun and the moon (Fig. 6). As the sun is 
larger than the earth (which 
acts as an obstacle), umbra 
and penumbra will be pro- 
duced, as shown in Fig. 5, 
where the umbra is converging. 
The size of the earth is such 
that apex O of the umbral 
cone is always well beyond the 
moon’s orbit. When the moon, 
in course of its rotation round 
the earth, passes completely into the umbra of the earth's shadow, 
the moon is totally out of view from the earth’s surface, and thé 
phenomenon is called the total eclipse of the moon. If the moon 
is partly in the umbra and partly in the penumbra, as is depicted 
in Fig. 6, the eclipse observed is partial. Before an eclipse starts, 
there should be a period of diminished brightness for the moon; 
for, preceding an eclipse, the moon has to pass through the pen- 
umbral region when it does not get light from all parts of the sun. 
Again, when it emerges out from the state of total eclipse, it does 


Fig. 6—Lunar Eclipse. 
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not at once attain its full brightness, for it has to cross the pen- 
umbral region where it does not get light from all parts of the sun. 
The lunar eclipse does not occur at every full moon, because the 
shadow of the earth is not always formed on the moon, the orbit 
of the moon being inclined to that of the earth by about 5 degrees, 


Solar Eclipse.—It occurs during the new moon period, i.e. when 
the moon lies between the sun and the earth (Fig. 7), The moon 
acts as an obstacle and, as it is very small compared to the sun, the 
umbra produced is too much con- A 
vergent. The umbralcone is cut 
by the surface of the earth at some 
position a little earlier than the 
apex. A small portion CB of the 
earth's surface, by which the um- 
bral cone is intercepted by the 
earth, is in complete darkness 
though facing the sun. To the 
people in this area, the sun will Fig. 7-—Solar Eclipse. 
be completely out of view and for them it will be a case of total 
eclipse of the sun. To the people of the penumbral zones like CD 
and BA, round the zone BC of total eclipse, the sun will be only 
partially in view and for them it will be a case of partial eclipse 
ofthe sun. The nature of the partial eclipse will depend on the 
position of the observer, 

The umbral and penumbral cones do not touch the earth's 
surface at every new moon, because (i) the plane of the moon's 
orbit is inclined to that of the earth by about 5 degrees, and (ii) the 
distances of the earth from the sun and the moon vary and conse- 
quently the earth often goes too much beyond the umbral cone. 
So the solar eclipse does not occur at every new moon, 


Annular Eclipse of the Sun.—If the earth is placed a little 
beyond the apex of the umbral cone of the moon during the new 


Fig. 7(4)—Annular Eclipse of the Sun. 


moon period, which of course, is not a frequent event, an observer 
P [Fig. 7(a)], lying within the geometrical prolongation of the 
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umbral cone limited by C and B, will only see the outer ring of the 
sun's disc round the central part GH which will be in complete 
darkness due to intervention of the moon. Such a phenomenon is 
called the annular eclipse of the sun. . 


Eclipse of a Satellite.—The other planets of the solar system 
have their own satellites, which revolve round them just as the 
moon, which is the satellite of the earth, revolves round the earth. 
When in course of its motion a satellite enters into the shadow 
cone of the planet, an eclipse occurs. It will be found in Chapter 
VIII that Róemer determined in 1676 the velocity of light from a 
study of the eclipses of the innermost satellite of the planet 
Jupiter. 


7. The Pin-hole Camera :— This is another interesting appli- 
cation of the rectilinear propagation of light. It consists of a 
rectangular box EFGH (Fig. 8) having a hole O of the size of a pin 
prick in the front wall and a ground glass screen FG at the back. 
The interior of the box, exceptthe screen FG, is preferably painted 
black to avoid internal reflections. Consider a luminous object AB. 
Light is emitted from every point of the object in all directions. 
A Of this, a narrow pencil of rays 
passes through the aperture O 
of the camera and produces on 
the ground glass screen, placed 
at FG,a small patch of light 
B,A,, which is the image of 
the object. On the screen, A, 
is the image of a point A and 
B, that of the point B, assum- 
ing light to travel in straight lines in the same medium. Thus an 
inverted image is obtained on the screen. The inversion of the 
image, which has been possible due to the rays proceeding straight 
and cutting each other at the pin-hole, establishes the truth of 
rectilinear propagation of light. The size of the image is directly 
proportional to the distance of the screen from the aperture for, 


Fig. 8—Pin-hole Camera. 


AB . distance of object from the pin-hole . 
A,B, distance of image from the pin-hole, 


Effect of Enlargement of the Hole.—By making the aperture 
larger, a bright image is obtained, but it becomes blurred ; and if 
the aperture is made very large, then, instead of any image being 
formed on the screen, only a general illumination on a portion of 
the screen will be produced. For, a large aperture may be consi- 
dered to be made up of a number of small apertures, due to each 
of which an image is formed on the screen ; by the overlapping of 
these images the boundary of the resultant image formed becomes 
blurred and no distinct image is visible. 


Sometimes round or oval patches of sunlight are formed on the 
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wallofa room. They are nothing but images of the sun formed 
by rays which enter into the room through small holes or apertures 
in the opposite wall. 

A photograph may be taken with the help of a pin-hole camera 
by substituting a photographic plate for the screen, but the size of 
the aperture being small, a much longer exposure will be required 
than with the usual lens-camera. The similarity of the photograph 
in every detail of the picture with corresponding positions of the 
object, is also a result of the rectilinear propagation of light. 


8. Radiant Energy and its Nature :— The radiations emitted by 
a hot body are composite in character and they have varied 
properties. The appropriate radiations among them exhibit effects 
like heat effect, light effect, chemical effect, and so on. But these 
radiations, whatever might be their individual effect, have the 
same fundamental form. As far as our present knowledge goes, 
the form has, however, dual aspects. In a class of phenomena, 
the radiations behave as waves while in others they behave as 
particles. These waves are transverse electro-magnetic waves, 
The different effects, heating, lighting, chemical, etc. depend on the 
wavelength. Very long waves (having wavelengths between 25,000 
to 5 metres) are suitable for wireless transmission, shorter waves 
(0°04 cm. to 00008 mm.) give radiant heat or light , still shorter 
waves, namely, the ultra-violet waves, exhibit chemical effects, and 
so on. Besides this similarity as waves, radiant energy whether in 
the form of heat, or light, travels in vacuum at thesame speed, 
namely at 186,000 miles per second, the speed being slightly less 
in material media. 

It is generally believed now-a-days that as wavelength diminis- 
hes, radiant energy takes on more and more particle-like behaviour. 

A beginner need not, however, go into such enquiries. It is 
well enough for him to look upon light as a form of transverse 
wave-motion. A medium is necessary for such waves to be set up 
and propagated. The medium must have some essential properties. 
Huygens assumed the existence of such a medium and called it 
ether (also written as eather). It pervades all space, whether a 
vacuum or a solid, liquid, or gas. The existence of ether has been 
neither proved nor disproved. But the idea remains a grand one 
and is very convenient for the beginners. 

In the radiant energy emitted by a hot body a portion only is 
in the form of light. 

Light is, therefore, defined as that part of energy radiated from 
a body which produces the sensation of vision upon the human eye. 

With increase of temperature, the proportion of radiant energy 
emitted from a body increases, and at the same time the wave- 


length of the shortest wave emitted diminishes. The ratio, 
energy radiated in the form of light 
total energy radiated by the body 
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is known as the luminous efficiency of radiation by the body. The 
]uminous efficiency, therefore, should increase with increase of tem- 
perature of the body, as the short waves which excite vision also 
increase, But this efficiency attains a maximum value when the 
temperature is such that the shortest wavelength emitted is 0:0004. 
mm., the limiting wavelength for vision ; for, a further increase of 
temperature only increases the total energy radiated , without 
increasing the percentage of light. We know of no source of light 
for which the luminous efficiency is cent per cent. 


In connection with radiant bodies, terms like red-hot, white-hot, 
etc, are often used. Their meanings are quite simple. As already 
pointed out, one should remember that of the radiations emitted by 
a body only a limited range of wavelengths (red rays to violet rays) 
excite the human eye. The radiations emitted by a body are in the 
form of heat rays only and have no light effect, as long as the 
temperature is below that at which it becomes red-hot. A body is 
red-hot when its temperature is such that it begins to emit red-rays 
in addition to the heat-rays and these red-rays reaching the eye of 
an observer make the body look red-hot to him. As the tempera- 
ture increases further, waves of smaller wavelengths are produced 
more and more and the appearance of the colour of the body 
changes. At quite high temperature, the whole range of wave- 
lengths of the visible region, from red to violet, is emitted and 
their combined effect on the eye is that the body looks white-hot. 


Fora body to act as a source of light, its temperature should 
be generally high. The sun which is a huge mass of incandescent 
matter is at a very high temperature and forms the source of all 
natural light available to us. = 


9. Some Photometric Definitions :— 


Unit Solid Angle.—In a sphere of radius r, the angle subten- 
ded by an area, r°, on its surface, at the centre of the sphere is 
called an unit solid angle, 


Obviously, the. solid angle subtended at the centre of this 
sphere, by an area 4, on thesurface, iso =Aj/r?. If the total surface 
of the sphere is A, then the total solid angle subtended by it at the 
centre, o — 4zr?|r? 47 ; because the surface of a sphere=4ar*. 


Luminous Flux. — 


We have noted above that only a small portion of the total 
energy radiated by a body is capable of producing visual sensation. 
If we can evaulate an amount of energy in terms of its capacity to 
produce visual sensation, we would obtain what is termed the 
luminous flux which is the light equivalent of the radiant flux 
The basis of the evaluation is an. internationally agreed set of 
values. ` So the ‘luminous flux’ may be defined as the light equivo- 
lent of energy radiated per second. 
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Luminous Intensity.— 


: If a body is a luminous source, it would appear as more or less 
intense according as it emits more or less luminous flux. A con- 
venient measure of this property is the amount of luminous flux 
radiated by the body per unit solid angle. If the body is an 
extended one, this property would depend ‘also on the direction of 
flow of the luminous flux. So in specifying the light-giving pro- 
perty of a body there must be a reference to the direction of the 
flow of the radiated flux. The term ‘luminous intensity in a parti- 
cular direction’ is used to convey the above meaning and is defined 
as the amount of luminous flux given out by a body per unit solid 
angle in that direction. The above definition applies equally to 
. self-luminous or non-lumihous bodies. Formerly, the expressions 
‘illuminating power’ or ‘intensity of emission’ of a source were used 
to mean what is described above as luminous intensity. 


If Q is the amount of luminous !flux emitted by a body unifor- 


Q 


mly in all directions its luminous intensity in any direction is T 
m 
since 4x is the total solid angle around the body. 


Illumination.— 


Ifa hollow sphere of radius r encloses a source of light at its 
centre, the amount of luminous flux falling per unit area of the 


internal surface of the sphere will be à where Q=total flux 


emitted by the sourge. This quantity represents the illumination of 
a surface which may thus be defined as the amount of luminous flux 
incident on unit area of a surface, the area being placed normally to 


the direction of flow of the flux. 

Previously the practice was to use the term intensity of illumina- 
tion to mean the above but now-a-days only ‘illumination’ is used 
to mean the same thing, the purpose being to avoid confusion with 
and to differentiate from the other term ‘luminous intensity’. 

Sometimes the term ‘brightness’ is used to mean the same pro- 
perty as ‘illumination’. The modern practice, however, is to 
restrict the use of the term ‘brightness’ to only those cases of mea- 
surements where the subjective impressions which the illumination 
produces are also taken into consideration, 

10, Difference between luminous intensity and illumination :— 
The essential difference between ‘luminous intensity’ and ‘illumi- 
nation at a surface’ is that the former refers to a source and is 
measured by the emitted flux per unit solid angle of it while the 
latter is the incident light flux per unit area of a receiving surface, 


11, Laws of Illumination :—From the above definitions of 
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illumination the two important laws of illumination given below 
follow directly. 


(i) The Law of inverse Squares :— When illumination on a 
surface is due to normal incidence of rays, its variation with 
distance is given by this law. 


Let S (Fig. 9) denotes a point source of light placed at the 
centre of a hollow sphere A of radius z}, and B, a concentric hollow 
sphere of radius r, by which the sphere A may be replaced. 


Let us successively consider the illumination of the internal 
surfaces of each of the two spheres, A and B, due to the same 
source S. If Q is the total flux emitted 
by S, the illumination of the surface of. 


A will be, A= Ag and similarly that 
of B will be. I5—. 2. Nowif P is the 
Anr? 
luminous intensity of the source, then by 
definition, P= o 
4x 


Thus Times, and I= ite 
TS un 
Or, In: k= zu : A In other words, the illumination at a 
1 2 


point due to a source of light varies inversely as the square of the 
distance of the point from the source. This i$ often referred to as 
the law of inverse squares. 


(ii) Lambert’s Cosine law for Oblique Tllumination.— 


Thislaw is really derived from the definition of illumination, 
the ‘illumination’ being defined as the measure of the light flux 
incident on a unit area of the surface when this area receives the 
rays normally. 


inclined at an angle @ to the d 
direction of incidence of the ; 
light rays coming from a point 
source O be considered, then 
the illumination I’ on the 
surface (for oblique incidence 
of rays), the area S being Fig. 10 

small, will be given by 7-—0O'[S, where Q' is the flux contained 
within the ‘cone AOB. Now had the surface been normal to the 


If. therefore, a small plane surface AB (Fig. 10) of area S 
A 
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direction of incidence, the area receiving the same amount of flux 
Q' will be S cos 6 so that the illumination for normal incidence 
I will be given by, 


I1=Q'/S cos 6 
That is, I'—I cos 0. 


In other words, if a surface is inclined with respect to the 
direction of flow of flux by an angle 0, the illumination of the 
surface will be reduced in the ratio cos Ó : 1. This is Lambert's 
Cosine law of illumination. 


12. Units and Standards s— 


The three basic terms in photometry are luminous flux, luminous 
intensity and illumination. For measurement and comparison it is 
necessary to have a reference standard of at least one of these three 
quantities and also a suitable unit for it. In photometry, the 
primary standard maintained is that of "luminous intensity". To 
realise this standard practically various protoypes have been pro- 
posed and used up to now. They may be classified under two 
heads, (a) flame standards, and (b) temperature standards. 


(a) Flame Standards.— 


The following three flame standards are historically the most 
important. 


(i) The Standard Candle (ii) Vernon Harcourt Pentane Lamp 
and (iii) Hefner Standard Lamp. : 


(i) The Standard Candle.— 


It is a candle made of a spermacetic wax, $ inch in diameter 
weighing one-sixth of a pound and burning at the rate of 120 grains 
per hour, * 


The illuminating power (luminous intensity) of this candle in the 
horizontal direction was the old British standard for illuminating 
power and its illuminating power was called unit illuminating power 
and designated as one candle-power (C.P.. So the term candle- 
power, used almost universally in photometry, owes its name to the 


standard candle. 


Note.—This standard was subsequently found not to fulfil the requirements 
of a true standard, for its illuminating power was found to vary, though slightly, 
with factors such as, pressure, temperature, humidity, CO,-content of the air, 
the shape of the wick, etc. So it stands abolished to day as a standard though 
the name candle-power still remains to represent the luminous intensity of a 
light source. 
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(ii) Vernon Harcourt Pentane Lamp.— 


Supply pipe for pentane vapour This lamp superseded 
Chione y the old British stand- 
imney ] ghrinlet ard candle and is 


still used as the British 
standard, of luminous 
intensity, and until 
January, .1948, served 
also as the international 
standard. 

By this lamp (Fig. 
11)a flame is produced by 
burning the vapour of 
pentane oil (a light volatile 
oil derived from paraffin) 
and the lamp has ‘no 
wick in it. 

The illuminating 
power of other sources 
used to be referred to 
this lamp as a primary 
; Fig. 11—The V. H. Pentare Lamp. standard until January, 
~ 1948, and its illuminating power was taken as 10 c.p., for a flame 

of standard specifications. 

(iii) Hefner Standard Lamp.— 


This lamp (Fig. 12) is the German standard of illuminating 
power. A specially construc- ` 
ted wick of untwisted cotton 


is used in this lamp and the Flame~() 
fuel used is a pure grade of ; 

amyl acetate. When pro- Wick ee 
perly adjusted, the illumi- adjuster ` 

mating power of the flame, v 
reduced to standard condi- 
tions of pressure, humidity 
and CO,-content is one Hef- 
ner candle-power. One Hefner 
candle-power is equal to 0'9 
old British candle-power. Fig. 12—The Hefner Lamp. 

(b) Temperature. Standard.— 

This is the most recent standard and its working principle lies 
in the fact that a body at high temperature emits luminous flux. 
The luminous intensity of a source of freezing platinum constitutes 
this standard. This standard was introduced on January 1, 1948, 
by the Comité International des Poids et Measures, and is now the 
internationally accepted standard. 
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Units ! 


Unit of Luminous Intensity.— The modern unit for it is called 
the candela which is ,} of the luminous intensity of the new inter- 
national primary standard (freezing platinum). : 

If it is stated that luminous intensity of a source is 25 candelas, 
it means that the stated luminous intensity is 5 of the luminous 
intensity of the primary standard, 

[N.B.— Relation between ‘Candela’ and the old unit ‘candle- 
power. The primary standard has been found to have, a 
luminous intensity of about 59 units of the original candle-power 


per square centimetre of the source. Thus one candela equals 23 of 


one c.p. (original) ]. 

Depending on the design of a source, the luminous intensity of 
a source varies in different directions and so the following two 
terms have been found to be important in photometry from 
practical considerations. 


Mean Horizontal Candle-Power (M.H.C.P.) 


It is the average value of the luminous intensity (measured in 
candle-powers) of a source of light in all directions in the horizontal 
plane passing through the source of light. 

Mean Spherical Candle-Power (M.S.C.P.) 

It is the average value of the luminous intensity (measured in 
candle-powers) of a source of light in all directions round the 
source, and is therefore the same as the candle-power of an ideal 
source of light which radiates the same luminous flux uniformly in 
all directions. 

Unit of Luminous Flux.— It is called the Lumen which is defined 
as the amount of luminous flux emitted per unit solid angle by a 
source having a luminous intensity of one Candela. 

Thus the total flux emitted per second by a source of luminous 
intensity of 1 candela is 4% lumens. 

Unit of Illumination.— Here the unit is defined as that illumi- 
nation (previously called intensity of illumination) which is pro- 
duced on a surface of unit area placed normally to the direction of 
flux at a distance of unity from a source emitting one lumen of 
luminous flux. 

In the above definition, the unit is called one foot-candle if unit 
area is taken as one square foot and the unit distance as one foot. 
It is called a metre candle (or lux), if unit area is taken as one 
square metre and unit distance as one metre. It is called a centi- 
metre-candle (or phot) if unit area is taken as one square centimetre 
and unit distance as one centimetre, 
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Conversion Table 


1 metre-candle=1 Lux = | lumen per sq, metre. 

1 centimetre-candle=1 Phot =1 lumen per sq. cm. 
=10* lux. 

1 foot-candle=1 lumen per sg. ft. 210764 lux. 


So, Lumens=foot-candles x area in sq. ft. 
— metre-candles x area in sq. metres, 
=centimetre candles x area in sq. cms. 

- It may be noted that illumination on the earth surface due to 
the Full Moon is approximately equal to 1 foot-candle, and that 
due to the sun is 60,000 foot-candles. The average eye can see 
conveniently and without strain if the object it is looking at has an 
illumination of 3 to 6 foot-candles. 


13. Photometry.— The science of measurement of light is called 
photometry (Gk. photos, of light, metron, a measure) and the 
photometer is the instrument for doing the measurement. There 
are different types of photometers for different measurements. For 
the measurement of “luminous intensity" (called illuminating 
powers formerly) two simple photometers are described below. 


14. Photometers :— 


The Optical Bench,— It is a long and narrow bench, metallic or 
wooden, placed on stands having levelling screws by means of 
which the bed of the bench may be made truly horizontal (Fig. 13). 
A scale is attached to the bench or etched on it along its entire 
edge. On the bench there are some sliding carriages each provided 
with a.stand or upright which can hold an optical element such as 
a lens, mirror, slit or screen, Each carriage hason its front face 


Fig. 13—An Optical Bench. 
a vertical mark, called the index-mark which gives the position 
of the optical element the carriage holds, and the position of this ` 
optical element on the bench is determined by the reading of this 
mark against the scale. Any error made in the fixing of this mark 
introduces an error, called the index error in the determination of 
the position of the optical element concerned. 
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The Tndex error, for the distance between two optical elements 
mounted on the stands, is determined as follows: A thin rod, 
called the Index rod, whose length is accurately measured by 
means of a scale is held between the two objects parallel to the 
bench such that the ends just touch the two objects. Thus the real 
distance, say b, between the objects at those positions is equal to 
the length of the rod. Read the positions of the two index marks on 
the carriages concerned against the scale of the bench and hence 
find out the apparent distance, say b,, between the objects. So 
(ba —b,) is the index error, and the correction to be applied will 
be (b; —b,), to be added algebraically to the apparent distance. 
This error, and so the correction, will remain constant even if the 
distance between the objects is changed provided the objects always 
remain normal to the bench. 


(a) Rumford’s Photometer.—In this photometer an opaque rod 
C is vertically fixed in front of a ground glass screen S (Fig. 14). 
Two lights A and B whose illuminating powers are to be compared 
are placed in front of the rod, and their distances from the screen 
are so adjusted that the two shadows 4,, B,, which are formed side 
by side on the screen corresponding to them, are made equally 
dark, Both the shadows being equally dark, the intensity of 
illumination on the screen (i.e. in the position of the shadows) due 
to both the sources must be the same, 


For, the shadow cast by the rod cutting off rays from one source 
is illuminated by the 
other source, that is, 
the shadow of the 
candle A is illuminat- 
ed by. the gas lamp B, 
while the candle illu- 
minates the shadow 
corresponding to the 
gas lamp. 

If P, be theillumi- 
nating power of the 
candle and d, be the 
distance of the candle Fig. 14—Rumford’s Photometer. 
from the shadow cast Es 
by the gas lamp, P, be the illuminating power of the gas lamp and 
ds be its distance from the shadow cast by the candle then B 
intensity of illumination on EP due to the candle- P, /d,?, 
and th; as lamp=P2/d.*. 

at due to the g; p ora P, 


Since the intensities are equal, we have, dj dd ; OF, P; 
That is, the illuminating powers of the two sources of light are 


directly proportional to the squares of their distances from the 
Screen at the position of balance. 


Vol. II (L)—2 


duce 
d^ 
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(b) Bunsen's Grease-spot Photometer.—In this photometer 
(Fig. 15), on an optical bench EF the two sources of light, A and B, 
are placed on opposite sides of a white paper screen C. The 
screen C, called the photometer head, consists of a piece of white 
paper with a spot of grease or oil in the middle. The heights of 
the two sources of light and the grease-spot are so adjusted that 


Fig. 15—Bunsen's Photometer. 


their centres are on the same horizontal line. The grease-spot 
being more translucent than the rest of the paper allows more 
light to pass through it, and so, if the screen is illuminated by one 
of the sources only and observed from the same side, the spot sends 
back less light to the eye by reflection than the rest of the paper 
and so the spot appears darker than the rest of the paper. When the 
observer looks at it from the other side, i.e. by transmitted light, 
the spot appears brighter than the rest. The same thing happens in 
case only the other source is used. If now the screen is illuminated 
by both the sources, one from each side, and the distances of the 
two sources from the grease-spot are so adjusted that the'spot is 
made equally bright on either side, i.e., both sides look alike, the 
illumination at the screen due to both the sources is equal. If d, 
and d, be the distances of the two sources (having illuminating 
powers P, and P3) from screen, we have, 

P, ds? 


P, dj 
Even at the position of balance the grease-spot will be less bright 
than the rest of the photometer head.— When the intensities of 
illumination on the two surfaces of the spot are equal, each surface 
will lose by transmission to the other side and gain by transmission 
trom the other surface such quantities of light as will be identical 
in case of both the surfaces. So the condition of equal intensit 
will be the condition of equal brightness of the two surfaces, at 
this condition of equal brightness of two surfaces of the spot “each 
surface will however, be less bright than the rest of the white paper 
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of the screen. For, considering any one face, the light incident on 
the rest of the paper is almost wholly reflected, whereas, of the 
light incident on the greased portion the loss due to transmission to 
the other side will not be wholly compensated for by the light 
gained by transmission from the other side, because an appreciable 
portion of this transmitted light will be absorbed by the grease or 
oil. So, for each face of the screen, the quantity of light reaching 
the eye of the observer from the grease spot will be less than that 
from the rest of the white paper. That is why the grease-spot will 
be less bright than the rest of the paper. 


In other words, the position of the photometer head for equal 
illumination on either side will really be the case of equal contrast 
in illumination between the opaque and transparent portions of the 
screen, 


Improved Photometer Head.— In Bunsen’s photometer the 
screen with the grease-spot 
is often provided with two Grease spot screen 
plane mirrors inclined at 
equal angles on the two 
sides of it, so that an 
observer may see both the 
faces. of the grease-spot at 
the same time by reflection 
from the two mirrors as in 
Fig. 16, each face of the 
screen being looked at by 
one eye. This arrangement 
helps the observer in make- To the eye 
ing his judgment of equal Fig. 16 
illumination by observing 
both the surfaces simultaneously without movement of the eye. 


15. To verify the law of Inverse Squares with the help of the 
Bunsen's Photometer :—Take four candles (arranged close together) 
on one side and one candle on the other. Proceeding as suggested 
in the above experiment, it will be found that the row of four 
candles will require to be twice as far from the grease-spot as the 
single candle for equal illumination. 

m I E E 17 dy 

Then, we have, A ge ada. 

Similarly, if two electric bulbs of different candle-powers, say 
P, and P, (which are known), are fitted on the stands on the two 
sides of the spot and their positions adjusted for equal illumination 
of the spot, it will be found that the ratio of P, and P, satisfies the 

'ratio of the squares of their respective distances from the spot. 
The law is thus verified, 


- N 
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16. Mathematical Treatment of the Bunsen's Photometer :— 
Let qı» qo be the quantities of light falling per second on unit area 
of the screen C (Fig. 15) from the sources A and B respectively. 
Suppose ais the fraction of unit quantity of incident light diffusi- 
vely reflected from the greased portions of the screen. Then (1—a) 
will represent the fraction that should be transmitted. But, owing 
to the partial opacity of the spot, exactly this fraction will not be 
transmitted, Let K(1—4) be transmitted, where k is a constant, less 
than unity, depending on the power of absorption of light by the 
grease, 

Hence, the total quantity of light reaching the eye, on the side 
of the source A, from unit area of the greased surface=q, xa by 
reflection+q,k(1—a) by transmission. Similarly, the quantity of 
light reaching the eye on the other side=(q2 xa)+q,k(1—a). 

.. At the position of balance; we must have, 
9144+ q,K(1 - a)—q3a-t q,K(1— a). 
qiía- (l -ayj- qd. a- k(1 —a)}. 4 4,17 doe 

Considering the ungreased, portion of tbe screen, the same 
result may also be arrived at. The only difference in the two 
cases will be in the values of the constants a and k, and the total 
quantity of light reaching the eye on either side of the screen in 
this case will be greater. Therefore, at the position of balance, q, 
being equal to qa we have, 


q CREE P, where P,, P, are illuminating powers of 
11 d, as” 


the lamps, and d, and d, the respective distances of the lamps 
from the photometer head at the position of balance. 


17. Lummer-Brodhun Photometer :—The Lummer-Brodhun 
photometer is extensively used in accurate measurements on 
Photometry based on the visual observation. The attached figure 
(Fig. 17) shows an arrangement of the photometer. A is a screen 
of some pure white material like barium sulphate. The two 
surfaces of A are illuminated by two sources S, and S,, whose 
luminous intensities are to be compared. P, and P, are two 
isosceles right-angled prisms and D is a combination of two right- 
angled prisms which are in contact only in the central region of 
their bases with Canada balsam. The outer region of the bases are 
separated by a thin film of air. The whole arrangement is to be 
enclosed in a chamber blackened inside. T'is a telescope for recei- 
ving light from D through a window in the chamber. First let us 
suppose that the rays from S, only fall on the left face of A. 
They are then scattered from A and some of these scattered rays 
(1, 2, 3) fall on the prism P, and next on the left component of D. 
The rays 1 and 3 here get totally reflected at the glass-air interface 
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of the base but the ray 2 enters T directly without any deviation, 
Soin the telescope the central region becomes brighter and the 
outer portion comparatively darker. Again if we suppose that the 
rays from S, only fall on the right face of A. The scattered rays 
4, 5, 6, falling on P; get reflected therefrom and finally fall on D. 
The ray 5 passess out straight through the central region and the 
rays 4 and 6 are totally reflected from the outer region of the base 
of D. They are finally 
received by T. So in 
the telescope the cent- 
ral region is darker and 
the outer region appe- 
ars bright. Now if 
both S, and S are 
simultaneously effective 
and if ' their distances 
from A are properly 
adjusted, the illumina- 
tion at thecentral region 
which is purely due to 
the rays from the left 
face of A can be made 
exactly equal to that at 
the outer region which 
is contributed by the 
rays from the right face 
of A. When the match- 
ing is perfect the field of 
the telescope becomes Fig. 17 

uniformly illuminated. 

When such matching condition is attained the illuminations on both 
the faces of A are identical. Hence if J, and J, be the luminous 
intensities of S, and S, at distances rı and r, from A, then from 

2 
the principle of photometry it follows tate Di, Thus 7, and 
2 2 


I, can be compared. 


If the diffusing powers of the two faces of.4 are not 
the same, the result may be faulty. To comp eforthis A is 
rotated through 180° and the experiment repeated. THe, mean of 
two sets gives a more accurate result, T "aho N 


N \ 
is / : BS 
18. Notes on Photometers :—In Raiford’s photometer only one 
side of the screen is used for comparisdh, and so diffuse light co 
ingfrom sources oflight other than those compared, 
the shadows equally. Therefore, in this case;-a dark 


much necessary. N 
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In Bunsen's photometer, opposite sides of the screen are optically 
matched and these two sides may not be equally affected by 
diffuse light from other sources. So in this case a dark room is 
necessary. 


When comparing the illuminating powers of two lights 
by any of these photometers, it is assumed that light is radiated 
uniformly in all directions. This assumption, however, is not quite 
correct; i 


Most sources of light differ greatly in colour in consequence of 
which it becomes difficult with all types of photometers to compare 
the shadows produced by them. For instance, a candle or a gas 
flame gives yellowish light, and a metal filament is rich in bluish 
light. Due to this, the shadow cast by the candle will appear 
different from that cast by the filament lamp even when the inten- 
sities are matched. For this reason, in photometer experiments, 
the light to be compared should be of the same colour, 


When the lamps to be compared give lights of the same or 
similar celour, the Bunsen's photometer gives good results. Where 
greater accuracy is required, a Lummer-Brodhun photometer is 
used. If the colours of the two lights differ appreciably, a 
“Flicker photometer” should be used. 


19. Determination of Percentage of Light transmitted by a 
Glass Plate:—A Bunsen's photometer is set up as usual between 
two sources of light and the distances between the sources are 
adjusted until their illuminations are equal. The glass plate is 
then placed between the photometer and any of the two sources. 
So the illumination (as seen on the photometer screen) due to the 
source of light near the plate is diminished, and so it will be neces- 
sary to move this source towards the photometer in order to make 
the illuminations again equal. 


If d, be the initial distance of this source from the photometer 
and də the final distance when the glass plate is interposed, the 
intensity of illumination in the beginning is P/d,?, where P is the 
illuminating power of the source, while the final value is xP/d 49; 
where x is the fraction of light transmitted by the glass plate. The 
other source being at the same place as before, these illuminations 
are equal, that is, ` 


P _xP . do? 
RCRA ue 


Hence the percentage of light transmitted by the plate is 
100x=100d2?/d,?. 
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20. Count Rumford (1753—1814) :—Rumford's original name 
was Benjamin Thomson. He 
was a North American of Eng- 
lish origin. In Bavaria, the 
country of his adoption he was 
much loved by the people who 
gave him the title *Count Rum- 
ford". After the death of Carl 
Theodor, his chief patron, he 
left Bavaria for Paris where 
Napoleon Bonaparte received 
him with honour. He died at 
sixty-one, 


Amongst his manifold acti- 
vities of varied life, he remai- 
ned a scientific enquirer all 
through. His endeavours to 
discover the nature of heat led 
him to discover heat as a mode 
of motion, which was later con-. 
firmed by the work of Mayer Cou Rumford 
and Carnot. This he carried 
out in the munition workshop at Munich. A method of compen- 
sation for heat-loss in calorimetric experiments also goes by his 
name. 4 i 


EXAMPLES.—1. Two electric lamps of 64 and 16 candle-powers respec- 
tively are, placed 200 cms. apart. Where would you place a screen on 
the line joining them in order that it may be equally illuminated by each 
of them ? (Pat. 1929) 


Ans. Let cm. be the distance of the screen from 16 c.p. lamp. Then. 
its distance from the 64 c.p. lamp is (200—2) cms. Now for equal 


illumination on the screen, we have, B= pa whence 3x? 4-4002 — 40000 « 0, 
3^ (200—z 
1,e,2—66:6cms ; or —2/0 cms. 


This means that there are two possible positions for the screen: 
(1) 66-6 cms. from the 16 c.p. lamp, and (200—66-6) cms. or 133-4 ems. 
from the 64 c.p. lamp ; (2) 200 ems. to the left of the 16 c.p. lamp on 
the line joining the two and 400 ems. from the 64 c.p. lamp. The former 
corresponds to the Bunsen's photometer, while the latter to Rumford’s 


photometer. 


2. In a grease-spot (Bunsen) photometer, light from a lamp with a 
dirty chimney is exactly balanced by that of a candle distant 10 cms. from 
the spot. When the chimney is cleaned the candle has to be shifted by 
2fems. to obtain a balance. Calculate the percentage of light absorbed 

y the dirty chimney. (Pat, 1931: cf. All. 1924) 


ns. Let P, be the illuminating power of the lamp with the dirty 
chimney, P: that with the clean chimney, and di the distance of the lamp 
from the grease-spot. Then, we have, P:/dé—1/10* — .. Sea) 


24 INTERMEDIATE PHYSICS 


Next, the distance of the candle becomes (10—2) ems. when the 


_ chimney is cleaned. Hence, we have, P2/d:?=1/8? .. on 43 
Euer pat. 
From (I) and (2), p: 71917 1003 SOR 
i n 64 36 E 
Hence the.dirty chimney absorbs ( T00) or, 307 of the total light. So 


the percentage of the light absorbed = 76, x 160= 36%. 


8. A photographic print, is found to be satisfactory when the exposure 
was for 15 seconds at a distance of 2 feet from a 16 candle-power lamp. 
At what distance must the same paper be held from a 32 candle-power 
lamp in order that an exposure of 20 seconds will give the same result ? 

(Pat. 1928; Del. U. 1938) 


Ans. The amount of the light falling perpendicularly upon unit area 
of the photographie plate in one second, ie. the intensity of illumination 
at a distance of 2 feet from the 16 c.p. lamp=16/2°; hence the amount 
of light falling in 15 seconds=16/2? 15. 

Again, if the paper be held at a distance d feet from the 32 c.p. lamp, 
the amount falling in 20 seconds—32/d* x 20. 

In order that the result in both the cases be equal, 32/d*x 20 
—16/2*x 15—60. 
qo39:x20 32, 

60° 3 1 

4. A book is to be read from a distance of 5 ft. from an electric lamp, 
for which the best intensity of illumination is taken to be 5 ft.-candles. 
Assuming 20% of the light reaching the book does so by reflection at the 
ceiling and walls, calculate the candle-power of the lamp which should 
be used for the purpose. 

Ans. Direct rays from the lamp reaching the book provide 80% of 


the light, whose intensity of illumination= S it-candles= 4 ft.-candles. 


or, whence d a 327 ft. 


If x be the candle-power of the lamp required, the intensity of 
illumination at a distance of 5 fts ft.-candles. .'. $^ That is z—100 c.p. 
Hence a 100 c.p. lamp will be required. 


5. A standard candle and a gas flame are placed 6 ft. apart, the 
gas flames being of 4 candle-power. Where must a screen be placed om 
the line joining the candle and the gas flame so that it may be equally 
illuminated ? 

(C. U. 1931) 

Ans. Let d ft. be the distance of the screen from the standard candle 
and (6—d) ft. the distance from the candle-power source. For equal 


illumination on the screen due to both the sources, we have, (ecd 
whence, d*--4d—12€0; ie. d—2; or, —6. 


This shows that there are two possible positions for the screen; 
(1) 2 ft. from the standard candle and 4 ft. from the gas flame ; (2) 6 ft. 
to the left of the standard candle on the line joining the two and 12 ft. 
from the gas flame. 


6. In the Rumford's photometer the screen is at distance of 100 ems. 
and 64 cms. respectively from a gas burner and a candle when the illu- 
mination due to the gas burner is matched to the extent of a quarter 
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only by the illumination due to the candle. Find the candle-power of 

the gas burner. (Pat, 1930) 
Ans. The intensity of illumination on the sereen due to the 

candle—1/64* and that due to the gas burner—G/100*, where the candle 

is of 1 c.p. and the gas burner is of G c.p. 

1 


r me eB i: 1,6 
According to the condition given in the example, alos] "ar" 
4% 10x 100 à " 
or, eee =9'76 c.p. That is, the gas burner is of 976 


candle-power. 


Questions 


1. Distinguish between Umbra and Penumbra. Indicate the forma- 
tion of Umbra and Penumbra due to a spherical obstacle, when the source 
of light is a luminous sphere, (a) when the latter is larger than the 
obstacle, (b) when it is smaller, and (c) when the spheres are equal. 

(C. U. 1918, '29, '50) 

2. The diameter of the sun being taken as 910° miles, and its 
distance from the earth 910° miles, and the diameter of the moon 
2,100 miles, find the distance of the earth from the moon at the time of 
a solar eclipse when the eclipse is total only at a single point on the earth. 
Also, find the diameter of the area on the earth within which, the eclipse 
is total when the distance of the moon from the earth is 2,09,000 miles. 
The earth is assumed flat for this purpose. (G. U. 1957) 

[Ans.: 2,10,000 miles; 10 miles.] 

3. A small opaque sphere is placed between a large luminous sphere 
and a white screen. Explain with the help of a diagram, the changes 
in the appearance presented by the shadow of the small sphere as the 
Screen is brought up from a distance. (Pat. 1948) 


4. What is the effect of (a) enlarging the hole of a pin-hole camera, 
(b) doubling the distance from the small hole to the sensitised plate or 
translucent screen ? (Pat. 1931; C. U. 1930, '53) 


5. A solar eclipse can be watched if a beam of sun-light is allowed 
to enter a room through a very fine hole, but it is a failure when the hole 
is big. Explain this. ' (Pat. 1932) 


, 6. Explain carefully, with the aid of diagrams, what happens to the 
image in a pin-hole camera— 
(a) when the camera is made longer ? 
(b) when the pin-hole is square instead of round, and 
(c) when the pin-hole is gradually increased in size ; 
what are the advantages and drawbacks of such a camera 1 
. ‘A’ pin-hole camera consists of a box blackened on the inside. The 
distance from the pin-hole to the plate is 8 in. How far from a tree, 
20 feet high, must the operator stand to get the whole tree in the picture, 
if the vertical dimension of the plate is 6 in. ? (G. U. 1949) 
[Ans,: 80/3 ft.] 
. ". What do you mean by the intensity of illumination and illuminat- 
ing power? (G: U. 1949 ; Dac. 1932 ; cf. C. U. 1947, '49, *57 ; Utkal, 1950) 
State the relation between them. (C. U. 1949) 
. 8. Distinguish between ‘illuminating power’ and ‘intensity of illumina- 
tion Which of the two do you determine with a photometer ? Describe 
the use of any one kind of photometer. (C. U. 1951) 


26 INTERMEDIATE PHYSICS 


9. What is meant by the intensity of illumination at a point? How 
would you verify the laws governing this intensity ? 
(Pat. 1926, '86, '37 ; cf. C. U. 1931) 


10. A draftsman's table, which can be rotated about a horizontal axis 
passing through its centre, is illuminated by a small 100 candle-power 
lamp suspended vertically above the centre of the table at a distance 
of 4 ft. Find the reduction of the intensity of illumination at the centre 
of the table when it is tilted from the horizontal position saone dU. : 

(C. U. 1957 


LAms.: 18-49] 

11. Two lamps of 10 and 20 c.p. respectively are placed 100 ems. 
apart. Show that there are two positions on the line through the lamps 
in which a screen may be placed so as to receive equal illumination 
from each. 

12. Explain the principle of a grease-spot photometer. What is 
meant by candle power ? (G. U. 1928, '47 ; cf. Dac. 1943) 


13. A 10 c.p. lamp is placed one metre from a surface. At what 
distance must a gas flame of 18 c.p. be placed so as to produce an equal 
illumination of the surface? (C. U. 1928) 

[Ans.: 1-34 metres] 

14. How would you compare the illuminating powers of two sources 
of light ? à 

(G. U. 1949; All. 1931; C. U. 1957 ; Utkal, 1947; cf. Del. U. 1940) 

There are two electric lamps directly above a table; one of 32 ep. 
is at a height of 4 feet and the other of 50 c.p. at a height of 10 feet. 
Compare the illuminations of the table when both lamps are alternately 
burning. $ (All. 1931) 

[Ans.: h Tes A 

15. Two sources of light whose candle-powers are in the proportion 
of 2 : 1 are 2 metres apart. At what position must a screen be placed in 
order that both sides may be equally illuminated ? 


[Ans.: 117-2 ems. from higher c.p. source.] 


16. Define 'eandle-power' and ‘foot-candle’. Describe how you would 
compare the candle-powers of two pocket torches by means of a shadow 
photometer. Would it be necessary to use a dark room for the experi- 
ment ? (Utkal, 1954) 


17. Describe a simple method of comparing the candle-powers of two 
lamps. Explain the theoretical principles underlying the method. 
i (Dac. 1933; C. U. 1947} 


18. Two sources of light each of 2 c.p. are placed on the same side 
of a Bunsen grease-spot photometer. One is at a distance of 1 foot from 
the spot and the other at 2 feet. Where must a third source of 5 candle- 
power be placed in order that the appearance on each side of the photo- 
meter may be the same ? 


[Ans.: At 1-414 ft. on the other side of the screen.] 


19. If a photographie print ean be made with 4 sec. exposure at a 
distance of 4 ft. from at 32 c.p. lamp, what exposure will be required if 
the negative is held at 2 ft. from a 16 c.p. lamp ? (G. U. 1949) 

[Ans.: 2 sees.] 


20. Two lamps balance on a shadow photometer at distances of 60 
and 42 cms. from the screen. The stronger lamp is, then, covered with 


D 


REFLEOTION OF LIGHT 27 


a glass shade which transmits 80% of the incident light. How far must 
the other lamp be displaced in order to restore balance ? (Pat. 1942) 

[Ans. : 4-95 ems.] 

21. A lamp produces a certain intensity of illumination on screen 
when situated ‘at a distance of 85 cms. from it. On placing a sheet of 
glass between the lamp and the screen the lamp must be moved 5 cms. 
nearer to the screen to produce the same illumination as before, What 
percentage of light is stopped by the glass? 

[Ans. : 11-42%] 


CHAPTER II 
Reflection of Light 


21. Definitions :— 
Reflection.—When light travelling in one medium falls on a 
second medium the following three effects may be produced— 
(a) A portion of the incident light is turned back, i.e. reflected 
from the surface ofthe second medium into the first medium again ; 
(b) A portion is absorbed by the second medium ; 
(c! The remaining third portion passes through the second 
medium. 
22. Two kinds of Reflec- 
tion:—There are two kinds of \ 
reflection : (i) regular reflection, 
and (ii) irregular or diffused 
reflection (or scattering). 
(i) Regular reflection takes 
place when a beam of light falls (a) 
ona smooth surface, as for ex- 
ample a mirror, etc. [Fig. 18,a)]. 
Itis so called because the pheno- 
menon is governed by definite 
laws, called the laws of reflec- 
tion. 


(ii) Irregular reflection takes 
place when the surface is not 


smooth, as forexample, awall or Fig. 18 

ae ceiling of a room, or a BER (a) Regular Reflection, 

o poelazed paper, unpolishe (b) Irrezular (or Diffused) 
wood, ground or matglass, etc, Reflection (or scattering). 


[Fig. 18 (5). A beam of light, 
when incident on such a surface, does not proceed along a definite 
direction after reflection but the rays are reflected in diverse 
directions depending on the nature of the surface. 

All opaque bodies are rendered visible to an observing eye by 
diffused or scattered light. 
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So the incident light=reflected light (regular and irregular) 
+ absorbed light + transmitted 
€ ^^ light: In the case of a polished 
metal reflector no part of the inci- 
dent light is transmitted (unless the 
metal is very thin) and very little 

of it is absorbed, 


23. Regular Reflection :—Let a 

ray of light AB (Fig. 19) strike a 

Fig. 19 reflector at B and be reflected along 

no BC. Draw a line BN at the point B 
perpendicular to the reflecting surface. 


Here AB is called the incident ray and BC the reflected ray. 
The incident ray is the direction in which the light travels before 
striking the reflecting surface, 


The reflected ray is the direction of the path of the ray after it 
is turned back into the first medium by the reflecting surface. 

Theline BN which is at right angles to the reflecting surface at 
the point of incidence B is caled the normal at the point of 
incidence. : 

The angle between the incident ray and the normal is called 
the angle of incidence. The angle between the reflected ray and 
the normal is called the angle of reflection. 


Thus the angle ABN is the angle of incidence Zi and the angle 
NBC is the angle of reflection Zr. 


24. The Laws of Reflection :—Regular reflection takes place 
according to the following two laws— 


(1) The incident ray, the normal to the reflecting surface at the 
Point of incidence, and the reflected ray lie in one plane, 


(2) The angle of incidence is equal to the angle of reflection. 


Normal Incidence. — In the particular case when a ray is incident 
normally on the surface of a reffector, ie, when the angle of 
incidence, /i—0, the reflected ray returns along the same path 
because, in this case, the angle of reflection, Zr=0 (Fig. 19) 


'according to the second law of reflection. So a normal ray retraces 
its own path. 


25. Verification of the Laws of Reflection :— 


(a) Pin Method.—Fix a sheet of white paper ona drawing 
board and draw a line AB onit (Fig. 20). Place a thin plane 
mirror on the paper in a vertical fashion such that its silvered 
surface falls on the line drawn (see note on next page) Fix 
two pins Sand C vertically on the paper, C touching the surface 
of the mirror in such a "way that the line through S and C is 
Oblique to the plane of the mirror, i.e. to AB. Move your eye 
and fix a third pin D such that the reflected image S' of the pin 
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S in the mirror and the pins C and D appear continuous, i.e. they 
appear to lie in the same straight line. Take off the pins after 
marking their positions on the paper 
and remove the mirror. Draw the 5 
line SC which represents the inci- 
dent ray and CD which represents 
the corresponding reflected ray. 
Draw CL normal to the mirror at E SET A 
C. Measure the angles SCL and 2 
LCD, which will be found to be o: A 
equal. This proves the second law. 


The lines SC and CD joining the 
feet of pins, S and C, C and D, 
representing the incident and the * 
reflected rays respectively, lie in Fig. 20 
the plane of the paper; and the line CL, which represents the 
normal is also in the plane of the paper. This proves the first law, 


Note.—The rays are only partially reflected from the front 
surface of the mirror. Most of the reflection takes place from the 
silvered surface which is at the back of the mirror. Due to 
refraction (see Chapter IV), the mirror will act in such a way that 
the reflecting surface will be roughly at two-thirds of its real 
thickness measured from its front surface. 

Hence the reflecting surface should be taken at one-third of the 
thickness of the glass from the back of the mirror. 

(b) Hartle's Optical Disc Method :— Hartle's disc (Fig. 21) is 
essentially a plane circular disc D vertically mounted on a heavy 
stand and is capable of rotation in 
the vertical plane about a horizon- 
tal axis passing through the centre 
of the disc. 


The disc is divided into four 
quadrants by a horizontal and a 
vertical diameter, Each quadrant 
is divided into 90 equal parts, each, 
being a degree. The vertical dia- 
meter is marked 0'—0", and the 
horizontal 90°—90°. Around the 
edge of the vertical disc is a 
curved metallic screen which is 
provided with an adjustable aper- 
ture (not shown in the figure), 
The aperture can be closed by 
means of a slide which has one or 
more slits through which light from 
i 's Di a source can be made to pass trac- 
E E E ing its path along the disc, 
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An optical element, say a piece of plane mirror, M, may be 
held at the centre of the disc, with the plane normal to the disc, 
along the 90°—90° line by means of suitable clamp attached to the 
disc. 


An adjusted thin pencil of light is made to pass through the slit 
in the screen and trace its path along the disc and fall on the 
mirror at the centre of the disc so that the 0'—0* line may be taken 
asthe normal at the point of incidence — The trace of the reflected 
péncil is seen on the other side of the normal. Because the 
incident ray and the reflected ray lie in the same plane in which 
the normal lies, ie. in the plane of the disc, the first law is 
verified. 

The angle of incidence, as also the angle of reflection, can be 
read off from the circular scale along the edge of the disc and they 
are found to be equal. On rotating the disc (the screen containing 
the slit remaining fixed), the angle of incidence is changed and the 
corresponding angle of reflection is found as above. It is seen that 
in every case the angle of incidence equals the angle of reflection 
whatever is the angle of incidence. This verifies the second law. 


26. Fermat’s Principle: —A ray of light, as it is reflected or 
refracted at a plane surface, always traverses a minimum path. 
So the time taken by light to move from one point to another after 
any number of reflections or refractions at plane surfaces is also 
minimum. Thus the principle of least path may also be called the 
principle of least time. If reflection or refraction occurs at spheri- 
cal surfaces, the path may be either maximum or minimum, i.e. the 
path is stationary, So in the generalised form, the principle is 
known as the principle of stationary path. 


[Note : The Fermat’s principle, stated in its more general form is 
that the actual path followed by light has a stationary value. When a 
ray of light traverses several media undergoing a number of reflections 
and refractions, the path from one point to another is such that the total 
optical path (Xy!) is stationary for small variations in the path, 
where l is the length of the path in the medium of refractive index y. So 


it is evident that the principle demands that the actual path differs from 
a neighbouring path by an infinitesimal amount when the starting and 
ending points are the same for both the paths. The above optical path 
which is stationary may as well be minimum or maximum. Since in 
ordinary cases of reflection and refraction at plane surfaces the optical 
path is a minimum the principles is ordinarily called the principle of 
least path, which is strictly speaking, only a particular case of the Fermat's 
principle. As the optical path is the product of the velocity of light 
and time, of which the former multiplicant is a constant the principle is 
reflection and refraction at surfaces other than plane, the optical path 
is, however, not the least but is merely stationary.] 


27. Principle of Reversibility of Light :—The principle is that 
when the direction of a ray of light is reversed, the ray retraces its 
own path. It is easy to follow that it also results from the 


— 
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Fermat's principle. Suppose, a ray of light starting from A 
traverses successive points, B,C,D,E during its propagation (Fig. 22). 
According to Fermat’s principle, the time taken by it to travel from 
A to E will be minimum. If, now, on reversal of direction, it starts 
from Eto A4, it must follow the same path in order that the time 
again may be the minimum. 


By applying the principle of reversibility of light we find that 
in Fig. 19, any one of the rays AB and BC, or in Fig, 20, any one 
of the rays SC and CD, may 
be taken as the incident ray 
when the other one will be 
the corresponding reflected 
ray, for the path of light is 
reversible, Thus, if a ray 
starting from a point P Fig. 22 
reaches another point Q along any path either by reflection or by 
refraction (Chapter IV) or by both, then the ray will travel back to 
P along the same path if the source be placed at Q, all other con- 
ditions remaining the same. 


28. Optical Image :—If rays diverging from a point source 
suffer changes of direction due to reflection (or refraction) such 
that the reflected (or refracted) pencil either actually converges to, 
Or appears to diverge from, a second point, the second point is 
called the optical image of the first point. 


Real and virtual images.—When a pencil of rays diverging 
from a point appears, after reflection, or refraction, to diverge from 
a second point, the second point is called the virtual image of the 
first point. 


When the pencil of rays diverging from a point, after reflection 
or refraction, actually converges to a second point the second 
point is called the real image of the first point. 

A real image is formed by the actual intersection of the rays 
and can always be received om a screen. But the virtual image is 
formed by only the imaginary intersection of the rays. It cannot be 
received on a screen as it has no real existence, 

The image of S seen at S’ (Fig, 20) by an eye directed along DC 
is virtual, for it is not formed by the actual intersection of the rays 
and has got no real existence, But if a convergent pencil of rays 
bounded by DC and FE strikes the mirror, the rays will be reflected 
and the image will be formed at S by the actual intersection of the 
rays. So an eye placed near S will see a real image. It should 
be remembered that this is the only case in which a plane mirror 
gives a real image, otherwise a plane mirror always gives a virtual 
image. é 

In Chapters III and V, fromation of real and virtual images 
by spherical mirrors and lenses have been respectively dealt with. 
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Note.—The image formed by a pin-hole camera is not an optical 
image at all for the following reasons—(i) the course of the rays 
of light passing through the hole is not changed in any way by 
reflection, refraction, etc. ; (i) the rays do not intersect on the 
screen in forming the image; (iii) the image is formed at any 
distance from the hole ; in the case of an optical image, the image 
is formed at some particular distance only. 

29. Image formed by a Plane Mirror :—The image of a point 
source formed by reflection from a plane mirror is (2) as far behind 
the mirror as the object is in front of it, (b) on the perpendicular 
drawn from the object to the mirror, (c) always virtual, 


Verification :— 

(1). Pin method (Sighting Method)—Proceed as in the experi- 
ment in Art. 25 and determine the directions of the reflected rays 
corresponding to the incident rays SC, SE Fig. 20). Remove the 
mirror and produce the reflected rays backwards. They will 
converge to a single point S', which is called the image (virtual) of 
the point S, So an eye situated so as to receive some of these 
reflected rays will see the pin at S’, 

We have, ZSCL=ZLCD; ~, ZSCA = ZDCB= Z ACS’. 

-. ZSCE=S'CE; similarly, ZSEC=ZS'EC; and CE is 
common to the triangle SCE and S'CE. ; 

-. These triangles are equal in all respects. —.". SC=SC. 

Again, in the triangles SCM and S'CM, SC=S'C; MC is 
common to both; and ZSCA- ZS'CA. .. The triangles are 
equal in all respects. `^. SM=S'M ; and ZSMC= ZS'MC=one 
rt. angle, and so SS’ is normal to AB. 

Hence, the image of a point is as far behind the reflecting surface 
as the object is in front of it along the normal to the surface drawn 
from the point. The image S' is virtual, because the reflected 
rays do not actually pass through S’, but only appear to diverge 
from it. 


(2) Parallax Method.— Consider for a moment that you are 
looking at a clock just at 11-30. If you look at it from the right it 
will possibly be 11-31, while from the left it will appear to be 
11-29. It is because there is parallax between the minute hand 
and the printed figures on the dial So parallax is the relative 
displacement of objects, not in actual contact, when seen from the 
different directions. For example, hold two parallel rods in the 
upright position in front of the eyes and move the head to the 
right or to the left. It will be notice that the more distant rod 
appears to follow the motion of the head while the nearer one 
moves in the opposite direction. If however, the rods are made 
to approach each other, the apparent relative displacement of the 
rods would gradually diminish and finally disappear when the rods 
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are closest together, The relative change in position of the rods 
with the change in position of the eye is known as parallax and the 
motion of the rods relative to each other with the movement óf the 
eye is known as parallax motion. 


When any two objects are coincident, there is no relative motion 
between them due to any movement of the observing eye. So by 
the method of parallax coincidence of two objects can be tested, 


oe en a papet js a Topias board and placea mirror M 
erpendicularly to the plane of the paper (Fig. 23). Sti i 
Pin front of the mirror and habe cate bu PE 
place another long pin P'on 
the other side of the mirror 
opposite to P, so that the 
image of the lower part of the 
pin P appears to be continuous 
with the upper part of the pin 
P’, seen above the top edge of 
the mirror, and, moving your 
eye from ‘side to side, locate Fig. 23 

the exact position of the pin P’ such that there is no: relative 
displacement between the two, that is there isno parallax asit 
iscalled. Remove the mirror and join the positions of P, P' on the 
paper. It will be observed that the position of P' is on the prolonga- 
tion of the normal drawn from P to the mirror and that the 
distance of Pfrom the mirror is equal to that of P' from the mirror. 


The above method of locating the position of the virtual image 
is called the Method of Parallax. 


30, Tracing the Rays by which an Eye can see the Image :— 


(a) In order that an eye E 
(Fig. 24) can see the image I of a 
point O formed by a plane mirror 
M, it must receive rays of light 
reflected from some part of the 
mirror. Hence to see the image (i) 
the source O is placed anywhere in 
front of the mirror, M; (ii) the 
eye must be placed within the space 
enclosed by straight lines drawn 
from the image through the boun- 
dary of the mirror. 

i Here the eye E will be able to 

Fig. 24 see the image J of the object O 

formed by the mirror M as long as the eye E is placed within the 

space enclosed by JA and JB, that is, lines drawn from the image I 
through the boundary of the mirror. 


In the case of an extended object, each of the two extreme 
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points of it should be treated as the point O and the same principle 
should be adopted. 

(b) The Image of an Object (i.e. an extended Body) formed by 
a Plane Mirror.—The image of a point source has been considered, 
but when an actual object is put in front of a mirror every point of 
it may be regarded as a source of light. Thus the image of the 
object is formed by the point images of all its parts. 


31. Lateral Inversion of Image :—When we look at the image 
ofour body in a big mirror we find that the whole of the right 
Y side of the image appears to 
be the left side of the body ; 
if we move our right hand, 
the image appears to move 
its left ; that is, the image is 
inverted as regards side. "This 
is called lateral | inversion, 
This happens because every 
point image is at the same 

Fig. 25—Lateral Inversion. distance behind the mirror 
as the point object is in front and the front of the image faces the 
front of the object with the result that the sides of the object 
appears to be changed in the image. 

The size of the image is, however, equal to the size of the 
object. The images due to bodies having symmetrical sides such 
as a spherical ball or letters like H, I, O, T, etc. are not affected by 
lateral inversion but images due to non-symmetrical bodies are 
seriously affected Thus, in Fig. 25 the image of the letter ‘p’ is 
laterally inverted and appears as the letter ‘g’. It should be noted 
that this is due to the image of every point of the letter ‘p’ being’ 
formed at the same distance behind the mirror as the point is in front. 

Using two mirrors we can preduce two lateral inversions and 
thus get the ordinary view of things. Also, if a piece of writing is 
blotted, andif the piece of blotting paper is held up in front of a 
mirror the writing being reversed twice becomes legible again. 


32. Rotation of a Beam of NOON 
Light by 3^ Plane Mirror :— : 
When a plane mirror is rotated 
through an angle,aray of light 
reflected from it is. rotated 
throug’: twice that angle. 

Let a ray MO be incident pe 


on the mirror AB at an angle IL 
i tò the normal ON (Fig. 26)... TRANE aar 
The angle of reflection NOP B mcm A 
is equal to Zi. Bea 

Hence ZMOP=2i. When . Fis. 26 


the mirror is rotated through an ‘angle Ó into the new position 
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A'B', the normal ON is also rotated through 6, to the position 
ON’, so the angle of incidence for the ray MO, in this case, is i+-9, 
The new angle of reflection IY'OP' is also equal to i4-6. 


Jeeps ZMOP'=2(i+6). So the ZPOP'— 7 MOP'— / MOP 
—2(i--0) - 2i 20—the angle through which the reflected ray is 
rotated. Thus if the mirror is rotated through 6, the reflected ray 
is rotated through 26. 


This principle is utilized, in practice, in measuring small deflec- 
tions of mirrors in the case of reflecting galvanometers (vide Art. 
35, Part VIT), sextants, etc, 


33, The Sextant :—This instrument, the working of which is 
based on the principle of double rotation of the reflected ray when 
a mirror is rotated, is used 
for measuring the angular 
Separation of two distant 
Objects, Its important use 
is in measuring the altitude 
of the sun and other hea- 
Venly bodies from posi- 
tions on the sea, as the 
instrument is not affected 
by the motion of the ship. 


Jt consists of a rigid 
frame to which is attached 
a‘ right angles a mirror M, 
of which the upper half is 
transparent and the lower 
balf is silvered (Fig. 27). 
Another mirror M, also 
fixed at right angles to the 
frame, is attached to a 
radial index arm OV fitted 
with à vernier V, which moves over a circular, scale AB, the arc 
being 60^, ie., one-sixth part (hence the name, Lat. sexant) of the 
complete circle, A telescope T is also attached to the frame directed 
towards M, as shown in the figure. If the index arm OV is moved 
to the zero position B of the scale, the mirror M, becomes pàrallel 
to the mirror M,. j f 

To find the altitude of the sun, or of a star, the instrument is 
placed in a vertical plane and the telescope is focussed so that a 
distant object in the horizon is viewed through the transparent 
Portion. The mirror M, is now turned by means of the arm QV. 
until light from the horizon, after reflection at Q and R, also enters 
the telescope, and the position of Von the scale is noted when 
these two images coincide, The arm QV is now rotated into the 
position shown in the figure, so that light from the lower edge of 
the sun, or from a star, after reflection at Q and Ralong the path 


Fig. 27—The Sextant. 
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PQRT, forms an image coinciding with the horizon. The new 
position of V is noted and the àngle BOV through which the mirror 
M, is rotated from the zero position is also noted. The altitude of 
the sun, i.e. the angle POS, is twice the angle through which the 
mirror M, is rotated. The movement of the vernier V over the 
graduated scale is therefore half the altitude of the sun's lower 
edge. As the instrument is used to read the altitude directly, each 
half degree on the scale is labelled as a whole degree ; the arc 
which is usually 60° is therefore numbered upto 120". 

It is evident that the instrument may be used to measure the 
angle subtended at an observing eye by any two distant points if 
the instrument is placed in the proper plane. 

34. (a) Deviation of a Ray produced by One Reflection from a 
Plane Mirror :— In Fig.26, it will beseen that the ray MO which, in 
the absence of mirror AB, would have travelled straight in the 
direction MO, has taken the path OP due to reflection at the point 
O. The direction of the ray MO has, therefore, been changed by 
the angle (x- MOP)=(7 - 2i). This will be the deviation produced 
jn any ray after, being reflected once at the plane surface, 


(b) Deviation of a Ray due te Two Successive Reflections at 
Two Inclined Mirrors :—Instead of one reflection if the ray be 
reflected twice, ie. say, by the two 
mirrors (Fig. 28) inclined at the angle 
6, the change of direction due to the 
first reflection at Pis (7—2i), and that 
at Q is (7 —2i'). Hence the total devia- 
.tion produce by two reflections would 
be (z —2i4-7 — 2i) —2z — 2(i i"), where 
i' is the angle of incidence at the 
second mirror. It is assumed, how- 
ever, that the ray always lies in one 


MUN: plane. On drawing the diagram it will 
easily be seen that 0— i-Fi', Thus, after two reflections, deviation 
=(27 - 20). ; 


That is, the deviation of a ray undergoing two reflections depends 
only upon the angle between the reflecting surfaces. 

f EXAMPLE.— Rays of light strike a horizontal plane mirror at an angle of 46°, 
Show how you would arrange a second mirror in order that the reflected ray may 
finally be reflected from the second mirror horizontally. (Pat. 1932) 

Ans. Here, in order that the final ray may be horizontal after two successive 
reflections, the deviation suffered by the ray will be =180°+45°=225°. Hence 
if the second mirror be inclined at 8° to the first, we have, 

24—20—225?, or 20=360°—225°=135°. .. 60-675". 

35. (i) Image Formation by Two Mirrors inclined at any 
Angle 1— Let OA and OB represent two plane mirrors facing each 
other and inclined at an angle AOB (Fig. 29). Let P be a source of 
light. The image of P formed by reflection at the mirror OA is at 
P,on the normal PNP, to the mirror. This virtual image is 
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formed as a result of reflection of the rays diverging from the 
point P and incident on the mirror OA. It can be shown with the 
help of geometry that, OP=OP,. Therefore, P, lies on a circle 
drawn with O as centre and radius OP. It will be seen that other 
images formed will also lie on this circle. Now, P, serves as an 
object in front of the mirror OB. Draw a normal P,P, on OB so 
that P,P, is bisected by OB. Then P, is the image of P, formed 
by the mirror OB, and OP, will be equal to OP,. Similarly, P; 
serves as an object in front of the mirror OA, and an image P} is 
formed on the other side of OA so that OP, is equal to OP4. Ps 
falls behind both the mirrors and no further image is formed. ` 

In the same way; another series of images P' P’, P", etc, will 
be formed, the first image being formed by mirror OB. The process 


Fig. 29—Two mirrors inclined Fig. 30—Two mirrors at rt. 
at an angle. angles. 
of formation of images by successive reflections at the surfaces of 
the mirrors goes on until an image is formed behind both the 
mirrors, i.e, within the angle A’OB’. 
The number of images formed depends on the inclination of 


the mirrors, and can be proved to be equal to z a 1) where 8 is 
the angle between the mirrors, Thus, when the angle is 90°, the 
number of images is 3 (Fig. 30), when 6 is 60?, the number of 
images is 5, and so on. 

If 0 is not a submultiple of 27, i.e. if 27/0 is not a whole num- 
ber, the total number of images isthe integer next greater than 


27 
(F): : 
(ii) Two Mirrors at Right Angles.—In Fig. 30, two mirrors M. 1 
and M, are placed at rt. angles to each other and facing the object 
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P. Rays of light diverging from P have been drawn showing how by 
successive reflections images produced by M, and M, areseen by an 
observer whose eye is suitably placed, P, and P; are the first images 
produced by M, and M, respectively. Each of P, and P; acts as 
a virtual object for the other mirror and produces images P, and 
P, respectively. In the case of two mirrors at right angles to 
each other, as shown in the figure, P; and P, merge into one 
image. So there are three images altogether seen by the eye. 


36. Kaleidoscope :—This is a toy constructed on the principle 
of successive reflections from inclined mirrors. The idea was 
originally due to Brewster. The arrangement in this toy generally 
consists of three equal strips of plane mirrors mounted in a cylin- 
drical tube at an angle of 60° to each other. At one end several 
bits of variously coloured glass are kept enclosed between two 
glass-plates, while there is a hole at the centre of the other end. 

j When one looks through this hole and the tube 
A d. is rotated, beautiful symmetrical patterns are 
i M Seen. They are due to multiple reflections of 
light (passing through the coloured beads) from 

y the inclined mirrors, 


37. The Simple Periscope :—This is an 

application of the principle of reflection. Fig. 

31 explains the principle of a simple periscope 

which is formed by fixing two plane mirrors at 

angles of 45? to the axis of a tube, but parallel 

to and facing each other. Rays of light from 

distant objects are first reflected from the upper 

mirror down the axis of the tube and then, 

being reflected by the lower mirror, come out 

M in the horizontal direction reaching the eye of 

the observer, thereby giving him a view of the 

Fig.31—A Simple distant objects. The instrument is used for 

Periscope. looking over the heads of crowds by raising the 

upper mirror of the instrument above the Obstacles, for observing 

enemy movements in trench warfare „without any danger to the 

Observer, for observing a performance in an enclosure from out- 

side, etc. Periscopes using totally reflecting prisms are used in 
submarines. 


38. Reflection at Two Parallel Mirrors :—Place two plane 
mirrors parallel to and facing each other (Fig. 32 ). LetP bea 
luminous point situated between them. Through P draw a 
straight line perpendicular to both the mirrors and produce: 
the line both ways, meeting the mirrors LK .and MN at A and 
B respectively, The image of P formed by the mirror LK will 
beat P, such that AP, —AP. Rays diverging from P will appear 
to come from P, after being reflected by the mirror LK, Some of 
those reflected rays will fall on MN and will appear to diverge 


1 
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from Pz, being the image of P, which serves as an object in front 
of the mirror MN, so that 
BP,=BP,. Again in the same 

way, the image of P, is 
formed at P, behind LK. p, 
Starting with the rays first “=< 
reflected from the mirror MN, 
another series of images will. 

be produced as in the above 

case. 


Theoretically, the number Fig. 32 
of images thus formed in the case of parallel mirrors will be 
infinite, but as the images after each reflection get fainter and 
fainter due to loss of light by absorption, the number of visible 
images is only limited, but quite large, In Fig. 33 the positions of 


Fig. 33 1 
the images formed by successive reflections from the two 
parallel mirrors. have been shown. They extend, theoretically, 
to infinite numbers on either side. 


39. Multiple Images formed by a Thick Glass mirror :— When 
a candle flame at Sis viewed obliquely in a mirror of thick glass 
j : silvered at the back, a 
train of images, S3, Sa, 
Sg etc. is seen in the 
mirror (Fig. 34), Of 
these images the first is 
faint, the second S,- is 
usually the brightest, 
and the others gradual- 
ly diminish in bright- 
ness. 


When an. incident 
ray SA from a source, suppose a candle flame falls on the mirror 
at A, only a small portion of the light is reflected at the surface in 
the direction 4B forming a faint image S,, while a larger portion 
enters into the mirror and is reflected back from the silvered 
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surface C ; and, of this, again a large part emerges out of the glass 
in the direction DE forming the second and the brightest. image 
Sg. The rest is reflected to the back surface again, and the pro- 
cess is repeated giving other faint images. Allthe images lie on 
the normal from the object to the mirror. 


When incidence is nearly normal, by far the greater part o the 
rays emerge along .DE making the second image the brightest. 
When we look to our image in a thick mirror, there is no confusion 
arising out of multiplicity of images, because the images formed by 
the two surfaces overlap on each other almost exactly, the inci- 
dence of rays being almost normal. With the obliquity of inci- 
dence increasing, more and more light is reflected at the first sur- 
face and, with very oblique rays the first image becomes the 
brightest. 


40 Irregular (or diffused) Reflection: How Objects become 
Visible :—If in a dark room a beam of light is reflected regularly 
from a polished surface, say, a mirror, it produces an image of the 
source of light and an observer in the path of the reflected beam 
sees bright image of the source. If the observer is outside the 
beam, the mirror will not be visible to him and he will not see the 
image either. But if the beam falls on a rough surface, the rays 
are scattered in all directions ; there is no regularly reflected 
beam and, therefore, no image. The surface is visible from all 
directions. So, when the mirroris replaced by a sheet of white 
paper the whole surface of the paper becomes more or less illumi- 
nated and becomes visible from different parts of the room; 
because in this case the surface is rough, the rays of light are 
reflected from. various parts of the paper in all directions, and 
what is seen is not an image of the source of light but the different 
parts of the paper. Such irregular of diffused reflections make 
the objects around visible to us. 

The amount of diffused light mentioned above depends upon 


the nàture and colour of the surface on which it is incident and 
also on the colour of the incident light. 


White walls and ceiling of a room diffuse larger amount of 
incident light while dark coloured walls reflect less and absorb 
more. So, for proper illumination in a room, its walls and ceiling 
should be periodically white-washed. A surface coated with 
magnesium oxide, plaster of Paris, etc. diffuse light very uni- 
formly. 


The rays of the sun are visible on account of the dust. particles 
floating in the air which diffuse the light, If the dust particles were 
removed, the rays would be invisible. So, we see things because 
they diffuse light to our eyes, but light itself is invisible. Light is a 
form of energy and is not visible, but it is the surrounding objects 
illuminated by light that are visible. 


REFLECTION OF LIGHT 41 


41. Twilight : —This is caused by diffused light. After sunset 
ata place though no direct rays are received there from the sun 
some rays falling upon dust particles or other particles floating in 
the air are diffused in different directions. Some of these diffused 
rays reach the place and continue the illumination for sometime 
after the sunset. This is the twilight period. Twilight ends and 
darkness ensues when such diffused rays fail to reach the place. 


42. Some Interesting Cases of Reflection :— 


(1) Movement of Object and Mirror.— Prove that if an object 
in front of a plane mirror moves through a distance ‘d’ away from 
the mirror, the image moves through the same. distance ; whereas, if 
the mirror moves parallel to itself through a distance ‘d’ (the object 
remaining fixed) the image will move through a distance ‘2d’. 

(C. U. 1923, 46 ; Dac. '28) 


(a) When the object moves.—If the initial distance of the object 
be x in front of the mirror, then, when the object moves through a 
distance d away from the mirror, the distance from the mirror 
becomes equal to x-F d. Therefore, the distance of the image from 
the mirror will now- be equal to x+d, i.e. the image also moves 
through the same distance d. 


(b) When the mirror moves.—If the mirror moves through a 
distance d away from the object, the distance between mirror and 
the object becomes=x+d, and the distance between the mirror 
and the first position of image=x—d. Therefore, the distance 
between the two images x--d —(x- d)- 2d, i.e. the image moves 
through a distance 2d parallel to itself. 


(2) Minimum Size of Mirror required.—(a) Show by means 
of a diagram that a man can see the whole of his person in a mirror 
the length of which is half his own height, (C. U. 1915,'25, '29 ; Pat. 
1919 ; G. U. 1949). i in 

Let MN represent the 
man, and E be the position of 
his eye (Fig. 35). Let mn be the 
image of the man formed by 
the mirror PQ. Both Mm and 
Nn are bisected by the surface 
of the mirror, or of the mirror 
produced. Fig. 35 


M 


The man sees the image m by means of rays coming from 
M, which, after reflection at- P, appear to diverge from m. 
Similarly the image is seen on account of rays coming from N,. 
which, after reflection at Q, appear to diverge from n. 

So, PQ is the minimum length of the mirror required to see the 
complete image mn equal to MN. 
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From the similar triangle EPQ and Emn, PO PE (1) 
$ mn mE 
Again, from the similar triangles mPR and mEM, gar AR 3 
mE mM 
Or. mE-mP mM-mR Or, PE RM | 
^ mE mM > o mE mM X 
TQ PEU 1 1 
S oP zag = m= 
From (1), UMETAN 9 PQ zmn 3 MN 


(^. mn— MN), ie. the minimum size of the mirror required is half. 
the height of the observer. 

(b) Calculate the minimum size of a plane mirror fixed on the 
wall of a room in which an observer at the centre of the room can see 
the full image of the wall behind him. (C. U. 1929) 

Let PQ be tlie plane of the mirror (Fig 36.) which is fixed on 
the wall AB and let ED be the observer whose eye is at £, MN 
being the wall behind the observer. 

From M, the top point of the wall, draw MA perpendicular on 

' AB and produce it to M' making 4M'— AM. Join M'E meeting 
the wall AB at P. Join MP. So the ray MP, from the top point 
M, will be reflected from thepoint P of the mirror to reach the eye. 
So M' is the image of M, Similarly, N’ is the image of the lower- 
most point N. of the wall. So the minimum size of the mirror 
required is PQ. 

Because the man ED stands in the centre of.the room, BD=4 


BN=4 BN'=} DN’. Ü 
Now in the ADEN’, 
BD=1 DN, and DE is 
parallel to BQ; so, by 
geometry, EQ—-1 EN". 
Similarly, EP=} EM’. ' 
x Hence in AEM’ "N, 
PQ=1M'N'=¥ MN, i.e. 
the minimum size of the 
mirror—1 of the size of 
Fig. 36 the wall, 

(3) PO is an incident ray, 
and OR the reflected ray for a plane 
surface (Fig. 37). If Q' is any 
Point on the reflecting plane 
show that PO+OQR is less than 
PO'+O'R. (C. U. 1913) 

From P draw PN normal to 
the mirror and produce it to 
meet RO produce backward at 

P. Join P'Q' Now P' being 
the image of P, PV P'N ; hence Fig.37 
in the As PON and PON, PQ- PQ: 


Mf 
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Similarly, by taking As PNOQ' and P'NQ', we have PQ'—P'Q'. 

Now PQ'+Q’R'>PR, ie, >PO+OR;  .'. PO'+Q'R' 
2PO-QR. 

It, therefore, follows that the path taken by a ray in regular 
reflection is always the least. This is the principle of least path or 
the principle of least time, or the Fermat’s principle (Art. 26), in 
the case of reflection of light at a plane surface. 


Questions 


l. Distinguish between a real and a virtual image. How would you 
experimentally find the position of a virtual image. 

(Pat. 1919, *40 ; cf. '33.; G. U. 1949) 

2. Given a graduated scale, a stand, a source of light and a narrow slit, how 

would you measure small deflections of a plane mirror ? (Pat. 1927) 

3. Prove that when a plane mirror is rotated through any angle the reflected 


ray is rotated through twice the angle. i 
(C. U. 1927, 46 , Dac. 1928, 34 , R. U. 1949) 


4. Describe a sextant and clearly explain its use in measuring the height of. 


a mountain peak. k (R. U. 1949) 
What is ihe relation between the turning of a mirror and that of a ray of 


5. 
light reflected from it ? Apply this property to the construction of the sextant. 
(C. U. 1941) 
6. Write a brief note on Kaleidoscope. (U. P. 1943) 


7. Two plane mirrors are placed at right angles to each other, and an object 
stands between them facing their reflecting surfaces. 

Draw a diagram to show how the images are produced by the mirrors. Draw 
a second diagram to show how the light travels to an eye looking at the last 
image through one of the mirrors (see Fig. 30). (C. U. 1949) 

8. Two plane mirrors are inclined at an angle to each other. A ray of light 
parallel to one of the mirrors travels, after two reflections parallel to the other, 
Find the angle between the mirrors (G. U. 1949) 

[Ans : 60°] 

9. A ray of light is reflected successively from two plane mirrors inclined at 
rt. angles to each other. Prove that the ray after the second reflection is. parallel 
to its Original direction. (Utkal, 1952) 

10. Show by a diagram (carefully drawn as large as your paper will allow) 


how many reflections of a pin you can obtain in two plane mirrors placed at an 


angle of 60°, 

[Ans. 5] 

1l. Explain with the help of diagrams, the formation ef are imas by 
two mirrors, (a) when they are parallel, (b) when they are inclined to eac: ie 
at 90°. e i ae - (C. U. 1919, 39, ’47) 

12. Show, with the help of a neat diagram, that iftwo adjacent walls of 
a rectangular room are mirror surfaces, an observer will see exactly three images 
of a object in the room. i i " M 

ow many images are seen, if two opposite walls are mirror surface: 
E. j Sh TT (C. U. 1959) 

13. State the chief facts relating to images formed by plane mirrors. ^ 

A man sits in a room between two mirrors, one on the wall in front of him 
and the other on the wall behind him. An electric lamp is glowing over his head. 
Describe what, he sees in the front mirror. How can he tell whether the mirrors 
are parallel ? 


[HINTS.—He will see a number of images of the lamp one behind the other. 
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If the mirrors are parallel. then the line in which the images will appear is per- 
pendicular to the wall, otherwise it will be inclined ] 

14. Explain the formation of the series of images of an object placed between 
two parallel mirrors. Draw a diagram showing the pencil of rays by which an eye 
Sees an image formed by one reflection at each of the mirrors. Why is there a 
limit to the number of images visible ? (Pat. 1918) 

15. Explain how a number of images is visible when a bright object is held 
in front of thick mirror Slivered atthe back. Illustrate your answer by a neat 
diagram for a given Position of the eyes. (Pat, 1932) 

16. A plane mirror 2 ft. high is fixed on one wallof a room, the lower edge 
being 4 ft. 6 in. from the floor. If the opposite wall of the room is 14 ft. distant 
and 10 ft. high, draw a diagram to show from what point a man must look in 


Order to see’ reflected in the mirror the whole height of the opposite wall, from 
fluor to ceiling, 


[BINTS.—Draw the diagram to scale as in Art, 42(2) (b) E will be the 
Position of the observer, the distance AP = 6^" ; QP—2"; QBe4'6".] 

1 man running towards a plane mirror at the rate of 5 ft. per sec. 
approaches his image at the rate of 10 ft. per second. Explain. (C. U. 1943) 

18. A large plane mirror stands vertically ata certain distance from a man 
who views his reflection in it. Compare the rate of motion of the image with the 
rate of motion (a) of the man when the man moves towards the mirror, (6) of 
the mirror, when the mirror is moved towards the stationary man. 


CHAPTER III " 
Spherical Mirrors 


43. Preliminaries : —A mirror, in practice, may either be 
plane or regularly curved when it forms part of the surface of a 
regular geometrical Shape, such asa sphere, a cylinder or a parabo- 
loid. Mainly spherical mirrors are discussed below, 

Spherical Mirror, —A spherical mirror is a reflecting surfáce so 
curved that it forms part ofa regular hollow Sphere. It may be 
concave or convex. 

Concave Spherical Mirror, —A spherical mirror is concave when 


the reflection takes place at the hollow side of the sphere of which 
the mirror is a part. 


Convex Spherical Mirror.—A spherical mirror is convex when 
S the reflection takes place at 
the bulging or the raised side, 
Obviously, when such a mirror is 
placed facing the eye, its middle 
point will be nearest to the eye, 
The pole of a mirror APB is 
the middle point Pof its reflecting 
surface (Fig. 38). 


The Centre of Curvature of a’ 


lo eR ove : mirror APB, Fig. 38, is the centre C 
; of the sphere of which the mirror 
Fig. 38 i forms a part, and the radius CP of 


the sphere is called the radius of curvature of the mirror. Rays 


— 
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travelling along the continuation of a radius meet the mirror 
normally, and so, after reflection, they travel back along their own 
paths. 

Principal Axis of a mirror APB, Fig. 38, is a direction which 
may be obtained by the line joining the centre of curvature C and 
the pole P of the mirror. 

Secondary Axis.—Any direction obtained by a line passing 
through the centre of curvature C and any point P' of the reflec- 
ting surface of the mirror other than the pole P is called a secon- 
dary axis of the mirror. i 

Any axis principal or secondary, is perpendicular to the mirror. 

Principal Section.— When a spherical mirror is intersected by a 
plane passing through the principal axis, the out-way section is a 
circular arc APB called the principal section of themirror (Fig. 38). 

A mirror is ordinarily represented by its principal section. 


Aperture.—If A and B, Fig. 38, are the extreme points of the 
principal section APB of a mirror whose centre of curvature is C, 
the line joining AB is called the diameter of the mirror and is often 
referred to as the aperture of the mirror. The! angular aperture is 
given by angle ACB which is subtended at the centre of curvature 
C by the diameter AB ofthe mirror. That is, angular aperture 


= atc APB 
radius CP 
Spherical mirrors of small aperture (not exceeding 10° of arc) 
only will be considered in this chapter. . 


j L^ A Parallel rays 
Y 2 E 
7 


N 
(a) Concave Mirror. Fig. 39 (b) Convex Mirror. 


Principal Focus and Focal Length.—A pencil of rays parallel } 
to the principal axis of a spherical mirror will after reflection, 
either converge to [as in the case of a concave mirror, Fig. 39(a)] or 
appear to diverge from([as in the case of a convex mirror, Fig. 39(b)] 
a fixed point F on the axis. This fixed point F is called the principal - 
focus of the mirror, and the distance of the focus F measured from | 
the pole of the mirror is called the focal length (AF in Figz39). * ° 

Focal Plane.— The plane passing through the principal focus of - 
a spherical mirror at right angles to its principal axis is called the 
focal plane of the mirror. 
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44. Relation between Focal Length and Radius of Curvature :— 
The focal length of the spherical mirror, which is usually denoted 
by the letter f, is approximately half of the radius of curvature r 
ofthe mirror. A ray AB parallel to the principal axis PC (Fig. 40) 
ofa spherical mirror will, after reflection, either actually pass 
through the principal focus F, as in the case of the concave mirror 
[Fig. 40(a)), or appear to emerge from F, the principalfocus as in 
the case of the convex mirror [Fig. 40(d)]. In both the cases, BC, 
the radius of curvature of the spherical surface, is normal to the 
mirror at the point of incidence. 


p 


— 
(a) Concave Mirror. Fig. 40 (b) Convex Mirror. 
(i) Concave Mirror.— 
AB and PC are parallel; so Z ABC = Z BCF. 
But Z ABC— Z FBC, (2nd law of reflection) : 
SSCZBCE- 2 FEC ; ae LC FB, 
(ii) Convex Mirror.— 
AB and PC are parallel; .. /ABE= ZBCE. 
But ZABE= / DBE, (2nd law of reflection) : 
40 Z2BCF= 7 DBE- 7 FBC (vertically opposite angle) ; 
SUFCRFB, * 1 
If Bis very near the pole, FB = FP, approximately in both the 
above cases, 
FC=FB, ie. FB=3 CP; or, e 


That is, focal length is half tlie radius of curvature, 
45. Rules for Signs : 
(i) All measurements must be made from the pole of mirror, 


(ii) Take measurements against the direction in which the inci- 
dent light travels as Positive and those in the Same direction as the 
incident light as negative, In other words, measurements towards 
the source of light are Positive, and measurements away from the 
Source of light are negative, 


(iii) When solving any Problem do not substitute the signs in 
the formula unless the actual value of the quantity is given, 

46. For New Covention of Signs, see Art. 100 If (b) s— 
According to this new convention alf real distances are Positive and 
all virtual distances negative. X ; 


47. General Formula for Spherical Mirrors :— 
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(1), Concave Mirror.—Let O represents the position of a lumi- 
nous point on the principal axis of a concave mirror (Fig. 41). The 
ray OP coming along the axis will be reflected back along PO as it 
is normal to the surface. The 
tay OA incident at A will be 
reflected along AJ making the 
angle of reflection CAI equal 
to the angle of incidence CAO, 
because AC is normal at dc 
being the centre of curvature of 
the mirror. The intersection of 
the two rays determines the 
position J of the image of the 


point O, Fig. 41—Concave Mirror. - 
k i TA MIC : 
Since AC bisects the angle 240, we have "0" Oc Consider 


ing AP to be small we may write, JA=IP, and OA=OP 
(approx.). f s 


K 
CP AI ih n i 
OP OC : 
Let OP=u; IP=v,andCP=r. Then, we have, from (1), 
Zar, oor, wu-r)eu(r-*»); or urtvr=2uy, 
u u-r 


Dividing by uvr throughout, we have, HI. L 


But, if F is the principal focus, PF=FC. Therefore, r=2f 


(where f=PF =the focal length) ; or, i. 
Hence CENELPTI CABIN d ane Ja (2) 
Vat Qeon 


(2) Convex Mirror.—In this case, every ray from a point O 
on the principal axis appears, after reflection from the mirror, to - 
diverge from a point on the principal axis, and so the image is 
virtual, In Fig. 42 the ray OP reflects back along PO, since OC .is 
the principal axis and the incidence is normal. Any other ray OA 
reflecis along AB. The two reflected rays seem to intersect at T 
which gives the position of the virtual image formed in this case. 
AN is the bisector of the exterior angle OAB of the triangle 
TAO ; so, 
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Considering AP to be small, we may write /4—IP, 04- OP 


approx) ,', — - —.. Sub- 
(approx.) bP oa DU 
stituting with proper signs, 
we have, uc Tr CS 
u u+(—r) 
-rty 
= L—— 
u-r 


Dividing by uvr throughout we have, 2431 — i-r 


48. Conjugate Points :—Two points on the axis of a spherical 
mirror are said to be conjugate with respect to. one another when an 
object placed in one produces the image at the other. 


In Fig. 41 a real object at O produces a real image at / and the 
positions are interchangeable. In Fig. 42a real object at O produces 
a virtual image at J. A virtual object at J will produce a real 
image at O. Such points O and J are called Conjugate Foci. Pairs 
ofsuch points occur on the principal axis of'a spherical mirror, 
their distances from the mirror being respectively u and v, satis- 


fying the equation +) = j» where the values of u and v may be 


interchanged between them without violating the equation, So 
this equation is also often called the conjugate equation for a 
mirror. 


49. Rules for Tracing the Image in the case of Spherical 
Mirrors :— 


(1) Draw a ray from the top of the object parallel to the prin- 
cipal axis. This ray after reflection will pass through, or appear to 
pass from, the focus. 


(2) Draw a ray from the top passing, or appearing to pass, 
through the centre of curvature of the mirror. This ray being normal 
to the mirror will be reflected back along the same path. If the 
bottom of the object be not on the axis, the position of its image may 
be determined exactly as above. 


(3) The point to which any two of these reflected rays converge 
or from which they appear to diverge, is the required image. 
(4) A ray passing through the principal focus, and incident on 


the mirror, will be reflected in a direction. parallel to the principal 
axis, 
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50. Determination of the Position of Image of an Extended 
Object formed by a Spherical Mirror :—An extended object may 
be supposed to consist of an 
assemblage of points only 
and when the image corres- 
ponding to .each point is 
found, the image of the 
whole object is obtained. 
When the point source is on 
the principal axis, the image 
is also on it, and when it 
Is not on the axis (as P in É 
Fig. 43) the image is obtai- Fig. 43—Image by a Concave Mirror. 
ned by the rules given in Art. 49. 


Let AB be the principal section of a mirror (Fig. 43 and Fig. 44) 
of which 4 is the pole, C, the centre of curvature, AC, the principal 
avis, and F, the principal focus. Let PQ be the object perpendi- 
cular to the axis placed at Q beyond the centre of curvature, 
Draw a ray PB parallel to the axis which, after reflection, will pass 
through F, the principal focus. Then BF is the reflected ray in 
Fig. 43 (the reflected ray in Fig. 44 being produced backward passes 
through F), Draw another ray PC throvgh C, the centre of 
curvature, which will be 
Teflected back along the same 
path. The point P' of .nter- 
section of the rays i's the 
required image of P. So P'Q' 
is the image of PQ, where 
P'Q'is drawn perpendicular to 
AC. The size and position of 
P'Q" will depend on the posi- 
tion of PQ with respect to the 
mirror. Following the above method of construction, different 
cases may be examined. 


Fig. 44—Image by a Convex Mirror. 


Note.—(i) In case the object PQ is very long, and the mirror 
is very small, the two rays PB and PC (or any one of them) may 
not meet the mirror. In such a case the image should be obtained 
graphically by extending the trace of the mirror. It should be 
remembered that the image is actually formed bya large number of 
rays proceeding from each point of the object, and so it does not 
matter whether the two particular rays fall on the mirror or not. 

(i) The focal length of a concave mirror is positive, The 
focal length of a convex mirror is negative. The focus in the case 
of a convex mirror is a virtual focus. 


(iii) Real images. are always inverted, while virtual images are 
always erect, 
VOL. 11 (L)—4 
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51. Magnification :— The magnification m- of the image 
produced by a mirror is defined as follows — 
size of image 
size of object ` 

Here size refers to linear dimension (eg. length, or breadth, or 
height) and nof to area, or volume. Also, m gives the Magnitude of 
the linear magnification only. 

(a) Magnification in the case of a Concave Mirror producing 
Real Image, — 

In Fig. 43 join PA and P'4. Then PA is the reflected ray 
corresponding to PA, since P' is the image of P. AC is the normal 
at A, The two triangles PAQ and P’AQ’ are equiangular and, 
therefore, similar. So, : 


m= 


EO OA AE s ded 4 
LILELEÓII uced from th 
PO OA u m the property of triangles. 
It is necessary to introduce at this stage a convention regarding the 
signs of erect and inverted bodies. Let us say that an erect body 
bears a positive sign and so consequently an inverted body must 
have a negative sign attached to it, Since, P'Q' is inverted with 
respect to FQ, it should then be mathematically represented by 
giving a negative sign before it. 
Size of image — PQ’ ey 
size of object ^ PQ ^ y 


Thus, for a concave mirror producing real image, m— —". The 
u 
magnification in this case is negative. It means that the image is 
inverted. 


(b) Magnification in the case of a Concave Mirror, or a Convex 
Mirror producing Virtual Image.— 


() Virtual image for a (Gi) Virtual image for a 
Concav; Mirror. Convex Mirror, 
Fig. 45 


In Fig. 45 a concave mirror (left) and a convex mirror (right) 
have been shown each to produce a virtual image. Since P' is the 
image of P, the ray PA reflected at das AE Will pass, when 
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produced backwards, through P'. From the two similar triangles, 
PAQ and P'AQ’ (sinceZPAQ=ZOAE=/P'AQ’ and £O=90° 
= £0’). 


BOAO r. 

PQ AQ u 
Size ofimage PQ' y 
“size of object PQ uw 


Thus, for the virtual images produced by a concave or a convex 
mirror also, m= —~. 
u 


Note: Concave mirrors can produce both real and virtual 
images, whereas convex mirrors can produce only virtual images 
(Art. 54). Deductions for magnification in (v) and (b) above 
cover all these facts. The deductions, it must be marked, 
lead to the same single expression for the magnification, 


namely m= Aea cin using this expression, it must be remembered 
u 5 


that m will be positive for erect images and negative for inverted 
images, since v itself is negative in the former case and positive in 
the latter case. Since erect images are virtual, and inverted 
images are real, m will bə positive for virtual images and negative 
for real ones. 

Expression of Magnification in Various Ways.— 

We may also find other expressions for the magnification, m, 
in terms of u, v, f, and r as follows— 


i 1; 4274 
(i) We have, StuFF 
Multiplying each term by v, we have 1+7 
v \ y-fi 
ER --=-(--lj=- 
Saami "da: EL M 
ED UY: - ved um i i] 
alan " (1) 
(ii) Also, multiplying each term of the general equation by u, 
u u u u- 
fo = = mes, 
we ge 5T! pu 7 
ue ACRES ): 
u u-f 
pn A E E en (2) 
u u- 
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(ii) Again, taking the equation, UN l = Ze 


»"u r 
Te SPI T-Y u-r 
we have, Set reer SOF. CER SE, 
Vine fe iita ua vr ur 
Y. -y v r-y 
OL n or, "ENSE 
u ur u-r u u-r 
3 y r- 
cg Te L G Xx Kes er 73) 
u u-r 


(c) Plane Mirror.—The same equation for magnification has 
been obtained for both concave and convex mirrors. It should also 
hold for a plane mirror, which is only a spherical mirror of infinite 
radius. So the equation in the case of a plane mirror becomes, 


l EA, and so in this case, ve-u; 
Y; Wu PP oc 
je Ode M epo Gan) 


zl. 


u u 
That is, the size of the image in a plane mirror is equal to the 


size of the object. Since mis Positive, the image is erect and 
virtual. 


52. Complete Description of an Image :—For the complete 
description of an image the following data are necessary— 


(a) Its distance from the mirror 3 (b) whether erect or inverted ; 
whether real or Virtual ; (c) its magnification, 


Remember the Signs of u, y, f and m— 


u aon Uto ckalways — 
v LONE es Ira the dircetion of light 

~in the direction in which light is incident. 
f NC ae { +for concave mirror, 

— for convex mirror. 


x X vit nr erect images. Image virtual. 
5 — for inverted images. Image real, 


53. Spherical Aberration (Caustic Curve) : ~All the rays 
parallel to the principal axis of a concave spherical mirror will 
i after reflection, only 


J à a mirror, i.e, only 
when the aperture of the mirror is small ; otherwise the rays will 
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fail to converge to a point. This failure of a mirror to bring the 
light rays to a point-focus is called 
spherical aberration of a 
mirror. 


It will be seen that when a 
large portion of a mirror is used, 
ie, for a mirror of wide aperture 
the reflected rays, do not pass 
through F, the focus, unless they 
are incident near about the pole 
(vide Fig. 46). As the aperture 
increases the reflected rays cut the 
principal axis at points which 
are decidedly inside of F., The 
curve drawn tangentially to the reflected rays is called a caustic 
curve, 


A caustic curve is seen well when sunlight is allowed to fall on 
the side of a cup nearly filled with milk, 


The spherical aberration of a mirror may be remedied by dimi- 
nishing its aperture by covering the outside margin with black 
paper so that the reflection takes place only near about the pole. 
Such a covering is called a stop or diaphragm. 


The spherical aberration may, however, be avoided by using 
a paraboloidal mirror, where all the rays after reflection pass 
through the focus (vide Art. 58). 


54. Nature, Position, and Size of the Image in Spherical 
Mirrors :—The nature, position and size of the image formed by 
a spherical mirror depend on the position of the object with 
respect to the mirror. 


(1) Typical cases are explained by the following diagrams 
drawn according to the rules stated in Art. 49, 


Fig. 46—Caustic Curve for a 
Concave Mirror. 


(a) Concave Mirror.— 


(i) Object at Infinity—Rays coming from any point of an 
object placed at an infinite distance are practically parallel. These 
parallel rays, after reflection, converge to a point in the focal plane 
of the mirror (Fig.47). The image is real, inverted, and very dimini- 
Shed. 

(ii) Object between Infinity and the Centre of Curvature C 
(vide Fig. 43).— PQ is the object placed beyond C. P'Q' is the image 
formed between C and principal focus F, and is real, inverted, and 
diminished. 

(ii) Object at the Centre of Curvature C.— PQ is the object at 
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* 


C (Fig. 48). A ray from P parallelto the axis, after reflection, 
passes through F, and another ray PB’ passing through F, after 
reflection, passes parallel to the axis. These two rays intersect at 


Fig. 47—Object at Infinity. Fig. 48— Object at Centre of 
Curvature of a Mirror. 


P which is the image of P. As all rays from Q pass through"Q 
after reflection, so the image of Q is formed at 0. PQ is thus the 
image of PQ which is real and inverted: and it can be easily 
proved that PQ=P'Q. So the image is of the same size as the 
object, ý 


(iv) Object between the Centre C and the Focus F.—The ray 
2 


PB is taken parallel to the ` 
axisand the other CP is 
taken through C (Fig. 49). 
These two after reflection 
intersect at P’ which is the 
image of P, and Q' is the 
image of Q. So the image 
is formed at P'Q' which 
Fig. 49—Object between C and F. is real, inverted and 


enlarged. 


(v) Object at Focus (Fig. 50).—This case is the converse of case 
(i). Two rays from P, one 
parallel to the axis and the 
other in a direction through C, 
after reflection, become 
parallel and therefore meet 
at infinity. The image is real, 
inverted , and infinitely 
enlarged. 

(vi) Object between Focus 
and Mirror (i.e. distance less Fig. 50—Object at F. 
than the focal length)—The ray PB (Fig.51), parallel to the axis passes 


A 
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through F after reflection, and the other ray incident on the mirror 
in a direction through C 

retracesits path after reflec- ja 
tion and passes through C. 
The rays form a divergent 
pencil and meet at P' behind 
the'mirror, when produced 
backwards, P'is the virtual 
image of P. The image 
P'Q' in this case is virtual, 
erect and magnified. Fig. 51—Object between F and A. 


(b) Convex Mirror.— This case is given in Fig. 44, where it 
has been found that the image 'P'Q' is virtual, erect, and diminished 
and it will be found also from Fig. 52 that for all positions of the 


Fig. 52 


object, the image is virtual, erect, and diminished. Three different 
positions marked, J, II and III, ofthe object PQ and the corres- 
ponding positions marked 1, 2 and 3 of the images are shown in 
Fig.52. As the object PQis brought from infinity towards the pole 
A, the image P'Q' increases from a point size to a size almost equal 
to PQ. 


Remember that in the case of the concave mirror, when the 
object is at infinity, the image is formed at the focus F (Fig. 47), 
and as the object moves from infinity to the centre of curvature 
C,the image moves from the focus to the centre of curvature C, 
being always real, inverted, and smaller than the object, gradually 
increasing in size. When the object is at C, the image is at €, 
being real, inverted, and of the same size (Fig. 48). As the object 
moves from C towards F, the image sets out from C to infinity, 
being always real, inverted, and enlarged (Fig. 49); and when the 
object is at F, the image is at infinity (Fig, 50). As the object 
moves from F towards the, pole of the mirror, the image moves 
from infinity, appears behind the mirror and approaches the pole, 
being always virtual, erect, and gradually diminishing in size. 
When the object is at the pole, the image is also at the pole, being 


virtual, erect, and of the same size. 
LO 
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(2) Summary of Results— 


| 
Figures Position of Position of Nature of i 
for : Size 
MEDI Object Image Image | 
I! | 
Concave [iiv Ma 
Fig. 47 x At F Real, Inverted| Diminished 
Fig. 43 Between œ Between F » » » 
and C and C 
Fig, 48 At C At C hrs A Same size 
Fig. 49 Between C Between C | E Enlarged 
and F and « | 
Fig. 50 At F : ec ” » ” 
Fig. 51 Between F Behind the Virtual, Erect » 
and pole mirror 
At Fole , At Pole » » Same size 
Convex oc F Virtual, Erect | Diminished 
*Fig. 44 Between Between F » » » 
M pole and o and pole 


(3) Verification from the Formula:—(a) The positions of the 
image formed by a concave mirror may be obtained from the 
formula as follows :— 


(i) Object at infinite distance ; here u=% ; or, 129, 
u 


Lorn aes we get Ist 
T 7177 v 


f di 


v=f, i.e. image is at focus. 
(ii) Object between œ and centre C. Here u»2f and <<, 


: 
F 


., From the general formula (Art. 47), >y and < 
v<2f and >f, i.e. image between F and C. 


(iii) Object at C. Here u=r=2f. 


or 1 LL See v=r,ie. image at C. 
ERE Ree ge oe 
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(iv) Object between C and F. Here u>f and «2f. 


gee e 1 ccr 
5" iy and T» Hei) TE es 
: Pees ant ite 1 
ie. ->=-- and «.2-..ie ->0 and <=. 
D SES eof 5 2f 
J. v«cc and >2f, i.e. image between C and co 
2 1731.4 
(v) Object at F.. Here u=f. .'. -—25-5-0, 
j f. 2745 


ie. v=o, i.e, image at oo. 
(vi) Object between F and pole, i.e. mirror. Here u<f. 


a MER ~ 1 is negative. .', vis negative, i.e. the image Is 
v uU 


behind the mirror. 


Note. It should be noted carefully that in order to obtain a 
sharp image with any spherical mirror, only mirrors of small 
aperture must be used. For, by using a mirror of large aperture 
all rays parallel to its principal axis, after reflection, will not pass 
through a single point focus and mo sharp image is possible (vide 
Art. 53). 

(b) Case of Plane Mirror.—If the radius of curvature of a 
spherical surface becomes infinity, then tbe surface may be taken to 
be a plane surface. So by putting r— cc in eq. (2), Art. 47 we get, 
L220 3 oF, = bs Or,Y-— —U. 
ites v u 


i 
y 
ie. the image is formed on the side of the mirror opposite to the 
object at a distance equal to the object distance u. 
(c) Case of Convex Mirror.— 
Here tele -7 since f for a convex mirror is negative ; 
i. e. i- - 1 — l. Therefore, all values of u, v is negative, i. e. 


the image is always virtual. 

(i) Whenu-e, v= —f. That is the image is at the focus. 

(ii) When u>0<ce, i. e. thé object lies anywhere between 
infinity and pole, v« - f. 

Thus, the image formed by a convex mirror lies between focus 
and pole. It is always virtual, erect, and diminished. 

55. Graphical Representation of Conjugate Positions for a 
Spherical Mirror :— 

The graphs shown in Fig. 53 give a complete picture of how the 
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position of the image changes when the object distance is changed, 
in the case of a sphericalmirror. For real objects, the curve has been 
drawn with a continuous line, while for virtual objects, the curvehas 
been drawn with broken lines. Both of those curves are rectangular 


(a) Convex Mirror (b) Concave Mirror 
Fig. 53 
hyperbolas extending upto infinity where they tend to meet the 
f, f lines. 

56. Conjugate Foci with the Principal Focus as the Origin 
(Newton's Formula) :—The equation (2), Art. 47, can be written 
in the following way,— 

Lez 3 or, uv—uf t- vf ; 

or, uy - uf -vf c f*—f? ; or, uv - f )- fv - f) -f? ; 

or, (u- f) (v- f) - fa e vs "oq 

So, if the distnce of the object and its image due to a spherical 
mirror are measured from the principal focus, and are represented 
by x and y respectively, then x=(u—f), and y—-(v—f);so the 
equation (1) becomes, xy —f?. Rit us ves, (2) 

Here f? is always positive, whether f is positive or negative ; so 
x and y must be of the same sign, i,e. they are on the same side of 
the principal focus, 

57. Experimental Method of finding the Radius of Curvature (or 
Focal Length) of Concave and Convex Mirrors :— 


(1) CONCAVE MIRROR 


(a) U-V Method.— Mount the mirror M on a stand S placed 
on a table ( Fig.54) and place a lighted candle Ain front of 
it so that the tip of the flame is on the axis of the mirror. Inverted 
image C of the flame is received on the screen B on the same 
side as the object, when the object is placed at a distance greater 
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than the focal length. Movethe screen untili the image is quite 
distinct. Measure the distances E 
of the flame and its image 
from the mirror. Use the 
equation, 

dd. 2.1. 

oes E Py 
to find r or f. The experi- 
ment may be better perfor- 
med in a dark room on an 
optical bench. 

(A pin, suitably mounted Fig, 54—u-v Method 
can also be used as the object and another pin may be placed 
so that it coincides with the image and there is no parallax between 
the two, i.e, the image and the second pin move together on moving 
the eye side to side. In this case no dark room is necessary). 

(b) Geometrical Method :—Determine at least 5 and 6 values 
of u and their corresponding values of y by the above method. In 
Fig. 55, OX and OY are the two axes of co-ordinates. Plot u and 
» onthe X- and Y-axes respectively, with the same scale for both. 
Let 4—04A and v—0OB, join AB by a straight line. In this way, draw 
straight lines 4/B'| A"B",---etc, With other values of u and v. All the 
lines will intersect at C, then CD=CE=f, where f is the focal length. 


70] Y 


Fig. 55 
If O4—x and OB=y; and because OA=u and OB=y, we 


1 a s a (1) 
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Since zu I-A on multiplying every turn by f, we have 
vou 


ifs 
Ly fa a E: m Q) 


By comparing equations (1) and (2), we get, 
x=f and y- f. 
So, all the straight lines will intersect at C whose co-ordinates 
are f.f, ie. CD=CE=f, 
(c) Radius of Curvature and Focal Length from the Graph.— 
. + 1 
Plot graphs of (i) uandv (Fig. 56 (a)] and (ii) : and z 


(Fig. 56 (b)). 


Fig, 56 (a) Fig. 56(5) 
It is better to choose the same scale for u and v, 
(i) From the graph of u and v, which isa rectangular hyper- 
bola we can find r 3 for, when v=u, each= r=2f; 
( Qu DET. ed! i 
MSIE e 
On the curve the point, for which v=4, is that where the line 


bisecting the angle between the axes cuts the curve (when u and v 
are given in the same Scale). 


5 1 1 ndo 
t= =y.: >+ 
tii) Le u` x and SES then the equation y ur takes the 


form, xy ca constant. This is the equation of a straight 


line. Now, from the graph of l/u and 1/y which is a straight line 
[Fig. 56/5)], we can find f because it cuts each axis at a distance 


1 4 4 
equal to for,whenu- ec, 77—0, and I = 3 or, v— f. In Fig. 56(b), 


u f 
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OA represents the distance for 1/y when 1/u=0. .. OA (or the 
intercept on the 1/v axis)=1/f. Similarly, the intercept on the 1/u 
axis is also 1/f. 


(ii) Draw a graph with u along the y-axis and u/y (or 1/m) 
along the x-axis. Since - d ap on multiplying every term by u 
c 
d) 


so the graph will be a straight line. When x=0, y=f; so f is 
obtained by taking the intercept on the y-axis, when x =0, ' 


we have Pile or, u=f+tf(l/m). This is of the form y=f+fx ; 
(iv) u and > (or m). — But if the values of u are plotted on the 


X-axis and the corresponding values of E on the Y-axis, the graph 


will be a rectangular hyperbola. 


? Db T1 ET wu... uw u-f f $ 
Since DW sive 3507; itus or, — (or Ti aes 
if y= and x=u, then, " 

u 


y= 5 jor xy=fiy+l), 


again, if LL then y —u and u 22f — OB from the graph. 


< 


Y/u >“ Graph 
when © =} 
u 


u=2f 


N 
un 
magnification 


x 
O ^ (do 20 30 40 50 60 70 


i Fig. 57 
(v) u and u- v.— Plot u and the sum of u and the correspond- 
ing the values of v along the X- and Y-axes respectively. For the 
minimum value of u +v, u=v=2f and BA =u +v - 4f. 
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(vi) v and f (or m) — Plot of v and z on the X- andjY-axes 
respectively is a straight line (Fig. 58), which cuts the X-axis at B, 


Graph u+y—u 


Y uty (min}=4f for u-2f 
80 
a 
E 
70r9 
= 
t 
E 
60 E. 
i 
afe 
50|lo i u in cms, X 
10 20 30 40 50 60 
3 Fig. 58 
in such a way that OB—f, then from the relation stp 
we have 14-1 27, 5, T SP 1. 
ave Q6» gy 
y 
VAT AES 
3 f 
2'5 
2 
r5 
I 
os 
O ToB20 30 40 5060 70% 


Image distance— v 


Fig. 59 
1. 


Hn i» v=x and jg" then from the above relation, 
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y=mx—c, here c=1, if y=0, then am =f; or OB=f. 
m 


(vii) uty and uv.—The graph is a straight line (Fig. 59) 


where S From the relation 14121 CUM S. 
BC TE drop 
or, uw=futy), ifx=uty, y=uy and f=m, 


AB 


then, y=mx a = = = 
yemx and m=tan 0 Be jf. 


(d) Parallax Method or the Method of Self-Conjugate Point.— 
In experiment (1) above, using two pins, one as object and the 
other for location of image, after getting the inverted image move 


rae 


Fig, 60 


the object pin in such a way that the image and the object become 
coincident in position, no matter from whatever position they are 
viewed, that is, find the position for no-parallax (Fig. 60). This is 
possible only when the object is placed at the centre of curvature. 
Hence, the distance of the object from the mirror is the radius of 
curvature of the mirror, and one-half of this value will be the 
focal length, Howe 5 

(e) By Spherometer —Read the distance /; through which the 
central leg of the spherometer is to be lowered from the horizontal 
plane in order to touch the mirror surface and then calculate the 
radius R of the mirror as explained in Art. 18 (C, 2), Part I. Vol. I. 
Then find out the focal length which is R/2, 


(2) CONVEX MIRROR 


(a) Direct Method.—Clamp the mirror on a stand and place 
it on a table, Take a piece of paper and draw three clear parallel 
straight lines (4B, OP, ED) about half an inch apart (Fig. 61). Fold 
the paper perpendicularly across the lines drawn and arrange the 
paper, mounted on the edge of a drawing board, so that its plane, 
when continued, would pass through the centre of curvature of the 
mirror. The crease of the paper should touch the surface of the 
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mirror, say, at O. Adjust the board so that the image of the central 
line OP and the line itself are in one line, i.e. the central line forms 
a part of the principal axis of the mirror. Find the images of the 
other two parallel lines 
AB, ED, which represent 
rays parallel to the 
principal axis, by the 
pin-method, i.e. placing 
two pins, say P,, Pa, 
on the line AB and 
locating the images by 
the other two pins K 

Fig. 61 and H. Similarly, fix 
two pins Ps, Py, on ED and locate the image by Land M. Now 
unfold the paper, join H, K, and M, L, and produce the two lines 
so obtained to meet at F on the central line. The focal length is 
the distance of F from the point O. 


(b) Plane Mirror Method.—(u-v method with the help of a 
plane mirror)—A long pin P,P, is placed in front of a convex 
mirror A (Fig. 63) such that it equally extends both 
above and below the 
axis of A. An erect 
virtual image diminished 
in size is seen by an 
Observer with his eye 
placed along the axis. 
Now a plane mirror M 
is held vertically in front 
of the convex mirror so 
that its upper end 
reaches the axis of the 
spherical mirror, A Fig. 62 
virtual image of the 
lower half of the pin is formed as far behind M as the pin is in 
front of it, By adjusting the position M this image Qs is made to 
coincide exactly with the image Q, of the upper half of the pin 
as formed by the convex mirror. This position of coincidence is 
to be checked by the method of parallax. When exact coincidence 
of Q, and Q% is secured, we have, 


AP, =u, and AQ, =v, 
But as MQ,= MPs =d, we have, v—2d - u. 


Thus knowing u and v, f can be determined from the conjugate 


lou gm 
f nds 


u 


foci relation, 
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If in the relation, E -> the value of v= — (2d - u) 


[- vis- ve] is substituted, we get, 
uv  — (2d- uw _ _ «2d - u), 
uctv ^" u-(2d-u) 2u—2d 


f is negative for a convex mirror. 
Graph.—In a convex mirror, u is positive and v and f are-both 


<l5e -10 -5 o 
x F 


cod 


Fig. 63 
negative. Ifa graph (Fig. 63) is drawn with u and », then v and 
f will both be in the fourth quadrant, 

(i) u and v.—By plotting different values of u on the Y-axis as 
A, B,---etc. and the corresponding values of v on the Y-axis as A4'B'. 
«etc, the lines 44’, BB’, CC"... etc, are obtained which will meet 
at D, where, DE=DF= -f, 

Ui) uand-y,—A graph with u and — y is plotted. Let another 


E EAE ouest ca ces EUIS UEM 
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Fig. 64 
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graph, u= — 2v, be now plotted, it will intersect the former graph 
at D (Fig. 64), If a perpendicular is drawn from D on OX, then 
the distance of the foot of the perp. from O is u and u=f. 


(iii) il .—The graph will be a straight line which meets the 
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Fig. 65 


OY'-axis at 4. This distance,- O47 (Fig. 65). 


(iv) =u and- 4 (=m).—The graph is a hyperbola; 


> 
Xx 


Fig. 66 
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E 
EI 

In this way other graphs may be plotted. 

(c) Convex Lens Method.—Take a convex lens L (vide Chapter 
V)of focal length shorter 
than the radius ofcurva- 
ture of the convex 
mirror M and place it 
in front of the mirror 
(Fig. 67), Then put a 
pin PQ in front of the 
lens at a distance greater than the focal length of the lens, when 
a real image of the pin will be formed on the same side of the 
lens after being reflected back by the mirror. Now adjust the 
position of the object pin till the image coincides with the object 
and there is no parallax between them. For this condition the rays 
of light from P, after refraction through L, must fall normally on 
the mirror, when they will be reflected back along the same path, 
and this would happen when the distance MO is the radius of 
curvature of the mirror. 

Thus after proper adjustment is made, measure the distance LM, 
keeping everything undisturbed, and then remove the mirror, Now 
take another pin and locate, by the method of parallax the position O 
of the real and inverted image of FQ formed bythelens alone with- 
out disturbing the position of the object PQ and the lens L. There- 
fore, the radius of curvature of M: 


—LO - LM 2 MO —2x focal length of M. 


Take several readings as above and take the mean value as the 
correct focal length. (This method should be read after Chapter V). 


(d) | Spherometer.—( Vide Art. 18(C), Part I, Vol. I ]. 


58. Distinction between Mirrors :—A plane, a concave, and a 
convex mirror, can be distinguished from each other by the images 
formed by them. : ad 

(1). Plane Mirror. —A plane mirror gives aa erect image of the 
Same size as the object situated as far behindthe mirror as the object 
is in front. Our looking-glasses are plane mirrors.. A good looking- 
glass should be of uniform thickness and have a plane surface, The 
silvering at the back should also be good, Costly mirrors are, some- 
times, made by silvering the front face. Ordinary cheap looking- 
glasses are neither plane nor of uniform thickness. ; 

If the surface is kot plane, concavity or convextiy of different 
amounts, though small, willbe present at different parts: As a result 
different magnifications will be caused at different parts of the image 
which thus will appear distorted.-- 1905 liissi TRE RIK 


If 3. - then fou. 
7 hen f=u 


Fig. 67 
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If the thickness is non-uniform, the angle between any two re- 
flected rays will not be the same as between the relevant incident 
rays. As a result, the image and the object will not look alike. 


If the silvering at the back is good, the image formed by rays, 
reflected at the back, will 
" be much more bright than 
T—. the faint image formed by 
CE reflection at the front face 
and there will be no con- 
fusion resulting from mul- 
tipleimages. Due to defects 
of silvering and use of low 
quality glass, ordinary 
cheap mirrors give unsatis- 
factory images. 


Fig. 68 


(2). Concave Mirror.—A concave mirror gives a magnified, 
erect image (virtual), if it is brought very near to the eye (Fig. 68) ; 
otherwise an inverted image is formed, if the observer PQ stands 
farther from the mirror than the focus F. 


Uses of a Concave Mirror.— 


A concave mirror is sometimes used as a shaving-glass. A virtual 
magnified image of the face is produced when the mirror is brought 
near it, the distance being less than the focal length. 


Sometimes surgeons, while examining the internal parts of the 
ear, nose, or throat, use a small concave mirror to throw a narrow, 
but sharp beam of light into the affected parts. A small concave 
mirror with a small hole in the centre is used in the Doctor's 
Ophthalmoscope. The Doctor looks through the hole from behind the 
mirror while a beam of light froma lampreflected from it is directed 
into the pupil of the patient's eye in order to examine the retina 
which thus becomes visible. 


Concave mirrors consisting of bright surfaces are very often used 
behind a source of light (placed at, or a little behind, thefocusof the 
mirror) as reflectors. Rays which would otherwise proceed backwards 
and prove useless are thrown in the forward direction by such re- 
flectors. Thus it increases the intensity of light in the forward 
direction. Reflectors of table lamps belong to this class. 


Paraboloidal Mirror,—In a concave paraboloidal mirror (Fig. 69), 
all parallel rays, after reflection from any part of the surface, pass 
through the focus, and reversibly the rays from a point source at 
the focus emerge parallel after reflection. Paraboloidal reflectors 
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are used for the head-lights of motor-cars, tram-cars, bicycles, etc. 
where the source of light is placed 

just behind the focus in order to 

produce a slightly divergent beam, 

which will reach a great distance 

in front. If. the source of light is 

too far forward, the reflected rays 

cross each other after only a short 

distance in front of the reflector. 


Search lights in steamers, 


ships, etc. are fitted with concave Fig. 69 
paraboloidal reflectors, and gene- Paraboloidal 
rally an arc lamp is placed almost Reflector. 


at its focus, and thus the reflected beam is thrown over a very 
great distance. 


(3) Convex Mirror.—A convex mirror always gives a virtual 
diminished, and erect image situated within the focal length 
(Fig. 44), 


In the case of a convex mirror, more objects around the mirror 
become visible (or in other words, a larger field of viewis obtained) 
than in the case of plane and concave mirrors, This principle is 
utilised in the case of the viewfinder of an automobile. A convex 
mirror, which acts as the view-finder, is mounted in front of the 
driver, projecting outside the car. All real objects in front of it (i.e. 
traffic at the rear of the car) form virtual images of erect and 
diminished sizes confined within the focus and the pole of the 
mirror. The driver, facing forward, sees at ease what is happening 
atthe rear by simply looking into the mirror. It covers a very 
wide field. 


A plane mirror to give satisfactory results for the same purpose 
would have to be far too large to be convenient, but the advantage 
with the plane mirror is that the 
objects seen by means of it 
appear in their correct sizes and 
distances. : 

Fig. 70 makes these points 
clear. For the convex mirror 
BD, the field of view is between 
the extreme rays XB and YD. 
For a plane mirror BD (shown 
by the dotted line) of the same 
size as the convex mirror, the 
field of view is only between AB 
Fig. 70 and CD. 


Itshould be noted that street lights are provided with convex 
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reflectors in order that light can be diffused over an extended area, 
while table lamps are provided with concaye reflectors so that the 
Tays may converge over a limited area. 


(4)- Cylindrical Mirror.—This kind of mirror forms parts of a 
cylinder and will act partly like a plane mirror and partly like a 
spherical mirror. Thus distorted images of a body, say, tall and 
thin or short and fat, are obtained on standing in front of such a 
mirror. They are very often used for window advertisements 
in shops, 


59. Identification of Mirrors :— 


Nature of Image Mirror 
Erect, same size as object sat ki Plane 
Erect, magnified m. xe Concaye 
Inverted, magnified or diminishe ay Concave 
Brect, diminished me d^ Convex 


———ÓÓ————————— 
60. Solution of Examples :—In solving numerical examples 
follow the rules given below : : 


(a) First put adown- the data of the example with their proper 
signs. (b) In. the general formula of mirrors, substitute the nume- 
rical values of u, v, etc. with their proper signs, and do not change the 
sign of any of. the. distances whose numerical values are not given. 

Then solve the equation and.draw the conclusion from the sign of the 
distance, or magnification, as the. case may be. 


Conclusion.—(i) The positive sign of the focal length (or radius 
of curvature) will mean: that the mirror is concave, while the negative 
sign will-mean that the mirror is convex. 


(ii) Tf the value of m is negative, the image is real and inverted 
and is formed in front. of the mirror, and if m is positive, the image 
is erect and virtual and is formed behind the mirror. 

Examples.—1. A pin 3 ems. long is placed with its middle point at 

a distance of 1:5 metres from a concave spherical mirror whose radius 

of curvature is 50 ems: Find the position and the size of the image 

formed. . ‘ (C. U. 1925) 
2 


"And; 1'5 meterse 150 ems. For a concave mirror, we have, i ied. 


Here, w= -+150 ems. 
1 1 221 


v 150,50. 25° 
.. The image is at a distance of 30 cms. in front of the mirror, 


jficatian-anes ees PESO) n T. 
Magnification=m= T E 


whence »=+30 cms. 
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Since m is negative, the image is inverted and so it is real. The size 
of the image— (size of object) x magnification —3xX 3=:0-6 cm. A 


2. The sum subtends an angle of half a degree at the pole of a concave 


mirror which has a radius of curvature of 15. metres. Find the size of the 
image of the sun formed .by the concave mirror. (Pat. 1948) 
Ans. Here, u=distance of sun (a positive quantity); v—image 
distance ; f= +15/2= +7-5 metres=(7-5X100) cms.'—v, the sun being 
at infinite distance. * 
m 1 T ü 
We have [——-|—25 X. 2.7 radians. 
(s ) 27180 360 
arc „diameter ofsun _ 7 
radius distance of sun 360" 


- Again, angle in radians= 


But diameter of image_»v _ distance ofimage ^ 75x100 
diameter of sun ù — distance of sun diameter of sun E 


Diameter of image _ diameter of sun... 7 


*» 75x100 distance of sun 360" 


ines mazem 73% 100% 225 6.55 om 
,. Diameter of image 360x7 2655 cms. 


3. How far from a concave mirror of radius 2 ft. would you place the 


object to get an image magnified 3.times.? . Would, the, image be real 
or virtual ? (All, 1982) 


Ans,. If magnification is 3 times, 2 =3, neglecting Signs Or, v= 3u; 


For any spherical mirror and so for a concave mirror also, Jaded, In 


applying this equation to the present. problem, two cases have to be examined, 

namely (i) when v is positive, and (ii) when v is negative. y 

t Gase (i): wW is pokitive and r—--2 ft. 
quem ae eat 


We shall have, IgE SIM 1 ; 


1 4 
Or, at whence u—; ft. 


_ The object is to be placed at a distance of 4/3 ft. from mirror, 
f Now, m=- a^ ee —3. Since m is negative, the image is inverted 
and real. » raf : 
-. For 3 times magnification and u= 4/3 ft, the image is virtual- 


Case (ii): When v is negative, and r2 ft. 


J 122 51, 
We shall have, (aye A 1; 


' of, Shes whence u=2/3 ft. 5 f 
3u 
., The object is to be placed at a distance of 2/3 ft. from mirror. 
Su) =3, Since m is positives the image is erect and virtual. 
u 


Now, m=—-2=—- 
/3 ft., the image is virtual. 


s. For 3 times magnification and i. 
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4. A convex and a concave mirror of radii 10 ems. each are placed 
facing each other and 15 ems. apart. An object is placed midway between 
them. Find the position of the final image if the reflection first takes 
place in the concave and then in the convex ‘mirror. (Pat. 1928, '30) 

Ans. As the object is placed midway between the mirrors, the object 
distance in the first case, w=15/2 cms.; r—10 cms.; v=? We have, 

TDS ie let) 2201 EA 
Cho Reus iets whence v= +15 cms. 

That is, the image produced by the concave mirror is formed on the 
pole of the convex mirror. So the final image will also be formed at the 
pole of the convex mirror. 

5. An object is placed 18 ems. away from a concave mirror whose 
focal length is 10 ems. ; find the position and the size of the image, if the 
object be 4 mms. broad by 12 mms. long. (Pat. 1928) 


Ans. Here u=18 ems.; f—10 ems.; v=? 


We have, z +p whence ve ears cms. 


Magtification- m — 7 = =e ci Length of the object=1'2 cms. and 


18 
breadth—0'4 cm. ,', Length of the image 1:2 x £—1:5 cms. 


Breadth of the image=0°4 x $=0°5 cm, 
-. Size of the image=(1°5 cms. x 0*5 cm.) 20:75 sq. cm. 


6. The image of a gas-flame standing at a distance of 6 ft. from the 
screen should be magnified three times. Where would you hold the mirror 
and what sort of mirror would you require ? 

Ans. Let x ft. be the distance of the mirror from the gas-flame, then 
the distance of the mirror from the screen is (z--6) ft. Here u—o ft.; 
v-(m--6) ft. 

Because the image is three times the size of the object and is real, 
we have, m-—3; v=+(x+6); u=+«. Since, m=—v/u, we have, 


-32- 


(246), or, 223 ft. So, ueze3 ft, v=2+6=3+6=9 ft 


TM z 
Hence 9*3 T whence f= -- 2:25 ft. 

The positive sign shows that the mirror is a concave one and it is of 
2.25 ft. focal length. It should be held 9 ft. from the screen or 3 ft. 
from the gas-flame. 

7. A convex lena of focal length 24 ems. is placed 12 ems. in front 
of a convex mirror. It is found that when a pin is placed $6 ems. in 
front of the lens, it coincides with its own inverted image formed by the 
lens and the mirror. Find the focal length of the mirror. 

(Pat. 1944 ; Utkal, 1949) 


Ans. (Vide Fig. 67 and read the experiment carefully). In the 
andende of the mirror, the image of P by the lens would form at O. 
We have, j 


i 1554 1 
3 367 "ag Whence v m: 


or, LOm—72, i MO=-(12-12)= —60—2f. ,“, f —30 cms. 
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Questions 

1. An object is placed 28 cms. from a concave mirror whose focal 
length is 10 cms. ; find where the image is. Is it real or virtual? 

(C. U. 1926) 

2. An object 1 cm. high is placed at a distance of 20 cms. from a 
concave mirror and the image is found to be 2 cms. in height and is 
real Find the focal length of the mirror. Where must the object be 
placed in order to give a virtual image 2 ems. high? ' 

[Ans. 138 ems.; 68 cms. from pole.) 

8. An object 3 cms. in height placed perpendicular to the axis of a 
concave mirror of 10 cms. focal length and 4 cms. from the mirror. Show 
where the image is formed. If an observer's eye is 25 cms. from the 
mirror, what is the least diameter of the mirror necessary for the whole 
image to be visible at once? 

[4ns. : —63cms.; 312 cms] 

4. Explain "Conjugate Foci" as applied to a concave mirror. Describe 
a method of determining the focal length of a concave mirror by finding 
the distances of the conjugate foci. If these distances are 5" and 10" ; 
caleulate the focal length. (C. U. 1948) 

[Ans.: 10/3 inches.] 

5, The image formed by a convex mirror is only one-third the size 
of the object. If the focal length of the mirror is 1 ft.,where is the 


image ? (Pat. 1949) 
[Ans.: —8 ft.] 


6. You are required to form an enlarged real image of a certain 
object. How will you obtain it, if the rays are not allowed to suffer 


refraction ? (Pat. 1922) 
7. Draw diagrams to illustrate the formation of (i) real images, 
(4) virtual images, by a concave mirror. (Dac. 1929) 


8. Explain how with the help of the laws of reflection the position 
and size of an image formed by reflection at a convex surface can be 
determined geometrically. (Utkal, 1947) 

9. Explain by means of diagrams, how the position and size of the 
image vary with the position of an object for a convex spherical mirror. 

(C. U. 1922) 

10. Distinguish between real and virtual images. Explain and 
illustrate by sketches the formation of each kind of image in a concave 
mirror. Explain why only virtual images are formed by convex mirrors. 

(C. U. 1922) 

11. A coneave mirror of focal length of 8 ems. is made to approach 
a rod of length 4 cms. placed perpendicularly to the axis of the mirror. 
Show by means of typical diagrams on a squared paper, the changes in 
the nature and the size of the image. (C. U. 1913, '18) 

12. An object is at a distance of 10 cms. from a mirror and the 
image of the object is at a distance of 30 ems. from the mirror on the 
same side as the object. Is the mirror concave or convex? What is the 
focal length ? (C. U. 1920) 

[Hints.—Since the object and the image lie on the same side of the 
mirror, the mirror is a concave one.] [Ans.: f=7-5 cms.] 

18. Describe the appearance and position of the image produced by 


a concave mi the object moves from infinity towards the mirror. 
VPE ETE es (All. 1932 ; cf. C. U. 1933; Pat. 1937, 49) 
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14. Show from the formula the variation of the position and the 
nature of the image when a real object is moved from a great distance 
up to a concave mirror. (C. U. 1940) 

15. Explain by giving diagrams how a concave mirror can give images 
of the same linear dimensions, when the object is placed at two different 
distances from the mirror. (Pat. 1929), 

16. æ and y are the distances of an object and its image from the 
focus of a spherical mirror. Show that xvy=f°, where f is the focal length 
of the mirror. (cf. Andr. U. 1950) 


16(a). An image produced by a convex mirror is 1/nth of the size 
of the object; prove that the latter must be at a distance-(n—1)f from 


the mirror where f is the focal length of the mirror. (Pat. 1939) 
tme 2-5. (0; lj DE , since the mirror is convex, 
n u v u t 


E aun js =n 
coe ese or u—f(n—1)) 
17. Plot on a graph the following values of the distances of object 
and image for a given concave mirror— 
u...250, 200, 150, 120, 100, 80, 70 cms. . 
v...60-9, 65-2, 73-2, 84,96-5, 127-5, 166-5 cms. n 
State and explain how from this graph you will determine the focal 
length of the mirror. Find from the graph, or otherwise, the distance 
of the object from the mirror for which a real image, magnified 1:5 times, 
will be produced. 
18. You are asked to decide whether a given mirror is convex or 
concave without touching it. What method would you adopt to ascertain 
this 2 (Del. U. 1940 ; Pat. 1924; All. 1918; Dac. 1927; C. U. 1941) 


19.. The driver of a motor-car is supplied with a convex mirror in 
order that he may see the roadway behind him. Explain how he is able 
to do this. Will a plane mirror serve the purpose equally "well? 


(Pat. 1933) 

20. Explain why the reflection of objects seen in a cheap looking-glass 
gives: distorted images. (Pat. 1932; cf. Dac. 1927 ; .C. U. 1929): 
21. Point out the uses of a convex mirror. (Utkal, 1947) 


nua D 


CHAPTER IV... * 
Refraction of Light 


61. Refraction: — When a ray of .light travels in the same 
homogencous medium, it travels straight ; but when it passes from 
one optical medium to ano- 
ther, it suffers a change of A ip 
direction at the surface of H 
Separation between the two 
media and is said to be 
refracted (except when the 
ray is normally, incident). 
If the second medium be 
denser* than the first, the 
fay is bent in the second 
medium ^ towards ^ the 
normal, and if rarer’ than 
the first, the ray is bent Hon ‘ 
away from ‘the normal. i) Fig. 71 
This phenomenon is known as refraction. The path of the ray in the 
first medium is called the incident ray, and that in the second 
medium is called the refracted ray. In Fig, 71, 4O is the incident 
‘ray, OB is the corresponding refracted ráy, and, because the second 
medium (glass) is denser than the first medium (air), the refracted 
ray OB is bent towards the normal OP,. 

Historical—The discovery of the law of refraetion is rather interest- 
ing. _The, famous astronomer Ptolemy: had some idea of it, but he did 
not discover the law. The experiment of coin and water described in 
‘Art. 11 (Fig. 79) had been known to the ancients. Ptolemy measured 
the angle of refraction for different angles of incidence, the rays coming 
from water to air, from water to glass, and from glass to air, but he 
did not either discover the cause of the phenomenon, or establish the law. 
In, the ninth century, the Arab Alhazen made experiments on refraction 
and in the sixteenth century Vitello, a Polish philosopher, also made 
experiments, working from the results of which the famous astronomer, 
Kepler, obtained a formula for calculating the angle of refraction. It 
was Snell, a Professor of Mathematics and Mechanics at Leyden who 
discovered the Law of. Refraction in 1621 but he died in 1626 at the 
age of thirty-five, without publishing his results. After eleven years 
(the mathematician, Descartes, who might have seen Snell’s manuscript, 
published the law and claimed the discovery as his own. 


62, The Laws of Refraction :— 3 
1. The incident ray, the refractcd ray, and the normal to the 


refracting surface at the point of incidence all lie in, one plane, 


d Medium: F 
M. Medium 2. 


B 


* Here density means optical density which has no necessary connec- 
tion with the meaning of mass density, though Sometimes: optical’ den: ty 


increases with the mass density of the meditimi © 15 
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2. The sine of the angle of incidence bears to the sine of the 
angle of refraction a constant ratio for the same two media and for 
the same colour of light. 

The second law was formulated by Snell, and is known as 
Snell’s Law, or simply the Law of Sines, 


63. Refractive Index :—When a ray of light passes from a 
medium ‘a’ into another medium ‘B’ the ratio of the sine of the 
angle of incidence i to the sine of the angle of refraction risa 
constant whose value depends only on the colour of the light and 
nature of the two media. This constant is called the refractive 
index of medium ‘$ relative to the medium ‘a’ and is commonly 
denoted by arb, or u^j*u is pronounced mu). That is, a b= HH 
It is also often called the relative index of refraction, 

When the first medium ‘a’ is vacuum, i.e. the ray travels from 
vacuum to the medium ‘b’ the value of the constant is maximum, 
and is called the absolute index of refraction of the medium ‘b’. 

It is to be noted, as already pointed out, that the refractive 
index (R.L) depends on the nature of the media and the colour of . 
the light only. It is independent of the angle of incidence of the 
light and its value increase from the red end of the spectrum to 
the violet. When no mention of the colour is made in giving the 
value of the R. Z, it is to be taken for the mean colour i.e. yellow. 
The R. J, of a material, unless otherwise mentioned, is to be taken 
as relative to air. 

64. Verification of the Laws of Refraction :— 


(i) Pin Method.—Place a rectangular glass slab ABCD on 
a sheet of paper fixed on a drawing board and draw its outline by 
a pencil (Fig. 72. Fix a 
pin P on the paper in 
contact with the face AB. 
Fix another pin P, at a 
short distance from the slab 
so that the direction P,P is 
oblique to AB, On looking 
at these pins through the 
slab from the side of the 
face DC, two other pins are 
fixed, O, in contact with 
the slab, and Q at some 
distance so that the four 
pins appear to be in the 
Fig. 72 same straight line, 


Remove the slab and join P,P, OQ, and PQ,. Then P,P 


represents the incident ray, and PQ, the refracted ray. Draw 
NPN, normal at Pto the face AB. The angles P,PN and O,PN, 
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are the angles of incidence and refraction respectively. With centre 
P and any convenient radius, lesser in length than AD, the breadth 
of the slab, draw a circle cutting PP, at R,, and PQ, at Mi. 
From R, and M, draw perpendiculars, R,R and M,M on NPN. 
Now denoting the angle P,PN by i and Q,PM by r, we have, 


D FERRER 0 MM 7 x 
sin i= PR? sin r= PM, and PR, —PM, (being radii of the same 


circle). 
. sini RQRIPR, RR. 
'osir  MQMIPM, MM 


Measuring RıR and M,M carefully with a scale, the ratio can 
be determined which will be about 1'5, Similarly, considering 
other incident rays (like P'P) and the corresponding refracted rays 
(like PQ’), the above ratio can be determined. 


This ratio for the different angles of incidence will be found to 
be the same. The constancy of this ratio (refractive index) proves 
Snell's Law (Second Law). 


To prove the First Law, fix the pins Py, P so that they have the 
same height above the paper, and fix the other two pins Q;, Q 
such that the four pins are in the same straight line and also the 
heads of all the pins may appear to be coincident, Now, on 
measurement, the pins Q}, Q will be found to be of the same height 
as those at P, and P. So it shows thata ray of light grazing the 
heads of the first two pins P,, P grazes, after refraction, through 
the heads of the other two pins Q,,Q. Hence the incident and 
the refracted ray lie in the same horizontal plane, and, the 
refracting face of the slab being vertical, the normal at the point 
of incidence also lies in the same horizontal plane. 


Thus the traces of the incident ray, the normal and the refracted 
ray all lie in the same plane, which proves the First Law. 

(ii) Hartles ^ Optical Disc 
Method.—A semi-circular glass 
plate CED is held at the centre of 
the disc with its plane face CD 
lying along the 90°—90° diameter 
of the optical disc in such a way 
that the 0°—0° diameter passes 
normally through the centre O of 
the plate (Fig. 73). A narrow pencil 
of light AO is adjusted througb the 
slit in the screen S to trace its path 
along the disc and become incident 
at the centre O of the plate obli- 
quely. The refracted pencil being 
radial meets the curved face CED, Fig. 73 
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normally and passess out undeviated as OB. The angle of incidence 
AON and the angle of refraction BON, are read off directly from 
the: graduations of the circular scale on the disc. This angle of 
incidence is then changed by rotating the disc while keeping the 
screen -S fixed and the corresponding angle of refraction is again 
found out. The operation is repeated for different angles of 
incidence. The ratio of the sine of the angle of incidence to the 
sine of the angle of refraction is found to be the same in each 
case. This proves the Second Law. 

The incident ray, the normal at the point of incidence (0°-0° 
diameter), and the refracted ray all lie on the plane of the disc, 
ie. on the same plane. This proves the First Law. 

65. Cause of Refraction :—According to the wave theory of 
light (Chapter VIII), the R.I. (#) of one medium ‘b’ relative to 
velocity of light in medium ‘a’ 
velocity of light in medium ‘b’ 

If these velocities are equal, R.7. will be equal to unity, i.e. 
there will be no refraction or bending of light at the interface 
between the two media. If in medium ‘b? the velocity is less, 
RJ. will be greater than unity, as in the case of glass relative to 
air, i.e. the light will bend towards the normal drawn at the point 
of incidence in passing from air to glass. All these have been 
verified experimentally and, therefore, the cause of refraction may 
be thought of as due to the velocity of light being different in 
different media, 

66. Path of the Refracted Ray by Geometrical Construction.— 
Suppose the refractive index for any two media, ‘a’ and ‘b’ is 


known, i.e. a"b— p[q (given). It is required to find the direction of 
the refracted ray in the second medium. 

Let AB be the surface separating the two media, and P,P be any 
ray incident at P on the surface AB (Fig. 72). 

From PA and PB cut off PK and PL equal to p and q units 
respectively. From K drop a perpendicular KR, cutting P,P at 
R,.- With centre P and radius PR, draw a circle. From L drop 
a perpendicular LM, to cut the circle at M,. Then PM, is the 
refracted ray. Drop R,R and M,M perpendiculars on the normal 

ue PK R,R RR, M,M 
TE. = aD aL 
at P. We have, a b=p/q PL M M PR, PM, 


another ‘a’ is given by, u^, 


('." PR, =PM, being radii of the same Sel PM aT ` 
Hence PM, is the refracted ray corresponding to the incident ray 
HE f D 

67. Refractive Index and ‘the Consequence of Reversibility of 
Light :—In Fig. 72, a ray P,P travelling in one. medium (air) is 
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refracted along PM, in the second medium (glass). Since the path 
of light is reversible a ray travelling along M,P in the second 
medium will refract along PP, in the first medium, 


So it follows that if œ denotes the index of refraction of the 
medium ‘b’ with respect to the medium ‘a’, and x’ that of ‘a’ with 
respect to ‘b’, Sin Tog, and sro Log, E 

sin r sin i u 

Hence, if the medium ‘a’ be air and '5' be glass, and if p repre- 

sents the refractive index of glass with respect to air, the refractive 


index of air with respect to glass is given by i -. Thus therefrac- 


tive index of air relative to glass will be 3, if that of glass to air 
is 3. 

Therefore, the R.I. of medium ‘a relative to medium ‘b’ is the 
reciprocal of the R. I. of medium ‘b’ relative to medium ‘a’. 


68. Refraction through a Plate with -Parallel Faces :— 
Let AB, DC be the parallel 
faces of a glass plate, and 
let OP be a ray“ incident at 
the point P making an angle 
i with the normal, and PQ 
the corresponding  refracted 
ray in glass (Fig. 74). It is 
bent towards the normal hav- 
ingr as the angle of refrac- 
tion. The ray PQ emerges 
out into air in the direction 
QR bending away from the 
normal at Q. 


Lateral Displacement.— The emergent ray QR is parallel to the 
incident ray OP, and it is not deviated by the parallel-sided block 
of glass but is only displaced, that is, moved sideways. The side- 
ways.shifting is known as lateral displacement, the magnitude of 
which (QQ’ in Fig 74) is measured by the perpendicular distance 
between the paths of incident and emergent rays. The amount of 
lateral displacement through a parallel-sided plate : depends on 
(i) the thickness of the block, (ii) the angle of incidence, and (iii) the 


value of p. 


Fig. 74 


Emergent ray parallel to incident ray— 


sin dies DU 


We have, from Fig. 74, sr 


" i sin r 
Again, for refraction at the. second face, dü PA EA] 
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sin z’ sin i’ Hu 

EL NM us zl et e (3 
But sin i’ sin r’ / 3 p D 

P Pag, Hence, from (1) and (3), ar, 


sin z’ sinr sin i 

But the two normals are parallel to each other, as the sides AB 
and DC are parallel ; so the angle r—the angle r'. 

Henec, sin i—sin i' ; or, i=i’ ; or, OR is parallel to OP. 

Thus, a ray of light in passing through a parallel-faced plate 
emerges parallel to the original direction having suffered a lateral 
displacement only. 

Normal Incidence.—If the ray OP meets the surface normally, 
then i— 0, and since sin 0*2 0, we have 

0 A Siea Alen, es 

EE RM (from equation 1). ^. sinr=0; or, Zr=0, 

Hence the ray passes straight all throughout without deviation 
or lateral displacement. 

Lateral Displacement.—It is given by QQ’ in Fig. 74. But 


QQ'—PQ sin QPO'  PQ sin (i-r). Again, cos r — thickness of slab 


PQ 
; ge thickness of slab... 
= srh N NEN 2 
QQ'=PQ sin (i-r) E sin (i - r) AN 
If the thickness, the value of the refractive index (ct. a= ER 


and the angle of incidence are given, the lateral displacement QQ" 
can be found. 

69. Passage of a Ray through several Media :— 

If, instead of two media, 
air and glass, we have air, 
water, glass (Fig. 75) and if the 
last medium be again air, then 
an incident ray OP, after 
passing through these media, 
will emerge parallel in air as 
RS, the refracting faces of 
these media being supposed to 
be parallel to one another. 


Fig. 75 This is experimetally true. 
Them a ys SI i wien Sinr glass sinr,. 
RR pe Ri Pa 7) * > 
sin r sin r,* sin i, 
F, PENN. : 
a" wx w'gxg ge. BUDE. Sn T R0 


sinr sinr, sini, 
the final ray RS being parallel to the initial ray OP, 
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Corollary.— From equation (1) of the above articles, 


n" x uU xu. 1, if the first and the last media be vacuum 
instead of air. 


That is, p” et x l =o, where m and Pw are the absolute 
o My Mtg py 


index of refraction for glass and water respectively. If we use the 

general notation (1) and (2), instead of w and g respectively, we have, 
1 2 1 in i 

w=". But p= mE where i is the angle of incidence in 
2 By 2 sin r 

medium (1) and r, the angle of refraction im medium (2), Therefore, 

B, sini AS ; 
Bete "op sin i—/, sinr, 
asila SRR” oe Š 


Example.—The index of refraction of water is $, and of glass $. Pind out 
the index of refraction from water to glass, 


Ans, We have, as in Art. 69,a%wx w'gxgla—1; or, ax whgxg=1 


(t. gHa=3) or, wHg=8, i.e, the index of refraction from water to glasses. 


70. Deviation of a Refracted Ray : —The angle of deviation of 
à refracted ray is the angle between the directions of incidence and 
refraction. 


In Fig. 76 (a) the ray PO is passing from a rarer to a denser 
medium, and it will be seen that in this case the refracted ray OO 
is deviated towards the normal. The angle of deviation D iis 


MEA 
zii cats NS 
zi i oD 
85 A get Q 


(b) 


Fig. 76—Deviation of a Refracted Ray. 


P'OQ which is equal to an angle (i—r). In Fig. 76 (b) where the ray 
PO is passing from a denser toa rarer medium, the refracted ray 
OQ is deviated away from the normal. The angle of deviation D, 
is P'OQ, which in this case, is equal to angle (r—i). 


VOL. II (1)—6 
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The deviation, D, for refraction at one given interface, increases 
as the angle of incidence increases and is largest when the latter is 
largest, i.e. 90°. For normal incidence, both i and r are separately 
zero and so the deviation, which is their difference, is also zero. 


Proof :— 
sin i=p sin r, (Snell's Law). 
*, sini-sin r—/ sin r-sin r=(#—1) sin r; 


or, 2 sin 5) X cos Etj- (u= 1) sin r; 
since, Desi - rj 2 sin:D/2— Lt D. sin r, 
cos (=) 
2 


Now as i increases, r also increases (Snell's Law), i.e. sin r will 


increase while cos zu will decrease. In other words, as i 


increases, sin D/2 will increase, i.e. D will increase. 


71. Common Illustrations of Refraction :—The phenomenon of 
refraction explains many peculiar appearances of which a few 
familiar illustrations are given below— 


(1) When an Object is in a Denser Medium and viewed from a 
Rarer Medium.—In this case 
(Fig. 77), the. rays diverging 
from the object P, which is 
placed in the denser medium, 
| are bent away from the nor- 


se 
c 


mal (i.e. made more diverging) 
when emerging into the rarer 
medium, and so the image P 
appearsto an eye placed in 
the rarer medium, to be nea- 
rer than the object P. This 
explains why in reflection 
experiments with plane mirrors, 
the silvering (i.e , the reflecting 
surface) was taken to be at 
two thirds of the real thickness 
from the front side of glass 
(Art. 25). This has becn dealt 
Fig. 77 Fig. 75 with separately in Art 73 


(2) When the object isin a Rarer Medium and viewed from a 
Denser Medium.—In this case (Fig. 78), the rays from the object P 
after entering into the denser medium will be deviated towards the 


Y 
| 
i 
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normal Soto an eye, placed in the denser medium, the object P 
appears to be raised, ie, the image P' appears to be farther than 
the object, 


(3) Puta coin P (Fig. 79) at the bottom of an empty basin and 
look along the edge of the 
basin in such a way that 
thecoin is no longer visible, 
Inthis case, the rays com- 
ing from the coin pass just 
above the eye. Keeping 
the position of the eye 
fixed, pour sufficient water 
in the basin, and the coin 
becomes again visible. In 
this case, the rays from the 
coin Pare bent away from 
the normal on coming out : 
of water, and to the eye the raul 
object appears to be at P'i.e. the coin appears to be raised and 
thus becomes visible. 


(4) The same thing happens on immersing a straight rod ABC 
in water in an oblique position. The rod appears bent at the 
surface of separation B (Fig. 80), and the part of the rod BC under 
water appears a little shortened. From the diagram it is clear that 
each point of the rod under water appears to be raised in relation 
to its actual depth, and the immersed portion of the rod appears 
shorter and raised in position ; and so it appears also to be bent 
at the surface of the water. 


If the rod is immers- 
ed vertically in the 
water, then the part of 
it under water. will app- 
ear smaller by one-quar- 
ter of its actual length 
[vide Art. 72]. 

It will be evident 
from the diagram (Fig. 
80) that any object will 
appear to be raised more 
when viewed more and 

Fig. 80 more obliquely. 


So, standing at one side of a swimming bath, the water directly 
under you will appear to you to be shallower than it really is, and 
the water at the far side will appear to be still more shallow, i.e, 
the bottom more raised up. : ^ 


(S) Atmospheric Refraction.—The atmosphere, we all know, 
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is less and less dense as its height increases above the sea-level and 
it is also known that the refractive index of a substance decreases 
with the decrease of density. 
So the refractive index of air 
decreases upwards owing to 
the diminution in density. 
For this reason the rays 
of light proceeding from a 
heavenly body, such as a star, 
cannot travel in straight lines, 
but are refracted more end 
more towards the normal 
as they penetrate into the 
different layers of the atmos- 
phere. Since an observer on 
Fig. 81 the earth’s surface sees any 
heavenly body in the direc- 
tion of the rays reaching him, the altitudes of heavenly bodies 
always appear to be too great, i.e. they always appear higher up 
in the sky than they are. Thus an observer at A on the earth's 
surface sees the star S in the direction AS’ (Fig. 81). “Due to such 
atmospheric refraction, the sun becomes visible some time before it 
rises and remains visible for some time after it sets, i.e. when it goes 
below the horizon. Due to the same reason the sun, when near 
the horizon, appears to be oval-shaped, because rays from the lower 
edge, which have to pass through a greater thickness of air than 
the rays from the upper edge, are refracted more, and so the 
vertical diameter of the sun appears to be diminished in size, 
whereas the horizontal diameter remains unaltered, 


(6) Twinkling of Stars.—It is caused by the changes in atmos- 
pheric refraction. The rays of light from a star before they reach 
an observer on the earth travel through the atmospheric air, the 
layers of which have different densities at different levels and these 
densities are also never steady due to convection currents resulting 
from temperature differences and other causes. Consequent on 
such changes in mass density of the air, the refractive index of the 


layers of the air also changes, though such changes are rather 
small. 


Now a good concentration of rays in a particular direction must 
reach an observer to enable him to see a star brightly. This cannot 
happen continuously because of the changes of the refractive 
index of the air on account of which the paths of the rays alter 
from instant to instant. The amount of light reaching the eye of 
an observer in a given direction being thus not constant every 
moment, à star appears to the observer to twinkle. 

The planets, however, do not appear to twinkle. This is because 
the amount of light Ieceived from them by an observer. on the 
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earth is very much greater, the planets being much nearer comp- 
aratively, and the fractional change in brightness due to changes 
in atmospheric refraction is inappreciable. 


72. Mathematical Treatment of the Effect of Refraction on 
the position of an Object :—When an object is placed ina denser 
medium and observed from a rarer medium— 


Let EF (Fig. 82) be the surface 
Of separation of two optical media 
‘a’ and ‘b’, *b' being the denser of 
the two. Let a ray PO, coming 
from the point P in the medium 
“p strike the surface at O,, very 
close to O where the normal PO 

from P to the surface EF inter- 
sects the surface. The ray PO, 
emerges along O,A, into the 
medium ‘a’. The emergent ray Fig. 82 
O,A, produced backwards into 

the denser medium intersects the normal at P. Similarly, the ray 
PO, will refract along OAs, which, when produced backwards, 
will also meet the normal PO at P,. Hence an eye receiving the 
rays between O,A, and O,A, would see the image of P at P,, and 
OP, would be the apparent depth of the object when the real depth 
is OP. 

The emergent ray O,A, makes with the normal at O, an angle 
A,0,N— ZP,0,N,= Z0OP,0,— Zr, the angle of refraction, and 
ZPO,N,= ZOPO, — Zi, the angle of incidence. 
sini  sinOPO, _O,P, 

sinr sinOP,O, OP 


In order that the pencil of rays considered may enter the eye, 
O, must be near O. So, O,P, —OP,, and O,P—OP, approximately. 


Hence, b¥a= 


OP, apparent depth. 


ua = 
Hence t OP real depth 
s OP real depth PEE 
Bop eL SU ICRNOUDUI O04 EET f glas: 
TAA OP, apparent depth T9 CREE EC DL det, 


= 1333-5, in case of water, 

Note.—(i) It is evident that the refractive index of a medium 

can be determined by measuring the real depth and the apparent 

depth of any object in that medium when viewed normally from 
air. 

The above principle is utilised in determining the refractive 

index of a solid or a liquid by a travelling microscope (vide Art. 79). 
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(ii) The result, obtained as above, is only true for the 
refraction of nearly normal rays. For oblique pencil, the apparent 
position is altered considerably. 


73. Effect of Refraction in the case of a Plane Mirror 
silvered at the Back: 
—1n Fig. 83 a plane 
mirror silvered at the 
back surface PQ has 
been shown, A ray 
AB is incident at the 
first surface from which 
only a part of it is 
actually reflected. The 
rest refracts into the glass and is reflected from the point of inci- 
dence O, which lies on the silvered surface PO, and subsequently 
emerges out as CD after suffering refraction again at the first 
surface. AB and CD when produced, will meet at O, and not at 
O. That is, the point from which the reflection will appear to 
have taken place will be at O,, while the actual point of reflection 
is O. From this consideration it is clear that the apparent position 
of the reflecting surface will be given by P,O,Q, as shown in 
the figure. 


Fig. 83 


real thickness of glass 

apparent thickness of glass 
=$, (from Art. 72). 

.. The reflecting surface will beat two- 
thirds of the thickness of glass, 

74. When an object is placed in a 
Rarer Medium and observed from a 
Denser Medium.—Suppose an object P 
placed in the rarer medium ‘a’ is observed 
from the denser medium ‘b’ (Fig. 84). The 
ray PO, falling normally on the surface of 
separation enters into the medium ‘b’ un- 
deviated. The slightly oblique ray, PO, 
incident on the surface at O, refracts along 
OQ. Let NON, be the normal at O to the 
surface of water. Fig, 84 


Since air » glass= 


The two refracted rays produced backwards meet at P,. Thus 
P, will be the image of P as seen by the observing eye E. Ifa"b— 
refractive index of ‘b’ relative to ‘a’, 
dpt sin PON sin OPO, sin OP,O, __00,/OP OP, 
sin QON, sin P,ON sin OPO, 00,/OP, OP 
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Now O must be very close to O, in order that the pencil of 
rays considered above may enter the eye. So OP and OP, may 
be approximately put equal to OP and O,P,. E 


So the apparent distance of the object above the surface 00, 
as seen by the observing eye E, will be given by, 


O,P,=0,Px aub real distance X us. 


75. Some Interesting Cases of Refraction :—(i) Glass is 
ordinarily transparent, but when it is powdered it appears white 
and opaque, because in that case light is reflected from the surfaces 
of innumerable tiny particles of glass and causes the powder appear 
white. If now water is poured into the powder, the rays are 
bent or refracted and very little reflection takes place at the 
surfaces and so the glass appears transparent again. 


Powdered coloured glass also appears white because the colour 
of the glass is due to the light which passes through it, but in this 
case the rays of light are reflected at the surfaces before they 
penetrate far into the glass, and so the powder appears white. The 
colour is restored by moistening the powder, as in this case less 
reflection takes place. 


Ordinary paper becomes transparent when it is oiled because, 
in this case reflection at the rough surface is reduced and more 
light passes through the paper. 


(ii) It is known that the glare of an ordinary electric bulb, 
where the light enters the eye only from the direction of the 
filament, is reduced by frosting, i.e. by artificially roughening the 
inside surface of the bulb by which the light from the filament is 
refracted in all directions. If however, the outside of the bulb is 
roughened, much of the light meets the surfaces of glass at angles 
greater than the critical angle (vide, Art. 76), and thus the rays get 
reflected back into the bulb. 


(iii) If a colourless transparent object like glass is placed ina 
liquid having the same refractive index as that of the solid, neither 
reflection nor refraction takes place at the surface of the object, and 
so the object remains completely invisible. An optical illusion 
may be produced by keeping a ball of iron on a glass rod dipped 
in a bottle of glycerol (which has got the same refractive 
index as that of glass), then the ball will appear to be 
floating on the liquid. 
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76. Total Internal Reflection : Critical Angle :— When a ray 
of light BA passes from a 
denser medium like glass, or 

F water, into a rarer medium 

like air, it is refracted away 

c from the normal, i.e, as AF 

in Fig. 85 and sothe angle of 
refraction is always. greater 

H than the angle of incidence. 

Pa If the angle of incidence 

increases from / BAN, to 

Critical ZMAN,, the angle of 

P oerte refraction also increases 
Fig. 85 from ZNAF to ZNAG; 

and for acertain value of 


the angle of incidence, say ZDAN,, the angle of refraction 
becomes 90°, that is, the refracted ray AY grazes the surface of 
separation XY. This particular angle of incidence DAN, for which 
the angle of refraction is 90° is called the critical angle, the value 
of which depends upon the two media concerned and the colour of 
light used. 


If the angle of incidence be increased still further, say to 
ZEAN,, there will not be any corresponding refracted ray. The 
ray AH, instead of emerging out into the rarer medium, air, will 
be reflected back into the same medium, glass, obeying the ordinary 
laws of reflection. The ray AH is said to be totally reflected and 
such reflection is called total internal reflection to distinguish it 
from all other cases of reflection. The reflection is total and 
internal, because here no part of the incident light is refracted, but 
the incident light is wholly reflected by the surface. 

If C be the critical angle for the two media, and p therefractive 
index of the denser medium with respect to the rarer one, we have 
(since here light passes from the denser raedium to the rarer one), 


(denser) 


N 
t 

i 
N 


To Sete VOR A dod 
dapi sin Se or, Ene 


In other words, the sine of the critical angle is equal to the 
reciprocal of the refractive index of the denser medium with res- 
pect to the rarer one. 

Thus, if C is known, p can be calculated and vice versa. 

The value of s for water is $. So,the critical angle for water 
is the angle whose sine is 1/4, i.e. 2 which is 48° 36', 

Critical Angle.— When a ray of light of any given colour travels 
from a denser to a rarer medium in such a way that the angle of 
refraction is 90°, the corresponding angle of incidence is called the 
critical angle for those two media. It is so called, because, if the angle 
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of incidence is lesser, the ray refracts into the rarer medium obeying 
the ordinary laws of refraction, while if the angle of incidence is 
greater, the ray gets wholly reflected back into the denser medium 
obeying the ordinary laws of reflection (without any part of the ray 
being refracted). $ 

Total Internal Reflection.—When a ray of light of any given 
colour travelling in a denser medium meets the surface of a less dense 
medium in such a way that the angle of incidence is greater than the 
critical angle for those two media, the ray is wholly reflected back 
into the denser medium, and is said to undergo total internal 
reflection. 


Conditions of Total Internal Reflection—Total reflection is 
possible only for a ray of light passing from a denser medium to- 
wards a rarer one. The second condition is that the angle of 
incidence must exceed the critical angle for the two media for the 
given colour of light. 

Example.—7'he refractive indices of glass amd water are 1:52 amd 


1:33 respectively. Calculate the critical angle when light passes from 
glass to water. (Andr. U. 1950) 


Ans, Refractive index of water with respect of glass, g#w=133 + 1:52 
0:8750. Now at the condition of total reflection (light travelling from glass to 
water). 

1 E ir 
g=- 
whg: sinc" where O is the critical angle, 


or, sin O=1/wHg=¢hw=0'8750, 
«e Z O-sin*! 0:8750—61?3^. 

77. Practical Applications of Total Reflection :— 

Expts.—(i) Insert a test tube into water contained in a glass 
trough. Gradually tilt the test tube and 
look at it from above. The tube pre- 
sents a brightly polished metallic 
appearance. Rays after passing through 
water and striking the surface of the 
tube at an angle greater than the criti- 
cal angle for water and air (48° 36’) 
suffer total reflection, which gives the 
surface a shining appearance (Fig. 86). 

Now pour water into the tube, and 
the shining appearance disappears as in 
this case, the medium within the tube 
is changed into water, instead of air, 
and the total reflection of rays does no 
longer take place. 

(ii) Similarly, a smoked metal ball 


Fig. 86 


introduced into a beaker of water appears silvery white as water 
cannot come in intimate contact with the surface of the ball on 
account of athin film of air intervening between the surface of 


90 


the ball and water. 
at this air film. 


When collecting gases in a gas jar, 
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Light coming through water is totally reflected 


the shining appearance of 


the bubbles rising in the water is due to light through the water 
reaching the surface of the bubbles at angles greater than the critical 


angle, and so light is totally 
reaching the eye make the bubbl 


reflected and these reflected rays 
es appear shining, 


(iii) Totally Reflecting Prisms :— 
(a) Deviation of Rays through 90".—1In Fig. 87, a right-angled 


isoceles glass prism is 
having equal sides AC and 
beam of light strikes normall 
undeviated through this. face 


Te 


y 


A 


Fig. 87 
refraction will take place there, 
less than the critical angle for ice 

(b) Inversion of Image with 
the Rays deviated through 
180°.—In Fig. 88 light enters 
normally through the hypote- 
nuse face AB of a right-angled 
isoceles prism whose principal 
section is given by ABC. The 
light will be totally reflected 
successively at the faces AC and 
CB and will finally emerge out 
of the face AB parallel to the 
original direction of incidence. 
The image produced by the 
emergent rays will be inverted 
as shown in the figure, and the 


deviation, of the rays is evidently 180°, It may be 


but on 
AB, they will be totally reflected. 

is that they will be incident at 
greater than the critical angle (42°) 


presented by the principal section ABC 
BC and right-angled at C. 


If a parallel 
on the face AC, the rays will pass 
meeting the hypotenuse face 
The reason for total reflection 
AB, at an angle of 45° which is 
for glass to air refraction, 

So the rays, after total reflec- 
tion, will be turned vertically 
downwards, because the angle 
of reflection will also be 45°, i.e. 
the reflected rays will be deviated 
through 90° with respect to the 
original incident beam, These 
reflected rays will strike the face 
BC normally and will, therefore, 
pass out straight. 

N.B.—A similar action as 
above is not possible with an ice- 
prism. The incidence at the hypo- 
tenuse face being at 45° ordinary 
because the angle of incidence is 
to air interface which is 50 degrees. 


Fig. 88 ] 
noted that, if the 
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edge of the prism is vertical the image will be inverted laterally 
while, ifthe edge is horizontal, the image will be inverted vertically. 


(c) Inversion of image without Deviation of Rays (Erecting 
Prism).—In Fig. 89, an inverted image is shown to be made. erect 
by the use of a right-angled isoceles glass prism, where total 
internal reflection takes place at the hypotenuse face. From the 
tracing of the rays it is evident how inversion of the image can take 
place without deviation of the rays. 


A prism used in this way 
is called an erecting prism. 
Such an erecting prism is 
often used in projection lan- 
terns, and other optical ins- 
truments where inverted im- 
ages are formed by lenses, 
which are then made to ap- 
pear in the right way upon 


Fig. 89 
the screen by placing an erecting Prism like this in the path of the 
emergent rays. 

(iv) The critical angles of many precious stones, like diamond, 
are small owing to their large refractive indices, and the brilliancy 
of these stones is due to this fact. For diamond the critical angle 


is, 


C gini (sl 22353. 


When light enters a piece of diamond or ruby at any of its cut 
faces, the light cannot come out at 
most of the other faces on account of 

— the critical angle being low, and so 
it suffers total reflection again and 
again, for which the faces look brilli- 
ant, 

(v)  Periscope.— A prism peris- 
cope essentially consists of two right- 
angled isoceles glass prisms, one 
fixed at the top, and the other at the 
bottom (Fig. 90), and a system of 
lenses (not shown in the figure) placed 
between the prisms serving as two 
telescopes, Rays of light coming from 

observer a distant object, say a ship, enter the 
first prism and are reflected down- 
wards by total internal reflectionfrom 

Fig. 90—A Periscope. the hypotenuse face. Then, after pass- 

ing through the telescopes, they enter the second prism and are 

refiected at right angles in a horizontal direction by total internal 


view 
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reflection again. Thus the observer sees a magnified image of the 
object from a depth in water, 

78. Advantages of a Totally Reflecting Prism as a Reflector.— 
As compared with a plane mirror, a totally reflecting prism used 
as a reflector has some advantages, An ordinary plane mirror has 
two surfaces of which the back surface is usually silvered for 
reflection to take place. Reflection, however, takes place also at 
the front face on account of which the image formed by the 
silvered surface canot be as bright as is possible by single reflec- 
tion. Besides this loss of brightness of the image, there is another 
defect. Ifthe mirror is thick, and the incidence of light oblique, a 
number of images may be formed by successive reflections at the 
two faces. This is undesirable for a good reflector. If the silvering 
isdone at the first face, or a metallic reflector is used, these two 
above defects may, however, be reduced. But in such cases, the 
surface becomes liable to tarnish on account of direct exposure. to 
the atmosphere, which ultimately results in diminishing the bright- 
ness of the image formed. When a 45° totally reflecting prism is 
used as a reflector, there is no doubt that some loss of light takes 
place due to reflection at the places of entrance and emergence, 
and by absorption within the glass. But they are much smaller 
than with a plane mirror, for the entrance and emergence take 
place normally. The reflecting surface being an internal face is 
protected from tarnishing and the reflections that takes place there 
is total. The result is that such a prism provides a permanent 
reflecting surface producing a bright and clear image. 


N.B.—An alloy consisting of 68:2 per cent. of copper and 31:8 
per cent. of tin, however, has been prepared, the polished surface 
of which is not tarnished easily in contact with air. 


Fig. 92—Travelling Microscope. 
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79. Determination of Refractive Index (p) :— 

Solid.—(1) Take a drawing board on which a paper is fixed. A 
straight line MN is drawn on the paper and an arrow mark is 
given at P(Fig. 91). A glass cube is placed on the paper such that 
one of its sides is in contact with the arrow-head at P. A large pin 
S is fixed horizontally on a stand and it can be slided up and down. 
Now look into the block from the top and adjust the position of 
the pin so that there is no parallax between the imageof the arrow- 
mark P seen through the glass and the end of the large pin S. seen 
in the air. Let this position of me pu beat P. Then, 

real thickness of glass _ 

apparent thickness of glass OP'’ ciorum IL 
vertical depths of P and P' from the upper face of the cube whose 
level is at O. 

(2) A travelling microscope EO (E is the eye-piece and. O the 
objective) that can be moved up and down a vertical scale.S, is 
focussed on a fine pencil mark on a piece of paper placed on the 
table, and the reading d, of the vernier V, on the vertical scale S 
is noted (Fig. 92). A plate of glass being then placed on the mark, 
the microscope is focussed again on the mark as seen through the 
glass and the position d, of the vernier of the scale S is noted. A 
few bits of lycopodium powder are then sprinkled on the top of 
the glass plate and the reading d, on the scale is again noted when 
the powder is best visible. Then, 

_ real thickness | d-d, 
apparent thickness. ds —d. 

Liquid.—The above method (2) may be applied to the case of a 
liquid also by first focussing any mark on the bottom of a glass 
trough and then pouring the liquid and 
focussing again, and thirdly, by focussing on 
some dust powder, such as lycopodium, cork, 
etc. sprinkled on the surface of the liquid. 

(3) Refractive index of water can be 
roughly determined by looking down into a 
tall jar full of water, and marking on the out- 
side of the jar the apparent position of its 
bottom. This method can be improved as 
follows. 

Expt.—Take a gas jar J and measure the 
depth d of the jar accurately (Fig. 93). Puta 
pin O in the jar and fill it with water up to 
the rim. Now place à plane mirror with its 
face upwards across the top. Fix a pin P in 
a clamp and adjust its height so that. there is Iz 
no parallax between the image of this pin Fig. 93 
seen through the mirror and that (P) of the immersed pin O as 
seen from above. 


ag 


a'g 
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Then the distance of the top pin from the back of the mirror 
Bives the apparent depth, while the depth d of the jar gives the 
real depth. Take D to be the mean of several readings of the 
apparent depth. 


. real depth _ D. 
Thus K opparen) depth dip. 


(4) Glass Prism Method.—( Vide Art. 91) 


(5) Refractive Index of a Liquid by a Concave mirror.—In this 
method first of all a 
concave mirror is placed 
on the table with its 
concavity upwards and 
its centre of curvature 
C is determined. with 
the help of a horizontal 
pin mounted on a. ver- 
tical upright by the 
method. of coincidence. 
A small quantity of the 
liquid is then poured 
into the mirror and the 
new position C, of coin- 
cidence of the pin with 
its real image is found 
Out (by avoiding para- 
lax) Then is deter- 
mined from the relation, 
PC 


PG 

The above relation can be deduced from the simple principle of 
refraction at the surface of the liquid. In the absence of liquid, 
the rays like CD and CD, were incident normally on the mirror 
and were reflected back in the same direction. But when liquid is 
poured, a ray from the pointer at C, procecds along C,B and gets 
refracted at B and if after refraction it follows the path BD it. will 
be normally reflected and retrace its path and finally come back 
to C, (Fig 94). Thus the image of the pointer and the pointer 
itself will coincide only under the above condition. 


sinr sin BCA  BAJCB C,B’ 
When the quantity of liquid taken is so small as to cover up a 
small region near the pole P only, then, 
CB = ACPC and C; B- C, APC. 
Ta AAGE S PO P 


AC, PC, 
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This method is not accurate because of the fact that the surface 
of a small quanity of liquid is never plane as has been supposed 
in the calculation. Moreover, as the small thickness of the liquid 
layer is neglected, an automatic inaccuracy creeps in the result. 
So Bedford suggested that the mirror should be submerged in the 
liquid at a depth of one or two centimetres below the surface and 
# should be found out from the relation, 

_ AC 
AC, 

(6) Refractive Index of Liquid using a Plane Mirror and a Convex 
Lens.— The experimental arrangements of the method is shown in 
Fig. 95. A movable horizontal pin 
is attached to a vertical stand fixed 
to a horizontal base, On the base 
is placed a plane mirror M on 
which a double convex lens L, is 
placed Now by adjusting the 
position of the pointer, the real and 
inverted image of the pointer, as 
formed by the rays refracted 
through L, and reflected from M, 
is made to coincide with the pointer 
itself avoiding parallax. During 
this adjustment the-tip of the pin 
should preferably move along the 
axis of the lens, Let P, be this 
position of the pointer. Now the 
focal length f, of the lens L, is 
given by the distance between P, 
and the upper surface of L, plus 
one-third the thickness of the lens as 
measured by as lide callipers, Now 
the lens Z, is removed and a few drops of the liquid under test is 
put on the surface of the plane mirror. On this liquid the lens LZ, 
is then placed, the liquid between L, and M thereby forming a 
plano-concave liquid-lens L,. The focal length of this combination 
of L, and Lg is again determined by adjusting the pointer at the 
position of exact comcidence which, suppose, is at P,. The 
distance between P, and the upper surface of L, plus one-third 
the thickness of L, gives the focal length F of the combination. 

But from the theory of equivalent lens we know, 


Se hes EM uw (1) 


Hn 


where f, — focal length of the liquid lens, 
Tul 


vdd K F A 
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Thus f; is determined. 
But the focal length of the plano-convex lens is 


RTI (=a) 


on muss i x: (2) 


Thus from relation (2) & can be determined ifr,, the radius 
of curvature of the upper surface of the liquid lens, i.e. the lower 
surface of the lens L, be determined with the help of a sphero- 
meter. 


This method is very useful when only a small quantity of 
liquid is available because the experiment requires only a few 
drops of liquid as has been referred to above. 


Example—The critical angle between glass amd air is 42°. Prove 
that a ray-of light incident on one face of a glass cube suffers total 
reflection at the adjacent face, whatever may be the angle of incidence. 

(Pat. 1944; Utkal, 1944) 


Let ABDC be a cube (Fig. 96). PQ isa ray incident at Q and 
QN is the corresponding refracted ray which is reflected internally 
at N and meets the other side of the cube at O. OR is the emergent 
ray. NSand TS are normals at N and Q. Total reflection will 
occur when the angle QNS—42. | But ZONS=90° - ZNOS 

-. ZQNS is minimum when 
ZNOQS is maximum, But the 
maximum possible value of 
ZNQS is 42° (when the angle of 
incidence at Q is 90°, ie, fora 
ray of grazing incidence). .'. The 
minimum value of ZQNS=90° 
—427—48', which is greater than 
42°. Hence total reflection will 
7 occur at N for any angle of 
Fig. 96 incidence at Q. 


N.B.—In a similar manner it can be explaind why covered 
print cannot be visible from any one of the four sides of a glass 
cube placed on a book. [Face AC of the block (Fig, 96) may 
be supposed in contact with the print.] 


(7) Refractive Index of a Liquid by Total- Reflection . 
Method.—When a large quantity of a liquid is available, the refrac- 
tive index » of the liquid can be determined by making use of the 
relation, sin C= 1/g (Art. 76), where C is the critical angle for the 
liquid with respect to air. 


Expt.—An air-cell AB (Fig. 97) is constructed by enclosing a 
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thin film of air between two thin parallel plates of glass, A and B 
which are separated along the 

edges by paper and sealed M 

all around. The cell is so 
mounted that it can be turned 
about a vertical axis R and 
the angle between any two 
positions can be measured by 
a pointer P, which moves over 
a graduated circular scale M. 
The cell, which is attached 
below the scale, is immersed 
in the experimental liquid, 
say, water, contained in a 
cubical trough Vof glass. A 
beam of light from a sodium i 
burner F, transformed into Fig. 97 

a parallel beam by the lens L, is passed through a slit in the screen 
Sı and falls on the air-cell (Fig. 98). The image of the slit is 
finally received by a telescope T focussed for parallel rays and 
placed on the other side of trough. 


Fig. 98 


The observer can see the bright image of the slit when the 
plates are normal to the beam of light. But if the plates are 
turned, the brightness of the image gradually diminishes and a 
position comes when the angle of incidence from liquid to air is 
equal to the critical angle, and any further turning of the plates 
gives rise to total reflection when the image just disappears. The 
position of the pointer here is noted, The plates are now rotated 
in the opposite direction until the image of the slit just disappears 
again. This case is shown in the figure by the dotted position of 
the air-cell. . v 

The angle between the two positions of the air-cell, as given by 
the pointer, is twice the critical angle C for the liquid and air. 
The index of refraction » of the given liquid is then given by, 
p. lsin C (Art. 76). 


VOL. 11 (L)—7 
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(8) Solid—Refractive Index of a Solid by Critical Angle — 


A piece of semi-circular plate CED 
of the given solid (say, glass) is 
placed at the centre of a Hartle’s 
optical disc (Fig. 99) in such a 
way that the plane face COD lies 
along the 90°-90° diameter and 
the 0°- 0° diameter passes normally 
through the centre O, as shown 
in the figure. A thin pencil of 
light coming through the slit and 
tracing its path along the disc is 
made to fallon the curved edge 
CED. The pencil being radial emer- 
ges out from the plane face COD 
through O (there being no refraction 
Fig. 99 at the curved face) This disc is 

suitably rotated until the emergent ray just grazes the plane face 
COD. The angle of incidence AON at this stage gives. the critical 
angle C. If~ is the refractive index of solid. 
DE 
sin C 

Examples.—/. A man is looking vertically downwards into a tank 
filled with water, the bottom of which appears to be at a depth of 4 ft. 


What is the actual depth, the refractive index of water being 1-33 ? 
(All. 1925) 


133- reat depth 
4 


uE 


Ans. We have, air” water= 724! depth | 
apparent depth 


*, Realdepth=4x 1'33=5:32 ft. 


£..A speck in the interior of a piece of plate-glass appears to an 
observer looking normally into the glass, to be 2 mms. from the nearer 
surface.. What is the real distance? The index of refraction of glass 


moy be taken as (C. U. 1921) 
Ans, Wehave, alg eal distance. — y, real distance 
; apparent distance `` (TUUS 


«s Real distance of the speck from the surface—$ x 223 mms. 


80. Mirage:—The mirage seen in deserts or over any flat 
extensive heated surface is an example of total reflection. The layer 
of air nearest the surface of the desert is heated most, it is thus the 
least dense ; and, in the absence of wind, the atmosphere may be 
thought of as consisting of a series of layers of air of density 
increasing upwards as the distance above the surface of the earth 
increases. 


In Fig. 100, a ray of light coming from a tree BA is shown 
to be refracted away from the normal in passing down from one 
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layer to the next below, which is less dense. The refraction is 
thus increased as the f 
ray passes down to 
successivly lower layers 
and so it travels along 
a curved path as shown 
in the figure. The 
angle of incidence 
increasing in this way, 
may attain ultimately 
a value at which it just 
exceeds the critical 
angle for the two suc- 
cessive layers, Let this ; , 
layer be at O, when Fig. 100—Mirage in a Desert, 
the ray will be totally internally reflected. The ray then passes 
upwards being continually. refracted into denser and denser 
layers and the upward ray finally enters the traveller's eye (at 
M), who sees the tree in the direction of the light last reaching 
his eye, ie. he sees an inverted image BA, of the tree below 
the ground. The inversion of the image produces, by the law of 
association, in the mind of the traveller, an impression as if 
the image is formed by a near pool of water. This optical illusion 
is called mirage. Sometimes a thirsty traveller in a desert sees a 
plam tree and its inver- 
ted image by reflection 
ina pool but on approa- 
chingit, the pool dis- 
appears and he becomes 
(E sant a cruel victim to the 
Hot air ober illusion, 
rand Mirage in Cold 
Regions.—In very cold 
regions the lower layers 
of air are gradually 
more and more cold and 
so the density of the air 
graduaily increases 
downwards. In this case, 
light from a distant 
objeét (the ship in Fig. 
Fig. 101—Mirage in Cold Regions. 101), while proceeding 
upwards, is refracted 
away from the normal at such layers and the refraction increases 
more and more in different layers until it is totally reflected and 
begins to travel downwards. The object, therefore, appears to an 
Observer to be hanging inverted in the air as shown in Fig. 101. 
81. Upward vision for an eye placed under Water :—The 


Warm air 


‘Cool air 
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greatest angle of refraction from air into water of the rays from 
Objects above the surface of water is the critical angle C for water. 
Thus an eye placed under water looking upwards will see external 
objcets lying within a vertical cone of Z2C. Beyond this cone the 
eye will see, by total internal reflection, objects lying below the 
water surface, and the water surface outside the cone will thus act 
as a mirror. 

Example.—An eye is placed at a certain depth below the calm surface 
of water, Show that to the eye, the surface appears like a reflecting 
plane mirror with a circular hole through which objects situated outside 
the water can be seen. 

Also prove that the radius of the hole is h]u* —1 cm. where R 18 the refractive 
index of water and h cm. the depth at which the eye is placed. (Pat, 1945) 

Ans. The critical angle for water-air interface is 49°, for Se 51333. 


This means that object on the water surface, say, a ship on one side 
and a setting sun on the other, as shown in Fig.102 will apparently crowd 
into a cone whose slant sides AE and BE meet at an angle of 98° to an 
eye E placed in water. If now a normal EO be drawn from E to the 
water surface, it will be equivalent to saying that the surface will behave 
as'having a hole of radius AO or BO through which objects outside the 
meres can be seen by the eye. Now AO=BO=EOxtan AEO-—h 
tan 49°. 


Now, sin avot; Or, A? =cosec® 49°m]1 --cot? 49? : or, cot 49°= Neel. 


^ AO=BO sh tan 49° Ë. 
Nurmi 
Note.—By casting the eye a little beyond this cone, the eye is 
able to see objects placed in the water, for the rays that reach the 
eye outside the cone of 98* are all totally reflected from the inter- 
nal surface of water being inclined at an angle exceeding 49° with 
respect to the normal on the water surface at the point of 
incidence. In the figure, a fish is shown to be seen in that way. 


a 
Fd 


ENS a 


Fig. 102 
Thus we find that to an observer's eye at E the rising sun on 
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the horizon, whose rays are grazing the water surface, will appear 
to be at an altitude of (90°— 49°)=41° i.e. along the line EB (Fig. 
102), and the setting sun will appear along the line EA subtending 
the same angle of 41° with the horizon. Therefore, the-whole path 
of the sun from rising to setting will lie within a cone of AEB= 
2x49'—98*. Hence a fish sees all objects above the water surface 
within a cone of the above angle. Thus while the sun describes to 
us an arc of 180°, it describes to a fish under water an arc equal to 
98° only, ‘Taking the value of the critical angle for water and 
air to be 48°36’ instead of 49°, this angle will be 2x 48°36’ 
=97°12', 


82. Refraction of Light 
through a Prism :— A prism A K 
isa portion of a transparent 
medium lying between two 

‘plane faces inclined at an 
angle. 

The two faces are called 


the refracting faces of the P 
prism, and the line along 

which the two refracting faces ZZ € 
meet is called the refracting 

edge or simply the edge of the 

prism. The angle of inclina- Fig. 103 
tion between the two refracting faces is called the refracting angle 
or simply the angle of the prism. Any section of the prism made 
by a plane perpendicular to the edge of the prism is called a 
principal section of the prism. The face of a prism opposite to the 
refracting edge is called the base of the prism. 


N 


N 


In Fig. 103, a prism has been shown where if we consider the 
faces ABB'A' and ACC’A’ as the refracting faces, the line AA’ along 
which they meet will be the edge of the prism and the angle BAC 
included between the refracting faces will represent the angle of the 
prism. The face BB'C'C which is opposite to the edge will be the 
base of the prism. The section ABC, made by a plane. perpendi- 
cular to the edge AA’ represents a principal section of the prism. 
In a-prism, only the refracting faces through which light passes 
need be transparent, : 


83. Refraction through a Prism in the Principal Section :— 


Expt.—Place a prism on a sheet of paper fixed on a drawing 
board and draw the outline of its principal section ABC (Fig. 104), 
by means of a pencil. Fix two pins vertically, one at P in contact 
with the face AB of the prism and the other at Q at some distance, 
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such that the line joining QP will meet the face of the prism 
in an oblique direction. Fix 
two other pins at R and S, on 
the opposite side of the prism 
(R being in contact with the 
prism and -S some distance 
away), so that these pins and 
nof fo M the refracted images of the 
gent pins at P and Q appear to lie 
in the same straight line when 
looked through the prism. 
P -c Now remove the prism. Join 
Fig. 104—Refraction through a Prism in PQ, PR and RS. Produce 
the Principal Section. OP, to T and SR to meet QT 
at the point Q' Then QP represents the incident ray, PR the 
refracted ray within the prism, and RS the emergent ray, The line 
OPRS represents the complete course of the ray. Notice that at P 
the ray PR is bent towards the normal as it is passing from a rarer 
toa denser medium, and at R the emergent ray RS, in passing 
from a denser to a rarer medium, is bent away from the normal, 
that is, deviated towards the base BC of the prism. Thus a ray, in 
travelling through a prism, bends towards its thicker part. 

84. Deviation of a Ray in passing through a Prism :—In the 
absence of any prism, the incident ray QP (Fig. 104) would have 
proceeded in the direction OPT; so the ray has been turned through 
an angle TO'R due to the introduction of the prism in the path of 
the ray. This angle ie. the angle between the direction of 
incidence and the direction of emergence is called the angle of 
deviation, 

Let i be the angle of incidence and r the corresponding angle of 
refraction at the first face AB (Fig. 104), and let i’, r’, be the angles 
of emergence and incidence respectively at the second face, 
Suppose the normal NO at P meets the normal N'O at R at the 
point O. ` 


If D—angle of deviation, and A=angle of the prism, we have 
ZAPR+ ZARP--ZA-2 rt. angles and Z APO-- Z ARO-2 rt. 
angles, for each of them is a right angle. 

“. ZOPREZORP- Z4; or, r+r=A; 
“. We have, D= ZTO'R= ZO'PR4- ZO'RP 
-i-rei-r-iti'-(rar)esidi—4A n (D) 


85. Measurement of Deviation of a Ray :— 
(a) Pin Method.— 


Expt.—Take a sheet of paper fixed on a drawing board and 
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draw a line XY almost in the middle of the paper (Fig. 105). Draw 
7 or 8 lines such as NP, N,P, etc. perpendicularly to the line XY. 
a few inches apart from each other. : / 

Now draw lines such as PQ, P,Q,, Y 

etc. makingangles i, i,, etc. with each 
of the normals. Take the first angle 
ito be 30° and the other angles 
increasing by 5°, i.e. 35°, 40° etc. up 
to'60' or 65°, Then place the prism 
ABC on XY so that one of its faces 
AB is just on the line, and the normal 
NP is almost in the middle of AB. 
Draw the outline of the prism with a 
pencil. Insert a pin vertically at P 
along the face AB and another at Q, 
asfar as possible, on the line PQ, 
Looking through the face AC fix two 
pins R and S (R being in contact with 
AC and S as far as possible). such 
that these two pins and the images of 
P and Q appear to bein the same 
straight line. Then PQ forms the 
incident and RS the corresponding 
emergent ray, and OPRS the complete course of the ray. Remove 
the prism, and draw the course of the ray. Produce QP to J’ and 
SR to meet QT at O. Then the angles TOS is the angle of devia- 
tion D corresponding to the angle of incident Zi. Measure these 
angles by means of a protractor. Now place the prism in the 
position A,B,C, and proceed in the same way to find out the angle 
of deviation corresponding to the angle of incidence i,. In this 
way measure the angle of deviation corresponding to the angle of 
incidence in each case and tabulate your readings. i 


Fig. 105 


It will be found that a ray, in passing through the prism, is on 
the whole deviated towards the base of the prism. 


(b) Hartle's Optical disc Method — 


The relation between the angle of incidence i and the deviation 
D for a ray of light of given colour passing through a prism 
can be experimentally determined as follows by means of a 
Hartle's Optical disc. 


Expt.—Mount a prism at the centre of a Hartle's Optical disc. 
(Fig. 106). For convenient measurements, put the face on 
which the light should be incident first, as for example, the 
face AB in the figure, parallel to be 90' —90" line and the centre 
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of the prism a little below the centre of the disc. Send a beam 
of light of particular colour, say, sodium light or white light 
passed through a red or green 
filter glass, through the prism. 
In the figure, the trace of the beam 
is given by OP. If there is no 
prism, the direct beam will be 
marked by OTP. Read on the 
scale the position of T. This gives 
the direction of the incident beam. 
When the prism is now placed, 
the beam emerges out from the 
face AC as RS. Read the position 
S of. this deviated beam on the 
scale. The difference between 

Fig. 106 these two readings gives the 

! deviation D for the given 
angle of incidence. The normal at the point P of incidence, 
in this arrangement, becomes coincident with the 0-0 line. Read 
the angle of incidence i corresponding to the incident beam QP. 
Turn the disc alittle when i will be varied and find as above the 
corresponding value of D, 


86. Angle of Minium Deviation -—If a graph (Fig. 107) is drawn 
plotting the angles of incidence i as abscissae against the corres- 
ponding angles of deviation D as ordinates, called the ji — D curve, it 
Will be seen that the deviation at 
first diminishes with the increase 
of the angle of incidence until it 
attains a minimum yalue, represen- 
ted by the lowest position Æ’ of 
the curve, after which the devia- 
tion increases again with further 
increase of the angle of incidence, 
The value of the minimum devia- 
tionis represented by the ordinate 
AA’ of the lowest point of the 
curve, : 


Deviation ———>- 


AE ure eye See 
[i 
i 
H 
i 
1 


Thus the deviation is mini- OB ^ 
mum corresponding to the angle Angle of Incidence — 5. 
of incidence OA. For every prism Fig. 107—(— D) Curve. 
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tally, that when the deviation is minimum, the angle of emergence 
i’ is equal to the angle of incidence i, i.e. the refracted ray PR 
(Fig. 104) within the prism passes symmetrically through the prism. 
If the sides of the prism are of equal length, then in the case of 
minimum deviation when i—i', the path PR of the ray within the 
prism will be parallel to the base BC of the prism. 


87. Determination of the Angle of Minimum Deviation :— 


(1) i—D Curve Method.—Proceed, as in Art: 85, to measure 
the deviation D Corresponding to the angles of incidencei beginning 
from a low value of the angle of incidence, say 20°, which should 
be increased in steps of 5° to say, 60°. Plot ona graph paper the 
i- D curve, as in Fig. 107, with the angles of incidence i as abscissae 
and the corresponding values of deviation D as ordinates. From 
the lowest point such as A’, of the curve, draw a perpendicular 
A'A on the abscissa. The value of AA" measures thej angle of. 
minimum deviation Dp. ! d 


(2) Direct Method.—(a) The angle of minimum deviation 
may also be approximately determined by keeping tlie pin P fixed 
and rotating the prism about P, when it will be noticed that the 
line SR (Fig. 104) and the images of P, Q will appear to move a 
certain distance in one direction and after a certain value of 
deviation D' is reached, on continuing to turn the prism in the 
same direction, the image appear first to stop and then to turn 
back in the opposite direction (opposite to the direction of 
rotation). Stop the prism just when this change in direction 
occurs and obtain the directions of the incident and emergent rays 
in that position of the prism. The deviation measured in that 
position will be the minimum deviation, 


(b) A prism has only one Position for which the Deviation of a 
„Fixed Ray is Minimum.— Refer to the Hartle’s Optical disc experi- 
ment for the determination of the i—D relation (Art. 85). If the 
direction of the incident beam QPoP, (Fig. 108) is kept unchanged 
and the prism 4,B,C, is rotated, suppose in the direction 4,45, 
shown in the figure, so as to vary the angle of incidence of QPP, on 
A,B,, the emergent beam R,S, will be found to move in the 
direction of the arrow from a to b, but there is a certain position 
given by RoS for the emergent beam corresponding to the posi- 
tion A,B,C, for the prism, beyond which the emergent beam will 
not go, and if the prism is still further rotated in the same direction, 
the emergent beam will now be turned from b towards a' again. 
Thus it is clear that for a given beam of light fixed in 
direction, there is only one position for a given prism for which 
the deviation suffered by the beam (the angle between the 
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directions of OP,P,T and R So in this case) will be minimum. 
Note the directions of 
QP P,T and RS, from 
the scale of the disc when 
the minimum deviation 
D,, will be equal to the 
difference between these 
readings. 


A prism placed in the 
position of Minimum 
Deviation. —When a prism 
is placed with respect 
to a given beam of light 

Fig 108 in such a way that the 

deviation suffered by the 

beam in passing through the prism is minimum, the prism is said to 

hi placed in the position of minimum deviation with respect to the 
eam. 


(c) Symmetrical Method.—It should be remembered that a ray 
of light -suffering minimum deviation in passing through a prism 
must pass symmetrically through the prism, i.e. the points of incidence 
and emergence will be equidistant from the edge of the prism, and the 
angle of incidence will be equal to the angle of emergence ; or, in 
other words, AP— AR, and i—i' (Fig. 104). 


Proof.— Suppose for mimimum deviation the angle i which is 
the angle of incidence corresponding to the angle of minimum 
deviation, is not equal to i’. We know that the path of a ray of 
light is reversible ; so, for either of the values i or, i’ i.e. whether 
light travels from Q or S (Fig. 104), the deviation has the same 
yalue. So, if minimum deviation occurs when the light travels from 
Q with the angle of incidence i, it will also occur when the light 
travelsfrom S with the angle of incidencei’, Hence there will be two 
angles of incidence corresponding to the angle of minimum devia- 
tion ; this is contrary to experience, there being only one such angle. 
Hence the only position 
for which the deviation 
is a minimum is that for 
which the ray passes 
symmetrically through 
the prism, i.e. for 
which i =i’ and r—r'. 

Expt—Place a 
prism on a sheet of 
paper fixed on a draw- Fig. 109 
ing board and draw its outline ABC by means of a pencil (Fig. 109). 
With A as centre, and any convenient radius describe an arc of a 
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circle cutting the sides AB and AC of the prism at Pand R respec- 
tively. Now place the prism on its outline and fix a pin at 
P and another at R both in contact with the prism. Then looking 
from the side AB fix a pin at Q, such that the pins Q and P and 
the refracted image of the pin at R appear to be inthe same 
straight line. Similarly, looking from the side AC, fixa pin at S, 
such that the pins S and R and the refracted images of the pins at 
P and Q appear to be in the same straight line, Now remove the 
prism and the pins, and draw QPRS to represent the course of the 
ray. Produce QP and SR to meet at O. The angle TOR is the 
required angle of minimum deviation Dui 4 


Verification :— 

(i) This can be verified by noting from the curve of Fig. 107 
the angle of incidence corresponding to the minimum deviation and 
fixing two pins on a line drawn through P making an angle with 
the normal equal to the same angle of. incidence, On finding out 
the corresponding emergent ray RS (Fig. 104), it will be seen that 
AP=AR and i— i". 

(ii) By Graph.—Draw a i—i' graph, i.e. a graph of the angles ; 
of emergence against the corresponding angles of incidence. This 
will be a branch of a hyperbola (like Fig, 142). Now from the i—D 
curve (Fig. 107), find the angie of incidence corresponding to the 
angle of minimum deviation, and from the i- i^ curve find the 
corresponding angle of emergence for this angle of incidence. It 
will be found that these two values are equal, i. e. in the position of 
minimum deviation the angles of incidence and emergence are 
equal. Draw these two curves (i-D, and i—i') on the same 
piece of graph paper, as taken for Fig. 107, and from the lowest 
point A’ of the i—D curve (Fig. 107) a perpendicular should be 
dropped which will cut the i—i’ curve at a point P (vide Fig. 142), 
This point P will be cquidistant from both the axes, i.e. for P, i=i’, 
The line OP, drawn from the origin O, makes an angle of 45° with 
the axes (Fig. 142). 

88. Deviation is minimum when the Angle of Incidence is equal 
to the Angle of Emergence :— 

(a) Mathematical Proof.—Applying Snell’s law at the points 
of incidence and emergence (Fig 104), we have, 

_sin i sin i' sin i+sin i’ 
sin r snr smnr-sin r 


" 


VO oe par " iw 
~2 sin cos * j /^ sin cos ^. Y 
sin 4D cos ee 
A P 1=XXY, (say), 
sin. e | bogs OF 
2 2 
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where x and y are both variable factors. With the change of 
deviation D, the value of x changes. The value of y also changes 
with changes of i andi’ and consequently of r and r. But the 
product of x and y is equal to # and is constant. So when x is 
minimum, y must be maximum. But x is minimum when the 
deviation D is minimum. Thus, the condition of minimum ` devia- 
tion is identical with the condition of the maximum value of y. 


(a) Supposei >i’, and consequently r>r’. Again (i-i) 
(r— r'), because rotation of the incident ray in air is greater than 
the rotation of the refracted ray in the denser medium, Thus 024. 
If i>i’, 074 and consequently y «1. 


(b) Suppose i<i’, and consequently r«r'. Again (i’-i)> 
(r' —r), since rotation of the incident ray in air is greater than the 
rotation of the refracted ray in the denser medium. Hence 074. 


t cos(—8) cos cos 0 
That is, y PTET E T but 974. So, y« 1l. 


cos 0 
(c) Soppose i=i’, ie. r-r'. Then e ed LE 


From the above considerations itis clear that y is maximum 
when i—i', ie. r=r’ ; it has smaller values both when i is greater 
and smaller than i. So, the deviation D is also minimum when 
=i’ (or r2 r^) 


(b) Graphical proof.—From the relation, D—i'--i— A (Art. 84), 
it is evident that the value of the angle of deviation is not changed 
by interchanging i and i’, i.e. the angles of incidence and emergence. 
This fact is also evident from the graph in Fig. 107; for, a line 
drawn anywhere parallel to the x-axis will cut the curve generally 

'at two points, such as B’ and C’, on the two branches of the curve, 
where the corresponding values of the angles of incidence, OB, and 
OC, will possess the same value for deviation, BB’ or CC’. If one 
of these is taken as the angle of incidence for a ray, the other will 
be the angle of emergence and vice versa. This fact isshown also 
fromthe principle of reversibility of the path of light, for by 
reversing the direction of the ray QPRS (Fig. 104) the angle of 
emergence becomes the angle of incidence and thé angle of deviation 
remains unchanged.. 


Again, if the line B'C' moves parallel to itself towards the 
point 4’, the points B’ and C’ will gradually approach each other 
till they “coincide at A’. It follows then that, when the angle of 
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incidence is equal to the angle of emergence, ie. when i=i' (for 
the value OA on the graph), the deviation AA’ is a minimum. 


89. Relation between Refractive Index and Minimum Deviation $ 

We have, D— i'i — A. : 

In the quadrilateral APOR (Fig. 104), 

ZAPO= ZARO=90°, ,;. ZPOR+ZA=180° ea) 

But the three angles of the A POR are equal to 180°, ie. Z POR 
+(r+r')=180°. But when D is minimum,i=i’and r=r’ 


ZPOR+ Z2r=180° (2) 
From (1) and(2), A—2r ; or, r— A/2. 
Hence, if D,, denotes the angle of minimum deviation, 
Dm= ZTO'R-(i-r)*(i'-r)oicti'-(rtr)-2i - A 
Ce i=i' and r=r’). 

Dm=2i — A ; of, iaia, 

sin^ +Dm 

ee 2 

So, m eem E en (3) 


sinr gg. ^ 
2 


90. Determination of the Angle of Prism :— 


Experiments.—(1) Place a prism 
on a piece of paper fixed on a draw- 
ing board, and draw its outline ABC 
(Fig. 110). From A draw a perpendi- 
cular AD on BC. Fix a pin at Pon 
DA produced at some distance from 
A. A ray PA is reflected partly 
from the face AB and partly from 
the face AC. Fix two pins at P,P. 
such that these two, the edge of the 
prism, and the reflected image of the 
pin P appear to be in the same 
straight line. Similarly, fix two 
other pins Q,, Q, on the other side. 
Remove the prism. Join AP,P, and Fig. 110 
AQQ.. Measure the angle P,A4Q;. 

Half of this value gives the angle of the prism. 
Proof.—Produce CA to E. ZCAQ,=ZEAP (',’ AQ, is the 
reflected ray for the incident ray PA on the face EAC), 
=Z DAC (vertically opposite angle), 
s. £DAQ,=2ZDAC. Similarly, ZDAP,=2Z DAB. 
ZP,AQ,=ZDAP,+ZDAQ,=2ZDAB+2ZDAC=27 BAC 
-2LA 
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Another Method.— The experiment can also be done by taking 
two parallel rays, one being reflected from the face AB and the 
other from AC (Fig. 111), Draw two long parallel straight lines DL 
and PM ona sheet of paper fixed on a drawing board and place 
the.prism with the edge A almost midway between the two lines, 
and at a distance ofabout 3 or4 inches from the upper ends of the 
lines DE and PQ. Draw the outline of the prism and fix two pins 
at D and E ; and the other two pins at G and F, such that G, F, 
and the images of D, E appear to be in the same straight line due 
to reflection at AB. Similarly, fix two pins P and Q and other two 
pins at A and S to get the reflected ray HRS at the face AC. Draw 
the two reflected rays TFG and HRS as in the last experiment. 
Now remove the prism and the 
pins F, G, R, S. 

It is clear from the law of 
reflection that the ZDIN= 
Z NTG, and their complements 
6, 0 are equal ZGTL=20; 
similarly, /SHM-290. But 
0--6' is the angle of the prism. 
If GFT and SRH are produced 
to meet at O, then since OY 
and TL are parallel, ZTOY 
-zZGIL-20. Similarly, 
ZLHOY= Z SHM —-2s 

Fig. 111 s. ZTOH-2(0--0')—-2A, ie. 

i twice the angle of the prism. 

Measure ZTOH by the protractor, half of which gives the angle of 

the prism. Now take the prism a little below between the two 

parallel lines and repeat the experiment. In this way take several 
readings and take the mean value as the angle of the prism. 


91. Determination of Refractive Index (") of the Material of 
a Prism :— : om 


(i) Solid.—- The refractive index of a solid in the form ofa prism. 


can be determined from the formula (3), Art. 89, by knowing the 
value of Dm, the minimum deviation, and A, the angle of the prism. 


(ii) Liquid.—In order to find the » of a liquid take a hollow 
prism formed of thin parallel plates of glass and provided with a 
stopper. Fill it up with the liquid. Now determine A and D,, as 
usual and calculate u, Though the ray of light is refracted through 
the glass sides, both at the time of entering and leaving the liquid 
in the prism, the angle of deviation due to the liquid prism remains 
the same as the angle between the directions of the incident and 
emergent rays (e.g. OP and RS in Fig. 104), because the paths in air 
corresponding to the path PR in the liquid (supposing the glass sides 
of the prisms to be absent) are parallel to theincidentand emergent 


E 
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rays(QPand RS: respectively ; for, a ray of light in passing through 
parallel-sided plate is only laterally shifted and not deviated (vide 
Art. 68). 

92. Image produced by a Prism :—The image of an object pro- 
‘duced by a prism is sharp only when the prism is placed in theposi- 
tion of minimum deviation, where for a small change in the angle of 
incidence there is no appreciable change in the angle of deviation, 
and so the rays diverging from any point, after refraction, will have 
almost the same angular separation as before incidence. Hence, 
when produced backwards, these rays will appear to meet at one 
point which is the image of the first point. In any other position of 
the prism, the rays from the point will be deviated unequally, and 
the angular separation of the rays in this case being different they 
will not appear to diverge pr 
from a single point after Q 
refraction. E. 

It will be noticed from 
Fig. 112 that due to re- 
fraction through a prism 
a luminous object appears 
to be raised towards the Fig. 112—Image by a prism. 
edge when viewed from the other face. 

93. Deviation produced by a Prism of Small Angle :—For a ray 
falling at a small angle on a prism having a small refracting angle 
(ie. for a thin prism) the angle of refraction is also small. We 
have, D=i+i’-A; and u —33 *, 

sin r 
But, for small angles, the angles can be.substituted for their sines. 
p=ilr, or i=pr. Similarly i'—yr'. 
D=urt+r')-A="A- A=Ap(-1), since r-+r'=A. 

Since (y —1) is a constant, we see that the deviation produced 
by a thin prism depends upon the angle of the prism and not on the 
angle of incidence. 

94. "Transmission of a ray of light of given colour through a 
prism :— 

The deviation suffered by a ray in traversing a thin prism is 
given, as shown in the previous article, by D=A (4— 1), and so in 
the limiting case, when the angle A is zero, i.e when the prism 
reduces to thecase ofa piece of parallel-sided material, the deviation 
D iszero. That is, the ray passes out undeviated. When the angle 
Ais small, the deviation D is independent of the angle of incidence 
and is determined only by the angle of the prismand the value of the 
p of the material for the colour of the light used. When, however, 
the angle of the prism is not too small, the deviation depends, in 
addition on the angle of incidence i at the first face. The path of a 


112 INTERMEDIATE PHYSICS 


ray of light in such a case is given by the diagram in Fig. 104 where 
the incident ray QP passes through the prism as.PR and then emer- 
, Ses out from the setond face as RS. 


(a) For the given material of prism, if the refracting angle of 
the prism is greater than a fixed value for it, a ray of given colour 
will, however, not be able to pass through the prism, but will 
undergo total internal reflection at the emergent face. This 
maximum value of the refracting angle of a prism of given material 
for a ray of light of given colour to emerge from the second 
refracting surface is called the limiting angle of the prism for the 
given colour. 


(b) Secondly, for a prism of given refracting angle there is a 
limiting angle of incidence for which the ray will emerge out of the 
prism. If the angle of incidence be less than this limiting angle, 
the ray will not emerge out but will be totally reflected at the second 
face. 


(a) Limiting angle of a prism for a given colour of light.— 
The limiting condition which 
will determine the maximum 
value of the refracting angle, 
if a ray of light of given colour 
is to emerge out of a prism 
of given material is that the 
emergent ray will just graze 
[Fig 112(a)] along the second 
surface of refraction AC ; for, 
if the angle of the prism, ZA 
is greater than this limiting 
angle, the  refracted ray PR 
within the prism will meet the 
face AC at an angle Breater 
than the critical angle and will 


Fig. 112 (a) 
therefore be turned back being totally internally reflected. 


Now, the refracting angle A=r+r’. Since the angle of emer- 
gence i'— 90", r'—the critical angle 9, which has a fixed value for a 
given colour of light for the material of the prism. 

That is Z A—r4-6,. ` 

ZA will be maximum where r reaches a maximum value. 
Now r will be maximum when the angle of incidencei will be maxi- 
mum since the refractive index p is a constant, That is, when i= 
90°, the value ofr is the maximum value for it. This value ofr 
=, is the critical angle. Therefore for the limiting value of Z A, 
r=r, and i—i', and the ray passesthrough the prism symmetrically. 

That is, ZA=r+r'=2r=29,, 

= twice the critical angle, 
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For glass, #=1°5, and the critical angle 0 —41'50' and therefore 
the limiting value of ZA=2x41°50'=83°40'. So, for angles 
greater than this, no ray can pass through a prism of glass, 

(b) Limiting angle of incidence for a prism of given angle.— 
Let a ray of light QP of given colour be so incident on the face AB 
(Fig. 112(a)] of a prism ABC that the corresponding emergent ray 
RS just grazes along the second refracting face AC. The limiting 
angle of incidence is, therefore, i, for thegiven refracting angle (ZA). 
For any angle of incidence less than i, the ray will be totally inter- 
nally reflected from the face AC, because the angle r' corresponding 
to it will exceed the critical angle for the given material. j 

Since for the limiting angle of incidence, the corresponding angle 
of emergence i'=90°, we have r’=6,, the critical angle, But 
ZA=r+r. 

P r2ZA-r-—44- 6, se one sae (1) 
; "psi AB? -1 
Since sin 0,— s we have cos EEUU “1+, (2) 
Again, sin i= sin r= sin (A—@,) from (1) 
= sin A cos 0, — | cos A sin 6, 
Jp* =1 1 
7 


=r sin AX —H cos Ax - 
u 


` =sin A Vp?=1- cos A, 
This gives the minimum value of i in terms of ZA and +, 


95. Willebrord Snell (Snellius) :— 
He was born in Leyden and succeeded his father as Professor 


of Mathematics and Mecha- 
nics. He applied the method 
of triangulation for measure- 
ment of the meridian and also 
accurately determined the unit 
of length, the metre (one 
ten millionth part of the 
earth's quadrant). In 1620 
he discovered the important 
Law of Refraction of Light 
which forms one of the 
foundations of Geometrical 
Optics. He died young 
(1591—1626). 


Examples.—1, The index of refrac- 
tion of an equilateral prismis N2. If 
the angle of incidence of a ray of light 
on one of the faces of prism is 45°, cal- 
culate the angle of emergence and the Barna 
deviation of the ray. Willebrord Snell 
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Ans. We have i=45°, ard Sn iha Jp or, SindS* jy. 
3 siar siar 


or, ——— X2. s. sinr=}; or, r=30°, 


The angle of the prism A=60°+r+r' (vide, Fig. 104). .*, r’=60°—30°=30°, 
; siny sini 4, C etie LIN 6 1M a 
Again, (d= Pee age 42; or, sin 4 3% NH yas: i—45 
Hence the angle of emergence is 45°. 
Now, D=i+l—A=45° +45°—60° = 307, Hence the angle ef devia- 
tion= 30°. 
2. The minimum, deviation produced by a hollow prism filled with a 
certain liquid. is 30? ; if the refracting angle of the prism is 60°, what 
is the index of refraction of the liquid ? 


ginDm+4 5 30?--60* 


se 
VECTOR CORN. 2 2: an 45. 1 
in Dada cipe cem EROR TUI 
sia 2 sin 2 
Questions 


l. The surface of ground glass is white, but it becomes fairly trans- 
parent when wet, Explain. (G. U. 1957) 

2. A candle flame is viewed through (a) a prism, and (5) a parallel- 
sided plate of glass. Explain, with the aid of neat diagrams, the apparent 
position of the candle as seen by the eye. (G. U. 1982) 

3. A ray of light passing from air to water falls at a given angle 
on the surface of the water, the refractive index of which is 4/3. . Show 
the path of the refracted ray by a geometrical construction. 

4. A small object is viewed with a microscope through a slab of glass 
8 ems. thick. If the refractive index of glass is 1-5, through what distance 
would the object be raised ? y 

[Ans.: 22 ems.] 

. Explain the apparent rising of a picture stuck on the bottom of 
a cube of glass, as it appears to any eye looking down, as if it were in 
the glass. If the index of refraction is 1-6, how much does the pieture 
appear to be raised to a perpendicular vision. i (C. U. 1946) 


[ Hints : uL where ž is the thickness of the giass cube, and z the distance 


tbrough which the picture appears to be raised dr 


6. .A body is viewed through a glass plate 10 ems. thick, the body 
being 2-5 cms. behind the plate. Where will the body appear to be? 
(p15)- (M. U. 1928) 

[Ans.: 9-17 ems. from the first surface.] 2 

T. A vessel of depth 2d is half filled with a liquid of R.I. s, and 
the other half by liquid of R.I. &. Find the apparent depth of the vessel 
when viewed normally. (M. U. 1948) 


L pak 
‘Ans. _ 
pi ae 
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8. Describe the effect of atmospheric refraction on the apparent 
positions of heavenly bodies. Also explain, with a sketch, how a totally 
reflecting prism ean be used to deflect a beam of light 90° from its original 
eourse. (Pat. 1918) 

9. Explain the following with the aid of a diagram. If the light 
from an electric filament be reflected from a slab of red glass, two images 
are seen, one white and one red. (ef. G. U. 1957) 

10. Deduce from the laws of refraction the condition of total internal 
reflection of light. Describe some phenomena depending on total reflection. 

(C. U. '28, '30; Pat. 1919, "27) 

11. (a) State clearly what is meant by- ‘critical. angle’. 

M ` (Pat. 1934, '46) 
(b) Prove that a parallel beam of light ineident on a prism emerges 
out of it also as a parallel beam. (Pat. 1984) 

12. Explain how total reflection occurs when a ray of light passes 
from one medium to another in which the speed is different, (C. U. 1936) 

13. What is ‘total reflection" and in what circumstances does it occur? 

(Pat. 1938, '42; All. 1944; cf. Utkal, 1950) 

14. Bubbles of air coming out through water in a glass vessel appear 
silvery to an observer standing by the sides. Explain this. 

(C. U. 1922, '23) 

15. A right-angled isosceles glass prism is sometimes used in place 
of a plane mirror. Explain by the aid of a diagram how it can be used. 
Is it more advantageous ? If so, why ? 

(C. U. 1924; Pat. 1919, '25, '98; Utkal, 1947) 

16. Explain the phenomenon of total reflection. Why is it so called ? 
Describe a totally reflecting prism and state its use. (Pat. 1932) 

17. Explain the terms ‘total reflection! and 'eritieal angle’ and 
establish the relation between critical angle and refractive index. 

(Utkal, 1941, '51; Pat. 1944 ; C. U. 1944, '46; G. U. 1949) 

If the refractive index of Benzene is 1-5, what is thé value of the 


critical angle ? (C. U. 1946) 
[Ans. :  41-8°] 
18. Explain clearly why a smoked ball on being introduced in a 
beaker of water appears silvery white. (Pat. 1930, '45) 


19. Explain the use and construction of a periscope. 
(Pat. 1930, All. 1917) 


20. Prove that to an eye under water all objects lying above the 
surface appear to lie inside a cone of semi-vertical angle equal to the 
critical angle for water. 7 


21. Show, by means of a diagram, how a beam of light may be turned 
through a right angle by means of an isosceles right-angled glass prism. 
Explain why the same effect could not be produced with a similar prism 
of ice. [Critical angle for glass-air surface =41° ; critical angle for 
ice-air surface =50°.] (G. U. 1949) 


22. Show, with the help of neat sketches, the various contrivances 
for—(a) directing a beam of light at right angles, (b) rectifying an 
inverted image. (G. U. 1949) 

28. A transparent cube of 15 cms. edge contains à small air-bubble. 
lts apparent depth when viewed through one face of the cube is 6 cms. 
and when viewed through the opposite face is 4 cms. What is the actual 
distance of the bubble trom first face and what is the tefractive . index 
of the substance of the cube? (G. U. 1952) 

[Ans.: 9 ems.; #=1-5] 


24, What do you understand by refractive index of a substance and 
on what factors does it depend ? 
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Describe any two methods for finding the refractive index of a liquid 
with necessary diagrams. x (R. U. 1925) 
25. You are given a block of glass, a piece of paper with a pencil 
mark, some lycopodium powder and a microscope capable of vertical 
motion. Explain how you would find the refractive index of glass. 
(All. 1924) 
26. Explain a method, using the phenomenon of total internal re- 
flection for finding the refractive index of a liquid. (C. U. 1940 ; All. 1944) 
Prove the formula you would use in this method. 
(R. U. 1947, '49, '50) 
27. What is meant by the critical angle for a given refracting 
medium? Show how you would measüre it. Hence determine the re- 
fractive index of the medium. What is total reflection ánd when does 
it take place ? (C. U. 1934) 
28. 'Pools of water' can sometimes be seen on a tar-macadam road 
on a hot sunny day, which disappear on closer inspection. Explain. 


(G. U. 1950) 
29. Explain why the mirage is observed in deserts and over very cold 
water surfaces. (Pat. 1924) 


30. Explain, with the aid of a diagram, what is meant by 'the edge 
of a prism', and its 'refracting angle." 
Describe a method of determining the R.I. of glass in the form of 
an equilateral prism. (G. U. 1950, '57) 
31. Draw a neat diagram showing the path of a ray of light through 
a 60* prism; the ray makes an angle of 25* with one of the faces, 
refractive index of the material being 1-5 with reference to air. 
(Dae. 1932) 
32. A ray of light traverses a prism of refractive index 1-6 and just 
undergoes total reflection at the second face. If the refracting angle 
of the prism is 60°, what is the angle of incidence at the first face ? 
(M. U. 1947) 
[Ans.: 35°35] 


33. A ray enters perpendicularly one face of an equilateral prism of 
crown glass (u=1°5). From which face does it emerge? Find the angle 
of deviation of the beam. (G. U. 1957) 

[Ans.: Normally from the 3rd face, being internally reflected from 
the 2nd face. Deviation = 60°] 

34. Prove that in the position of minimum deviation the ray passes 
symmetrically through a prism. If the prism has a refracting angle of 
60° and refractive index = 2, calculate the angle of minimum deviation. 

(Dac. 1930) 

[Ans.: 30°] , 

35. What do you mean by the angle of deviation of a ray of light, 
and when is this angle minimum when the deviation is caused by a prism 
placed in the path ? (Pat. 1984; C. U. 1945) 

36. Explain the position of minimum deviation of a prism. Describe 
an experimental procedure for determining this position for a given 
prism. V (C. U. 1950) 

37. The refracting angle of a prism is 60° and the refractive index 
for sodium light is known to be 1-5. What would be the angle of minimum 
deviation for the prism for sodium light? (sin 48*36'—0-75). 

à (C. U. 1938) 

[Ans. : 37°12] . 
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88. Explain what is meant by the minimum deviation of a ray passing 
through a prism. How can you determine it with the spectrometer ? 
(All. 1946) 


The refracting angle of a prism is 60^, and the minimum deviation 
produced in a pencil of monochromatic light is 40°. Find the refractive 
index of the prism for light used. Given, sin 50? —0-706. (C. U. 1930) 


[Ans. u—1412) 
39. A ray of light is passing through a prism of refractive index „3 


in such a way that the angle of incidence is twice the angle of emergence 
and the latter is equal to the angle of the prism. Prove that the angle 
of the prism is 60°. (Utkal, 1951) 


40. Define critical angle. Show that if the angle of a prism be 
greater than twice the critical angle of glass of which it is made, there 
will be no emergent ray. (Pat. 1929) 


41. The refracting angle of a prism is 60° and the R.L is „4. What 
is the limiting angle of incidence of a ray that will be transmitted 
through the prism ? 

[Ans.: 30°] 


CHAPTER V 


Lenses 


96. Preliminaries :— 


Lens.—A lens is a transparent refracting medium bounded by 
two surfaces of regular geometrical form, such as spherical, 
cylindrical, etc., the spherical form being more common. One 
surface may, if required, be plane. A lens bounded by cylindrical 
surfaces is called a cylindrical lens. Lenses are divided into two 
classes — 

(1) Convex (or converging).—These lenses are thicker in the 
middle than at the edges. 

Such a lens may have any one of the following three forms— 

(i) Double convex or Bi-convex (Fig. 113 (a)]—of which both the 
surfaces are convex. 

(ii) Plano convex—one side plane and one side convex 
[Fig. 113 (5)]. 

(iii) Concavo-convex—one side concave and the other convex 
[Fig. 113 (c)]. i 
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(2) Concave (or diverging).— These. lenses are thinner in the 
middle than at the edges, The three forms are— 


5 
S~ 
bey 


a* b e 
Fig. 113 


(i) Double- concave or Bi-concave [Fig.113 (a?)].-— (ii) Plano-con-* 
cave (Fig. 113 (5)], and (iii) Convexo-concave [Fig. 113(c)]. 

Lenses with spherical surface will be mainly discussed in ‘this 
book. Fig. 114 shows how (a) double convex, (b) concavo-convex, 
(e) plano-convex, and (d) plano-concave, (e) convexo-concave, 
and ( f) double-concave lenses are formed of two spherical surfaces, 


Pa 
E 
Ast 


(2) - (e) of) 
Fig. 114 


each surface having a centre and a radius of curvature of its own. 
In plano-convex [Fig. 114(c)] and plano-concave |Fig. 114 (d)] 
lenses, one surface is spherical and the other is plane, which can be 
considered also as a spherical girface of infinite radius, 
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97. A Lens acts like a Combination of a Number of Prisms :— 
The reason why convex lenses are described as converging and con- 
cave as diverging will be understood by reference to Figs, 115(a) 
and (b). From lenses in Fig. 115 it will be seen that, though in 
reality a lens has a continuous curved surface, it may be looked 
upon as a combination of two sets of truncated prisms arranged 
symmetrically on the opposite sides of an axis AB. In a convex 
lens [Fig. 115(a)], the prisms have their bases turned towards the 
axial line and the angles of the successive prisms increase from 
the centre to the margin of the lens, A ray passing through such 
a prism will be deviated 
towards the base, 
provided the refractive 
index of the material 
relative to the surround- 
ings is greater than 
unity, which is common: 
ly the case. Thus the 
tays of parallel bundle 
incident on such a lens c 
will be brought. nearer pO Fig. 115 quce 
together after refraction í 3 y 
and may be made to converge to a single point, and that is why a 
convex lens is termed a convergent lens. 


In a concave lens [Fig. 115(b)], the prisms have their refracting 
angles turned towards the axis AB, So, in this case the rays after 
refraction will bend away from the axis being turned towards the 
bases of the prisms, and so the emergent beam will be rendered 
divergent. This is why a concave lens is termed a divergent lens, 


98, The Optical Centre of a Lens:—Let C and C' be the 


centres of curvature of the two surfaces of a convex lens (Fig. 116), 
Draw any radius CA to the 


first surface and through C’ 
draw a parallel radius C’B to 
the second’ surface, These 
two radii being normal to 
the surfaces the planes 
tangent to the surfaces at A 
and B are parallel. Soa ray 
AOB, which is incident at A 
and cuts the axis at O, will 
emerge at B in the same 
1 n direction, as in the case of 
ce ope s refraction through a parallel 


plate vide Art. 68)... The ray is laterally displaced, but the dis. 
placement is small for thin lenses. 
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CA and C'B being parallel, the triangles CAO and C’BO are 


oe CA CO ] 
=< ; butC4- '"B-CE. 
similar. ,', CB Co) but CA=CF and C'B-C'E 


CF. CO. CF-CO OF. 
C'E CO v CESCOQVOE 


If CF=r and CE=r', we have ped ath constant. 
OE r 


Thus O divides EF in a fixed ratio, and O is, therefore, a fixed 
point. This point is called the Optical centre of the lens. It is thus 
found that any ray, which, after passing through the lens, emerges 
out undeviated, will pass through the point O. Thus, if a ray of 
light passes through a lens in such a way that the direction of the 
emergent ray is parallel to the direction of the incident ray, the path 
of the ray inside the lens intersects the axis Ci C’, called the principal 
axis, at a fixed point, which is called the Optical centre or the centre 
of the lens. ` 


Remember that a ray passing through the Optical centre, is 
displaced but not deviated ; and, in the case of a thin lens, the 
displacement is so small that it can be neglected. That is, in the case 
of a thin lens, a ray Passing through the optical centre may be taken 
to pass straight without either deviation or displacement, 


N.B.—The Optical centre of a lens, must be carefully distin- 
guished from the centres of curvature of its faces, 


To find the position of the Optical Centre, — 


" OF | \r OF r 
Si id AUD harem En ee. 
ince, OE p^ We have OE+0F Far 
That is, OF=(0E SELLE SEN ARE 
at is, OF =(OE+OF) Fia her. 
where t= thickness of the lens at the middle. Similarly, 
OE-tx — . 
EPF 


N.B.—The Optical centre of a lens may be within the lens or 
outside, depending on the nature of the lens, 


99. Some Important Definitions :— 


Principal Axis.—The line that joins the centre of curvature of 
the two bounding surfaces of a lens is termed the principal axis of 
the lens. In Fig. 116, where a double convex lens has been shown 
the line CC’ joining the centres C and C" of the two surfaces AF and 


BE of the lens gives the principal axis of the lens. 


Principal Section. —The cut-away section of a lens made by a 
plane through the principal axis is termed its priacipal section, The 
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isis shown in Fig. 116 is a principal section of a double convex 
ens. 

Principal Focus.—A lens 
has two principal foci, the 
first principal focus and the 


second principal focus. The -— A 
UP, 
V 


second principal focus is con- 
veniently called the principal 
focus of a lens. 

The first. principal focus Convex 
of a lens is a point on its 
principal axis such that the Fig. H7 
rays diverging from it (in the 
case of a convergent lens), or tending to converge to it (in the case 
of a divergent lens, are rendered parallelto the axis after refrac- 
tion through the lens (Fig. 117). 


The Second principal focus of a lens is a point on the principal 
axis such that the rays incident on the lens in a direction parallelto 
the axis either actually 
converge to it (in the 
case of a convex lens), 


Concave 


reat | or appear to diverge 
SH from it (in the case of 


a divergent lens), after 
refraction through the 
Convex Concave lens (Fig. 118). This 

Fig. 118 second principal focus 
is conventionally re- 


ferred to as the principal focus of a lens. 


Focal Length.—The distance of either of the two principal foci 
of a lens, when measured from the optical centre, is the same ifthe 
lens is surrounded by the same medium on both the sides. The 
distance is called the focal length of a lens. Conveniently, the 
distance of the second principal focus from the optical centre is 
taken as the focal length of a lens. 


Focal Plane.—A plane perpendicular to the principal axis of a 
lens at a focal point is known as the focal plane for a lens. A lens 
has two focal planes corresponding to its two focal points. The 
focal plane through the first focal point is called the first focal 
plane, and the focal plane through the second focal point is called 
the second focal plane. ] 


The Relative Aperture of a Lens.—It isdefinedas the ratio of the 
diameter to the focal length of a lens. This is a measure of the 
opening of the lens required for estimating the amount of light 
which will pass through. As for example, if in a camera a lens 
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Iequires twice as long an exposure as another of the same focal 
length, it is because the fast lens has a greater aperture than the 
slow lens. 1f two lenses are of the same diameter but one has twice 
the focal length of the other, the lens with the short focus will have 
the greater aperture. In books of photography, or on cameras the 
lens is, characterised by the term fInumber,. where any value, say 
35, or 4, etc, assinged to the ‘number’ means focal length f of the 
lens divided into by its diameter. The number indicates the speed 
of the lens, for the above described number determines the exposure 


diameter will be (8/3:5)*, ie, about 5:25 times faster than one f/8 
lens, and would need 5:25 times lesser exposure. 


Thin Lens.—A lens is said to be thin when the thickness of the 
lens is negligible in comparison with the radii of curvature. The 


100. (I) Graphical Construction for Images :—The position of 
an image formed by a thin lens may be traced by drawing the 
courses of the following rays : 

(a) Aray falling on a lens in a direction parallel to the Principal 
axis passes through, or appears to diverge from, the Principal 
focus after refraction. 

(b) A ray Passing through the optical centre of the lens emerges 
out undeviated and undisplaced. 

The point where these two emergent rays converges as in the 
Case of a real ithage, or from which they appear to diverge, as in 
the case of a virtual image, is the image of the luminous point. 

(Il) (a) Rules of Signs.—These are ‘the same.as given for 
mirrors with the difference that the term pole in the case of mirrors 
should be exchanged for optical centre in the case of lenses. 

So the focal Jength of a Convex lens is negative and that ofa 
concave lens is positive. 


tb) New Convention of Signs.— Formerly it had been the 


according to this, a concave mirror has a Positive focal length and 
a positive radius of curvature and a convex mirror a negative focal 
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length and a negative radius of curvature. The general formula 
obtained for both the mirrors is icy It should be remembered 
vou 

that, in these cases, real image distances are taken as positive, and 
virtual image distances as negative. 


In the case of lenses, however, the distances on the object side 
measured from the optical centre, i.e. the direction against which 
. the incident light traverses are taken as positive, while the distances 
on the other side, i.e. the direction along the incident light, are 
taken as negative, which means that all real image distances are 
negative and virtual image distances positive ; and thus this has no- 
logical agreement with mirrors. Again, according to this, focal 
length of a convex lens, generally producing a real image, has to 
be taken as negative, while that of a concave lens, which only gives 
virtual images, is regarded as positive, Besides this, there is 
another difficulty namely, that the opticians regard the convex 
lenses as positive and concave lenses as negative. 5 


To remedy all. these difficulties, a new convention of signs was 
recommended by the Physical. Society (London) in 1934; and in 
many text books this new convention of signs is being used, accord- 
ing to which all real distances (i.e. distances actually traversed by 
light either in coming from a real object. or in going to a real 
image) are taken as positive and all virtual distances (i. e. dis- 
tances traversed by light only virtually either in appearing to go 
towards a virtual object or in appearing to come from a virtual image) 
are taken as negative. According to this, the general formula for 
lenses would be i 


Pelee (Compare eq. .(3), Art. ..101] 
Veena yy 

Thus the focal length of a convex lens, which brings parallel 
light to a real focus, is positive and that of a concave lens is 
negative. Hence a convex lens has got a positive power (vide Art. 
115) and is called a positive lens, while a concave lens has gota 
negative power and is called a negative lens. According to this, 
an object and its image may be in the same side of the Jens, and 
yet the object distance may be positive and the image distance 
negative. 

In the case of spherical mirrors, a concave mirror with real 
focus has a positive focal length and positive radius of curvature, 
while a convex mirror with virtual focus has a negative focal length 
and negative radius of curvature, 

The advantages of the new system are: (a) the same formula, 


m holds for both mirrors and lenses ; (b) it conforms with 
Lyc . ; 5 F 


the practice followed by the opticians. 


| 
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101 General Formula for Lenses :— 
(1) CONVEX LENS 


(a) Real Image (Object beyond the principal focus).— Let PQ 
be a luminous object placed vertically on the axis of a thin convex 
lens RO (Fig. 119) of which 
O is the optical centre, F 
the principal focus, and 
FOF the principal axis. To 
Bet the image, draw a ray 
PR parallel to the axis, 
which, after refraction, 
passes through the principal 

i A; focus F. Draw another ray 

ip aver T E PO through the optical 

centre of the lens, which 

passes out undeviated. The point P’ where these rays intersect is the 

image of P and let P'O' be drawn perpendicular to the axis, Thus 
P'Q' is the image of PQ. This image is real and inverted. 


Here the triangles PQO and P'Q'O are similar. ~. FQ _ 09 (1) 


PQ” 0g 
Again, from the triangles P'O'F and ROF, we havePO QT (2) 


From (1) and (2), Po R6 ox ob 
But PQ—RO. ;. 1-09, QF 


Let OQ=u; OQ'—v ; FO—f. Then, we have, by using proper 


signs, 1- 4 0- C P gp 00 oF =(~»)-(-pi: 


=—vx =f) 
Lrx(f-v). MEA Us 
or aS Reick uv =vf, 
e p obopies Tye 
Dividing by wf, $14) b aT EAA ED 


(b) Virtual Image (When the object distance is less than the 
focal length).— 


[] 
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From similar triangles POQ and P'OQ' (Fig. 120). 
PONI OP: aK 1 

PQ OP e) 

Again, from similar trian- 
gles PO'F and ROF, since PQ 


Lon, POUPO EE 
ps TQ OR OF 
EO TUE "cue de^; Fig. 120—Virtual Image formed 
OF by a Convex Lens. 
OP __PO+OF A 
OP OF > from eq. €); 
VEETES f; 
fe) —— zz = 
T, S us ;or, uf -vf-uv; 
; 1 21 1 
,d UR Uc BLU Cp EA rst 2 i 
or, dividing by wf, DRE (3) 


(2) CONCAVE LENS 


„The method of finding the position of the image due to an 
object is the same in case of a concave lens as in the case of the 
convex lens. 

The ray PR, incident parallel to the axis, emerges after refrac- 
tion so as to appear to diverge from the principal focus F (Fig. 
121) The ray PO, passing through the optical centre O, emerges 
out undeviated. The point P', where the paths of these two rays 
appear to intersect is the image of P, and P’Q’ is the image of PQ. 
This image is evidently virtual, erect and diminished. 

From the two triangles PQO, P'Q'O (Fig. 121), we get, 

SEO. OD UM EUR 
PQ’ OQ' 
Again, from the triangles ROF, 
RO _ OF RUNS 


POF we get, po = yy 
ax COO OF 
But RO-PQ ~. OQ OF 
from (1) 


Fig. 12i—Virtual Image . 
formed by a Concave Lens. 


Using the same letters u, v, f 
as before, we have 


tf ; or, vf—uf- uv. 
o ik 171 i 
DEDE CEAAL 
ee UR eee: A mets (3 
Dividing by wf, wayne QUEE ce (3) 
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102. Conjugate Foci :—These are any pair of points on the axis 
of a lens such that if one of them represents. the object position, the 
other gives the corresponding image position. Fora thin lens, their 
distances from the optic centre are given by the relation (with 


usual notations), Ms ll and so this relation is called the 


v 
conjugate relation for a thin lens, The term conjugate means that 
the positions of these two points are interchangeable, i.e, if the 


object is placed at either point, the image is formed at the other- 


point. This is what it should be from the principal of reversibility 
of light. 

When the conjugate foci are both real, the rays of light diverg- 
ing from the object, if placed at either focus, will converge at 
the other point to form the image. But, if one of the foci is 
virtual, the rays diverging from the object placed at that focus will 
Not so refract as to form an image at the other, but if actual rays 
from an object tend to converge at the virtual focus so as to give a 
virtual object there, the rays after refraction. will form a real 
image at the other conjugate point [vide Art. 10712)ii]. 


103. (1) Magnification::— The magnifying power of a lens 
producing an image of an object is defined as the ratio of. any 
linear dimension of the image to the corresponding linear dimen- 
sion of the object, Thus (Figs. 119 to 121). 


magnification m= Size of image P'Q' OQ' y 
size of object PQ OQ u 


It should be noted that in Fig. 119 from which the above 
expression is deduced, the image is inverted and v and u have 


Opposite signs, v being negative; that is, -m= +” ; or, m=}. 
u u 


That is, for lenses, when v/u (or m) is negative, the image is inverted, 
Again, in Figs. 120 and 121, the image is erect and both v and x 
are positive; so when y/u (or, m) is Dositive, the image is erect. 


The magnification may be expressed in terms of y, v and jas 
follows— ; 


I PHOA Mone 
(3) We have, v vag Multiplying each term by v, we 
Yi ican. y y f-v 
get M ees villain ERR umen 
id F TEF às as (1) 


(b) Multiplying each term of the general equation by u, we 


f WF 


set -1=% ; or, AEN 


ee 


EE 
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(Œ) Remember the Signs of u, v, f and m— 
u os + always; 
y res — when the image and the object are on opposite 


+ Sides of the lens ; 
+ when the object and the image are on- the same 


side of the lens ; 


, 


f — for convex lens ; 
+. for concave lens ; 
m — for inverted images. 
+ for erect images. 


[vide ain} new convention of signs, Art. 100(IL)(5)] 
104, Correction of Signs :— - 
When working out problems, the following corrections of sign 
in thè general equation are to be applied.— 
(i) For a Convex lens producing real image, bothv and f are 
negative. 
1 1 lt: 153i 


: 1 
So th al tion beco -ae Sor, 4+ 25. 
o the general equation ji TG. f or, Sui j 
(ii) For a Convex lense, producing virtual image 1i T 
u 
(iii) For a Concave lens, u, v, f positive, so E nd zy 
u 


105. Formula according to New Convention of Signs :— 
(i) For a Convex lens, producing real image : 


In deducing L ae both v and f were taken as negative. 
According to the new conventions, v and f should be both 

positive, for they are real distances traversed by the rays. Hence 

the formula will suit the new convention if y and f, in the above 


equation, be made negative again, 


; [HN uoo Gi LM Nest 
That is, IA ab or, iets 
(ii) For a Convex lens, producing virtual image : 


In deducing the equation + n v was taken as positive and d 


According to new conventions, they are reverse im 


J negative. 
this case. i i sitcom im 
1 
E 3 of, ES 
ve P». 4 f Y 34-4 


(iii) For a concave lens, which always produces virtual images : 
1 D 


; he sb i nhs 
In deducing the equation 7 zx 3 T$ Y was taken positive and 
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f also positive. According to the new convention, they being 

virtual distances are negative. Therefore, the formula should be 
given by, DIE 
yug 

It is clear {rom the above that according to the new conven- 

tions, the general formula connecting the conjugate foci should be 


Lys; =; Whereas, according to the old convention, it is 


$ , 
A lr 
XM 
Thus, according to the new conventions, the same general 
formula, Ll => applies to the cases of both lenses and mirrors 
u 


and a uniformity in practice is attained [vide Art. 100 (II(5)]. 

106. Newton's Formula :—In Fig. 122, if the object distance, 
u and the image distance, v are measured from the principal 
focus, instead of measuring them from the optical centre O, then, 
according to Newton's formula, UV — f?, 


Fig. 122 


Let the distance of the object, PQ from the first principal 
focus F,=U, and that of the image, P,Q, from the second 
principal focus— V, then 


u=f+U; or, U=u-f x ive (1) 
and v=f+V; or, V=v-f E E (2) 
Ilic jw 
Then, from the relation, — = F or, IRF 


[ ‘x v and f are both —ve } 
i.e, Peli or, uv=uf+ vf, 
—uf -vf--f*—f? ; or, uy -f) - fo - f) 
S im n US f? ; or, u(v-f)- fo - f)2f* 


So, from equat (1) and (2) fk we get, 
UV=f? t (3) 
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Maguification.—-Neglecting the convention of signs, the 


magnification, m e Lx ` (4) 
For a real image, L rie $ f; ia] 
en Litus on rg cie Hie, [^v D 

"s Ma a= 2 (5) 
Again, from the relation, ET we get, 
Tl n or rad 
Tuy E aE 
m=- = -£ e (6) 
By multiplying equations (5) and (6), we get, 
mr ie a ie (7) 


107. Nature, Position and Size of the Image in csse of Lenses :— _ 
The position size and nature of the image formed by a lens depend 
on the position of the object with respect to the lens; A convex 
lens forms sometimes a real and sometimes a virtual image 
according to the position of the object ; but a concave lens always 
forms a virtual and erect image. Typical cases are shown below 
by the following diagrams drawn according to the rules stated in : 
Art 100 (1). 


(1) Convex Lens.—In the following diagrams the distance OF | 
or OF' represents f, i.e. the 
focal length and that between 
O and 2F or 2F' represents 2f 
ortwice the focal length of 
the lens, 

(a) Object at Infinity.— 
Parallel rays inclined at a 
smallangle to the principal 
axis proceeding from the 
object will converge at the 
focal plane of the lens, where Fig. 123—Object at infinity, 
the image is formed which is 
real, inverted and extremely diminished (Fig. 123. 


vou. 11 (1)—9 
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(b) Object betwzen infinity and 2F', i.e. twice the focal 
length.—When the image 
of the object is drawn, 
according to the rules 
already stated, it is seen 
that the image is formed 
between F and 2F, and 


is real, inverted and 

k diminished \Fig. 124). This 

Fig. 124—Object between infinity case is applied in an 
and 29’, ordinary Photographic 


camera, 


(c) Object between 2F' and 
F'.—'The image in this case is 
formed between 2F and infinity 
(Fig. 125), and is real, inverted 
and enlarged.. This case is 
applied in the magic lantern, 
enlarging camera, etc. : 
ee diit A Br T Fig. 125—Object between 27" and P", 
tance of twice the focal length, je. at 2F'(Fig. 126). This is also 
obtained mathematically 
by putting u—2f in the 
general equation when v 
= —2f which means that 
the image is formed on 
the other side at a dis- 
tance equal to 2f. 

Fig. 126—Object at-2F’- Again, magnification 


m Dv. -1, which means that the image is real and is equal 
u 


in size to the object. This case is applied in the case of a ferrestrial 
telescope (Art. 130) fitted with an erecting eye-piece, 


(e) Object at F' i.e. at focus. This is the converse of the case 
(a). The image is formed at infinity, and is real, inverted and 
infinitely enlarged (Fig. 127). 

In the general equation 


Tent 1 
=f, then --=--—; 
if u=f, en- ri 


or, 1-0;or,v- c. Again 
y 


. : y 
magnification "mes Fig. 127—Object at F’ 
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This case is applied in the case of the collimator of a spectrometer. 

(f) Object between Focus and the Lens —The two rays taken 
from Q diverge after refraction and meet at Q' when produced 
backwards (Fig. 128), 

Draw Q'P' perpendicular to the axis, whieh is the image of PQ. 
The image is virtual, erect and 
enlarged. This case is applied in 
magnifying-glasses and eye-pieces 
of telescopes and microscopes (vide 
Chapter VI). 

Conclusion.— Thus from the 
study of the above diagrams we 
find that as the objeet approaches 
the convex lens from infinity the 
real inverted image gradually 
recedes from the focus until it is Fig. 128—Object betwéen 
formed at infinity when the object F" and the lens. 
is at the principal focus. Oa further approaching the lens, a virtual, 
erect and magnified image is formed on the same side as the object, 

Remember.—(a) For a magnified real image, the object is to be 
placed between F and 2F. For all other positions from infinity to 
2F, the image is diminished in size, though gradually increasing. It 
becomes equal in size when the object is at 2F. 


(b) For a magnified virtual image, the object is to be placed 
between F and the lens. The size of the image diminishes as the 
Object moves towards the pole, and when the object is at the pole, 
the size of the image (which is virtual and erect) becomes equal to 
the object, 

(2) Concave Lens: (i) For Real Objects.—Here it may be 
noted that for all real values of u, the image lies between the 
second principal focus F, and the optic centre O, for when u-oc, 
v=f; and when u=0, v =0 ( Fig. 129) Asa real object is brought 
from infinity up to the lens, the image travels from the second 
principal focus F, to the optic centre O. In Fig. 129, three real 


Fig !29— Concave lens forming virtual image. 
positions marked I, II and III of an object PQ have been shown 
giving corresponding virtual images P'Q' marked by 1, 2 and 3. 
The images are always virtual and erect, and are more and more 
enlarged as the object is brought nearer to the lens. 
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(ii) For Virtual Objects—This is the only case where a 
concave lens forms a real image (Fig: 129(a)], Here a system of 
converging rays tending 
to form a virtual object 
PQ forms after refraction 
through the lens, a real 
image P'Q' (erect and 
magnified). Between u=0 
and u=—f, v changes 
from 0 to ce, or, in other 
words, the image moves 

mc from thelens to infinity 
Fig. 129(a) along the negative axis. 


108. Identification of Lenses :—-In identifying by means of the 
image formed whether a lensis convex or concave, (a) point it 
towards a distant object and move it towards a white wall or paper 
screen behind it. If any image is obtained, the lens is convex, 
otherwise it is concave ; (b) hold the lens close to any object, and 
a virtual, erect and enlarged image will be formed when the lens 
is convex, which may be viewed by means of an eye placed close 
to the lens, This is the principle of a magnifying glass or a simple 
microscope (vide Art. 121). If the image be erect and diminished, 
the lens is concave. 


109. Summary of Results :— 


Real 
iti Image 
Figurs | s —— A A Remarks 
Object Position | Size Nature | 
Convex | | i; OIN. 
Lens 
Pig. T23 Ate AtF | Diminished| Real and | Image and object 
i N | Inverted | "change their 
; | positions 
Fig. 124 Between Betwcen Y Fe SR 
2F and œ Fand | 
Fig. 125 ed 
ig. Between Between | > » 
DR P and 2P 2r AN Enlarged 5 | , 
ig. At 2P pore Si garners " 
üben pd QUA EARN s 
Fig. 128 Between On the | Enlarged |. Virtual | Lens used asa 
F and same side | and | magnifier 
Optical as object Erect 
centre s 
i | ES VB 
Concave ~ At Fa Diminished Virtual 
Na Erect 
Fig. 129 Between Between » » 
co and F, and 
Ortical Optical 
centre centre 
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Notes.—(i) The different positions mentioned in the above table 
can also be obtained from the formula (Art. 101) in the same way 
as pointed out in the case of mirrors. 


(ii) It should be remembered that in the case of lenses 2f is not 
equal to the radius of curvature, as focal length does not only ` 
depend on the curvatures of the surfaces, but also on the refractive 
index of the material of the lens with respect to the medium in 
which the lens is placed. ; 


110. Graphical Representation of the Change of Image Position 
due to the Change of Object Position :— 


In Fig. 130, a complete picture of the position of the images due 
to objects at different distances from a lens has been shown, case (a) 
being for a convex lens, and (b) for a concave lens. In each case, 
the full line portions of the hyperbolas stand for real objects and 
the dotted line portions for virtual. The curves (a) & (bi, it may 
be noted are respectively the same for a concave and convex 
mirror only turned through 90°. 


(a) Convex lens. (b) Concave lens. 
Fig. 130 

111. Spherical Aberration in a Lens:—In the formation of 
images by lenses it has 
been assumed that all 
the rays coming from a 
pointin any object are 
accurately brought to 
focus by the lens to one 
point. This is, however, 
not possible for a lens 
of wide aperture, where 
the rays striking the 
outer portions of the 


Fig. 131 


lens are refracted more than the rays which strike the central 
portions of the leas, and thus the marginal rays are brought to a 
focus nearer to the lens than that for the central rays as shown in 
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Fig. 131. The phenomenon is called spherical aberration. The 
effects of spherical aberration are to make the image curved and 
distorted in shape. The defect may be reduced by using a stop, i.e. 
bytaking only the central rays. The defect may also be much 
minimised by using a plano-convex lens, the convex surface facing 
the incident rays. 


Solution of Examples.— Follow the instruction given in the cases 
of mirrors remembering that the focal length of a convex lens is 
negative while that of a concave lens is positive. 


Examples.—1. Two convex lenses of focal lengths 3 inches amd 
4 inches respectively are placed at a distance of 6 inches apart and a 
luminous object 1 inch high is situated on the common acis of the lenses 
at a distance of 4 inches in front of the lens of smaller focal length. 
Find the position, nature and size of the image. (Pat. 1927) 


Ans, The general formula of a lens is, i-l- i 


Here, for the lens of smaller focal length, w=4, f= —3; v=? 


1 


Substituting the values, we have Ll. - r whence v= = 12 inches. 


3 
The image serves as an object for the second lens. As the distance 
between the lenses is 6 inches, the object distance w' for the second 


lens=v+6= —12--6— —6 inches. So, vA whence v'—-— 2$ inches. 
That is, the final image is formed at a distance of ?2 inches beyond the second 
lens, and is real and inverted. 


=12 
Magnification by the first lesse ==]? —3, and by the second — m 
Therefore, the total magnification = —3x E -$- t n 


" 


So, the length of the image (1x 15) =r. 


2. A convex and a concave lens each 10 inches in focal length are 
held co-awially at a distance of 3 inches apart; find the position of the 
image if the object is at a distance of 15 inches beyond (a) the convex, 
and (b) the concave lens. (Pat. 1928) 


Ans. Wehaye, IZVEN 
vu f 


(a) Here; u— 4-15 inches ; f— —10 inches ; v=? 
l t 1 e 
So, S 10! or, v= —30 inches. 


So the image is formed at a distance of 27 inches on the other side 
of the concave lens, as the distance between the lenses is 3 inches. This 
serves as an object with respect to the concave lens, the object distance 
being u'—--3— —30--3-— —2T. 

URP NS cue 


Again, ime, =o? whence v= +153 inches. 


Thus the image is formed 1 = in front of the concave lens (on the same side 


as the object). 
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(b) Here, u=+15 inches; f=+10 inches; v= ? 

Lob. 

'v 13 10° 

So a virtual image is formed 6 inches in front of the concave lens. 

This serves as an object with respect to the convex lens, the object distance 
being (64-3) inches. 


or, v=6 inches. 


153151 =-10i 3 lai i 
So, os. jo or 10 inches) ; or, v'— 4-90 inches. 

That is, a virtual image is formed at a distance of 90 inches in front 
of the convex lens. 

3. A real image of an object placed in front of a convex lens of 5 ems. 
focal length is formed 80 cms. away from the lens. Where must the 
object be placed? Calculate how far the lens must be moved so that 
another image may be obtained on the screen. 

Ans. Here,u=?; væ 3 cms, : f— —5 cms, 

IIINE E ML ETAT = 

Now, Syd» 95, 7397 > wherice u=6 cms. 

To obtain the position of another image, the lens must be moved into 
the second of the two conjugate positions for image and object. Thus the 
image distance v' must now become —6 cms. and the object distance 
w'—--30 ems. ' 

: OG HRs Ee | I: 6 1 
this, m -=-= —2— — - — 5 mor. 

To verify this. PEN 6 30" 307735 

«4 f —5, and so is correct. 

4... An object is 60 ems. in front of a-lens, the image being 800 cma. 
on the other side of the lens. Calculate the displacement of the image 
when the object is moved 20 cms. (a) mearer to the lens. (b) away 


from the lens. (C. U. 1929) 
Ans. We have, for a lens, t— he Here u=60 cms. ; v= —300 cms. ; f=? 
ve -D aF whence f=—50cms. .'. The lens is a convex one. 

s ied odo 
(a) Here u=60—20=40 cms, .* SAU SH whence v= 200 cms. (on the 


same side as the object). Hence the displacement of the image =300+-200=500 
cms. Y 

(b Here u=60+20=80 cms. .'. 1-b7 

whence v=- 1324 cms. (on the other side of the lens). Hence dis- 
placement of the image=300— 1334 166 E cms. towards the lens. 


5. Rays of light from a luminous object are brought to a focus at 
a point A. A convex lens of 12 in. focal length is then placed 12 in. 
from A, so as to intercept the rays before they meet at A. If they now 
meet at B, find the distance AB. -Where else could the lens be placed 
so that after passing through it, the rays might appear to diverge 
from B? : (Pat. 1926) 


Ans. In the first case, A serves as a virtual object with respect to 
the lens. Draw the diagram, Here u= —12; f— —12; v=? 
1 


1 1 = = 
Hence, Js=ap ep whence v= —6. 
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That is, the image is formed (ie. the rays meet) at B on the same 
side as A at a distance of 6 inches from the lens. AB=12—6=6 in. 
Now let the lens be placed at a distance of œ inches from A on the 
side opposite to B. 
Hence «— in. (i.e. the distance of A from the lens) ; v= (x--6) in. 
(ie. the distance of B from the lens); f— —12. 
1v er er(ev6nc clt. 
z-6 zx 12. ', we+6) I’ 
Or, ta+62—72—0; or, (z-6)(r-12)m0. .', z—6, or, —12. 
The negative value of æ is not admissible here; so the lens must be 
placed at a distance of 6 inches from A on the side opposite to B in order 
that the rays might appear to diverge from B. 


112. Refraction at one Spherical Surface :— 


Let EP represent the principal section of a spherical surface, 
concave in (a) and convex in (b), Fig. 132, separating two media of 
refractive indices #, and #,, the former being for the right-hand 
medium and the latter for the left-hand medium. Suppose jg is 
greater than #,. Let C be the centre of curvature of the surface. 
Let O bea point object situated on the principal axis OP, P. being 

` the pole of the surface. Let a ray OE be incident on the spherical 
surface at E and let the refracted ray meet the axis, (a) when 
produced backwards, at I forming a virtual image there, in the 
case of the concave surface, (b) at I forming a real image, in the 


Fig. 132 


case of the convex surface. Let the angle ECO be 9 and the angle 
of incidence i, and refraction r, as shown in the figures. Then, 


Sni fe, or H, sin i= p, sin r. 
ENT Gi Ha , 
Dividing both the sides by sin 0, #, SPÍ =n, Sin T s 
i y sin P Sin “ sin @ (x) 
This can be re-written as 
sin (180° - i) fing 
: 5 (Y) 


sin à P?sn (180^ — 8) 


NELLE md 
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Applying (X) to the case of the concave surface and (Y) to the 
case of the convex surface, 
CO CI 

we have, Tee B pastas T 

e have. "ifo Maer for both the cases. 
The equation still holds good, when E coincides with P, i.e. for 
co CI 
a surface of small ture, H s EET EN 
e of small aperture, Hence, [2977] 7; 


.'. For the concave surface, 


mE Ran R, with usual notations, where R stands for the 
radius of curvature. 
Again, for the convex surface, A 
UPR E QUI NEEDS R 
SEHR, [CRI nE 
Hence for either type of surface, a Roa, 
u 
R R R R 4 
OL, H ( i-es ( 1-5); 0f, Ba By 5Ha 7 Ha 5 
or, R(5-5)- uses or quita eae ete) Oe TID 
i CUI S Rut FUCO PR R ( 


Special Case,— When light passes from vacuum (or, air) to a 
medium of refractive index p, we have p, =1, and 45-7. In this 


deen 
u 


case we have, therefore, bs ed — b (2) i 


R 


113, Principal Foci of a Concave or Convex Refracting 
Surface :— 


For a spherical refracting surface, fi i L where p is 
QUAE 


the R.I. of the second medium with respect to the first medium 
(air) and r— radius of curvature 
of the surface (vide Art. 112). 
The first principal focal distance 
Jf, is defined to be the value 
of u for which v=ce, There- 
fore, a point F, on the principal 
axis at a distance f, from the 
pole P will be the first principal 
focus (Figs. 133 & 134). 


The second principal focal 


Fig. 133—Concave Refracting Surface. 
distance f, is defined to be the value of y when u js infinite. There- 


4 
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fore, a point F, on the principal axis at a distance f; from the 
, p 2 
pole P will be the second principal focus. 


(a) For a Concave Refracting Surface,— 
Here r is positive (Fig. 133) and so, from the equation 


Mm ; 
aar T l fı =u when v is oc ; 
v u r 
EY 
Ste Tie oe 
and f,=v ; when u is cc, 
ur 
On fee eee 
fa 


(b) For a Convex Re- 
fracting Surface.— 

f Here r is negative (Fig. 
Fig. 134—Convex Refracting Surface, 134) and so, from the 
» equation, 


B. 1 pe $ T 
2727 mL ficu, when v is œ ; 


or, bees and f, =v when w is o ; 


pr 
or =- e 
m wzi 
It is to be'noted from the above that whether the surface is 
MC or convex, f, and fz bear opposite signs, and also, that 
3/f1— — n. E 


(c) General Case.— 


n "| t = 
Using the general equation, E TAM, for, say, a con- 
u 


cave refracting surface for which r is positive, f, =the value of u 


when vis cc or, f= - Er (A) and f,-the value of v 


2 


when wis oc- ors foa-—' ^T i ..(B), 
Ha Hy 


From (A), r— -ez5) f, and from (B), r2) Ry 
that is, — (ez) A- (sn) Y 


or, Hs fi pa fa 0. 
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114. Refraction through Double Surfaces (i.e. a Lens! :— 

When a ray of light passes through a lens it successively suffers 
refraction at the two surfaces of the lens ; it first crosses a surface, 
air to glass and then 
emerges through a surface, 
glass to air. Let O be a 
point object on the axis of 
a lens at a distance u from 
the pole P of the near 
surface, called the first 
surface, whose radius of 
curvature, say, is r,. Let 
the image formed by this 
surface be J’ at a distance 
v’ from the pole P. For 
the refraction at this sur- 
face we have, 


Pasche eacus. ua Aa 

TUR. (1) 
where, in this case, ^; 1 (air)  u,—& (glass), R=r, and yey’, 
that is, ^ —1 #01 As un 364) 


y u Ti 

Let the radius of curvature of the second surface be rg and the 
thickness of the lens f. The distance of the image 7' measured from 
the pole of the second surface will be (t+v'). The image J’ serves 
as a virtual object for the second surface which, suppose, forms a 
final virtual image at Z”. Let I” be at a distance v from the pole 
of the second surface. 

We have, for refraction at the second surface, 

u+t=v', R=r,, #,=1 and s,—p, for here the refraction is 
from glass to air, Putting these values in equation (1), we have, 

1 


BACCI 
yf E oq" " 
In the case of a thin lens, ¢ is negligible compared to v'. 
n Help 3 
Biles A DR Ke) 
voy T2 
Adding equations, (2) and (3), we get, ` 
L-l2Q-p(i-l) . X ve (4D 
Y u PU TID 


When u— ec, y — f (focal length of the lens), Therefore, putting 
these values in (4), 


D dde a 2s Su 
we have, f =(p =A) Ss 7) (5) 

N.B.— According to the new convention of signs [vide Art. 100 
(ID)(5)] the signs attributed to the radii of curvature of lens surfaces 
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in air are as follows : The radius of curvature of a surface convex 
to air, i.e, a surface which is convex to the incident light, is 
positive, and that which is concave to the incident light, is negative. 


Thus equation (2), Art, 112, becomes eae ELA , Where r,— 


r u 1 

R, and ro in equation (5), Art. 114, being a negative quantity, the 

; 1 

equation (5), Art. 114, becomes ds (n -1) | . 

Th Ti Fa 

Examples.—7. The radii of curvature of the surfacesof a double . 

convex lens are 20 ems. and 40 emsx. respectively and its focal length is 
20 cms. What is the refractive index of the material of the lens ? 


[VEL (Ca U. 1956) 


Ans, We have fora lens, 1-(-1) e) 

Í f fg 
Here, SUE ems, ; En Sms 3 ra= +40 cms, ; w=? 
That is, zp (4-0 Camas 


2 


Thy whan Se pi "lul 
or, mt Du 95^ 1 zi ore 1 1°67. 


2. The plane side of a plano-convex lens is silvered and the lens 
then acts as a concave mirror of 30 ems. focal length. The refractive 
index of the lens is 1-5; calculate the radius of curvature of the convex 
lens. : (Pat. 1931; All. 1929) 

‘Ans. The lens is acting as a concave mirror of 30 ems. focal length. 
Therefore, if an object be placed at the centre of curvature of such a 
mirror, ie, at a distance of 60 cms. from the lens, the image is also 
formed at the same place. Hence, here the focal length of the plano- 
convex lens is 60 cms. The plane side of the lens being silvered, the 


rays are reflected back, and being again refracted through the lens along 
the same path, meet at the focus. 


The formula connecting the radii of curvature of the lens, the re- 
fractive index of the material of the lers, and its; focal length is, 


zeda) Here u=1 5; rı=?; rs (being plane) ; f=- 60. 
2, 


um -a05-0-l, whence rım 30 cms. That is, the radius of 
1 - 
curvature of the lens is 30 ems. ; b 
3. Find the focal length of a conves lens [having radii of curvature 
4 and 6 cms. respectively] (a) in air, (b) in water. Refractive index 
of the material of the lens—1:5; R.I. of water= 4. 


1 1 
Ans. (a) We have the equation, pred ey 


Let the light strike the surface of radius 4 cms. first, then r,— —4, 
and m=--+46. 


1 "dps MES a RE UA WELA 

e RTO E N a See ra 2A a pn 

j (5 d 3*1 $ 

(6) Now, air "water, water "aire *, and air "glasses. 
£719 Io 

: A glass=a x358, s 12(9-3\/-1-1), 

se water ^ glass x $—3. 9 s 1) j 3 

"whence f=—19-2 cms. 
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; 4. A sphere of glass 6 inches in diameter, contains a small air bubble 
which appears to an eye looking from the :3urface, along the radius of 
the sphere to be 2 inches below. What is its true distance from the 
surface?  (p—23/2). 

Ans. The refraction takes place in a spherical surface the conjugate 


relation. for which is inezi, (Art. 112). Here, v=2 inches; r=3 inches; 


u 
e. at glass"air-2. DA AC ELM E 
3 3x2 u 3x3 3 


Leni at edie 3 ? 
ODE piit .. u=225 inches. That is, the true distance of the air 


bubble 1s 2*25finches below the surface. 


115. Power of a Lens :—The power of a lens means its power 
of convergence in the case of a convex lens, or its power of diver- 
gence in the case of a concave lens. That is it indicates to what 
degree the lens can converge or diverge (as the ease may be) an 
incident beam of light. The convergence or divergence, as the case 
may be produced by a lens, will be the greater, the shorter the 
focal length. So the reciprocal of the focal length (1/f) is taken 
to indicate the power ofa lens. A lens having a focal length of 
one metre is said to possess Unit Power called a Dioptre. Accord- 
ing to the opticians, the power of a convex lens is positive and that 
of a concave lens is negative. 

So, to express the power of a lens in Dioptres, express the focal 
length in metres, get the reciprocal and change the sign. 

Thus, a concave lens of 100 cms. focal length has a power of 
—1D, and a convex lens of — 50 cms. focal length has a power of 


1/3 —-2D. 

Note that according to the new conventions of signs the change 
of sign is not necessary [vide Art. 100(115)]. 

116. Two Thin Lenses in Contact:—(a) Let two thin lenses 
Lı, La of focal lengths , 
f,andf, be in contact 
on the same axis, Let O 
be a point source of 
light on the axis and I 
be its image formed after 
refraction through the 
first lens L, (Fig. 136) 
Then, if u and v, be the 
distances of O and T 


respectively from the VEN 
L————Rme ses 1 
concave lens L,, we have en (1) 


ect with respect to the second lens Le 
ses being 


I now serves as the obj s 
(convex) which, therefore, produces an image I'. The len 
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thin, the distance of 7" from L, can be taken to be v,. If v be the 
distance of 7" from the lens L,, we have, 
DEDUCI i 
esas SY Ium 
v vy fa M 
Now, considering the two lenses L, and L, together as equi- 
valent to a single lens of focal length F, we have, 


1l =i where'u is the distance of the object O, and v that of 
the image 7" with respect to the combined lens. 
- FEES 1 
But on adding (1) and (2) we get, ---=—+—, 
aly EPA 
Ves (3) 
E in (4) 


(b) In Fig. 137, L, and L, 
are two concave lenses in 
contact having focal lengths 
f, and f, respectively. 
Suppose for the object O, T' 
is the virtual image formed 
by the lens L,. This virtual 
image serves as objectso far 
as the lens L, is coricerned, 

Fig. 137 by which the final virtual 

image 7" is produced. Pro- 

ceeding as in (a), it can be shown that if F be the focal length of 
the combined lens, 


1.1,1 = fife 
Ron Gee 


(c) Proceeding as in (a) or (b) above, it can be shown for the case 
of two thin convex lenses L, and L, ( Fig.138) as well, that the focal 
length F of the equivalent lens formed by the combination of these 
lenses will be expressed in terms of their focal lengths f, and fa by 


the same equation, hot g as in (a) or (b) above, 
1 2 


h fy 


Extending the above result to a number of thin lenses in con- 
tact we may write in general, 


T. ee | 
ANLE t or 
PCT (5) 


”  — 
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That is, the power of a combined lens is equal to the algebraic sum 
of the powers of the component lenses. 


117. Equivalent lens : — 
Where a number of lenses is 
used to form the image of 
an object, a single lens which 
can produce the image at 
the same position and of the 
same magnification, may be 
termed an equivalent lens 
for the actual system of 
lenses used. When the 
lenses used are thin and are Fig. 138 
in contact one after another, the power of equivalent lens is the 
algebraic sum of the powers of the component lenses. This has 
been proved in Art, 116. 

Example.—What is the power: of a lens which, when combined with 
a converging lens of focal length 25 cms., will produce a combination 
power of 2 dioptres? 

Ans, The power of the convergent lens is 100/25=4 dioptres. 
42022944 p, where pis the power of the other lens. .*, p=—2, 


The negative sign shows that the lens is concave and has a focal length f, where 


21%, ie. f=50 cms, é 
118. Two thin coaxial lenses separated by a distance ;—The 
focal length and the position of the equivalent lens correspond- 
ing to two thin lenses separated by a distance can also be deduced 
from the simple principle of image formation of a finite object 
bearing in mind the fact that the size of the final image formed by 
the equivalent lens must be the same as that of the image formed 
by the combination. But the positional correspondence of the 


two images cannot be attained in this case. 


Fi Q, 


Fig. 139 
In Fig. 139 O,M and O,N represent the positions of the two 
thin lenses mounted coaxially, O,O, being the axis of the system. 
PQ is an extended object placed on this axis. From Pa ray FM. 
starting in the direction of the principal focus F, of the first lens 
O,M, will be parallel to the axis after refraction. It is incident 
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on the lens O, N at N, where it undergoes a second refraction and 
comes out along NR. A second ray PD falls on O,M and after 
refraction proceeds along the direction of the principal focus F, 
of O,N and meets the second lens at C. After refraction it 
emerges along CS parallel to 0,0,. Produce SC to C, and 
produce RN to meet SC produced at P,. Then P,Q, represents 
the final image of PQ as cast by the combination, If this combina- 
tion be replaced by a single equivalent lens the size of the image 
formed by it will be equal to P,Q,. But this image will not be 
formed at the same position; Now if PD be produced to Fs 
on the axis intersecting CC, at E and if a single lens (the 
equivalent lens) of focal length FL be now placed at EL, replacing 
O,M and O,N, then since the ray PE proceeds along the focus, 
after refraction it passes along ES. Another ray passing along 
the optical centre of EL proceeds along PL. The point of intersec- 
tion of PL and CC, gives the position of the image formed by EL. 
It is evidently of the same size as P,Q,. This image is shown in 
the figure as pq. So the lens EL satisfies the condition of the 
equivalent lens and FL is its focal length, which can be evaluated 
from the geometry of the figure. 

Let a—separation 0,0, between the component lenses, 

f; focal length of O, M—-O,F;, 
fa — focal length of O0, N—O,F,. 
and F —focal length of the equivalent lens FL 
Now in similar As FEL and F,DO,, 
Pp B SEI Bom (Mirae ds cit 
F,0, DO, DO, (1=EL=pq4 - P,0,—CO0.) ia (1) 
Again in similar As F,CO, and F,DO,, 


POSSE 
F,0, DO, i b (2) 
Equating L.H. sides of (1) and (2), 
Ni E Nis Bü f. ( 
EO Ru or, F VINCIT “++ (3) 


As is evident from the figure, F, isthe point image of the 
point object Fs formed by the first lens, 


x loni hu 1 + an? pene y are 
: fi v u (fita) FeO, both negative inc | 
A . 1 1 1 
fitfata We (4) 


ie TOL f fata fifa +a) 
Substituting in (3), Fo, xt. ffe. 
ubstituting in (3). Uata) f 4f ka JU EIEEG 
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When both lenses are convex, f, and f, are both negative and 
Fisalso —ve. Hence the relation (5, takes the form, 


dto 1 a 
TURTR—T-— 
aav oM Su UR | 
The position of the equivalent lens is evidently at a distance LO, 
behind the first lens, 
: ) Jii. dud. 
Now, LO,-F,0,-F,Le fis ta o fife fia 
Wout viv er aaa, JA a d. Sythe 
Hence the equivalent lens must be placed at a distance 
L4 


fia j Å CEN r 
~p behind the first lens facing the incident light, 
ty Tf. +a P r 


Remember—(1) For two lenses, the points Q, and Q are 
called the first and second principal points respectively and the 
planes P,Q, and PQ perpendicular to the principal axis are called 
the first and second principal planes, respectively. 

(2) The image distance is measured from the second principal 
plane, PQ. Hence, the image distance V-—v4-f. 

(3) The object distance is measured from the first principal 
plane P, Q,, and U-u4-«, 


` b dd . 
4 “= E 
(4) For the equivalent lens, E y* (new convention of 


Fig. 140 


(5) If a second medium of refractive index 4 is placed in 
between the two lenses, then d will be replaced by d/#; 


dole d Uf fa 

—— fe i OL bee ee 

p F f, f uf j Uf, uf, -d 

(6) Ifthe two lenses are in contact, then d —0 ; and 
ENUA 


vou. II (L)—10 
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119. The Dioptremeter :—It is a handy instrument commonly 
used by all opticians for quick measurement of the optical power 
of the surface of a lens. Its shape resembles that of a pocket 
watch. It has a dial at its fronton which a hand rotates in anti- 
clockwise direction (Fig. 141). 

Two pins A and B of equal 
length and whose tips are at the 
same level are fixed at its bottom, 
and centrally between them liesa 
third pin O of greater length pro- 
truding below the common level 
ofthe tips of 4 and B. This third 
pin O, which can be pushed in, 
hasa carriage mounted on it pro- 
vided with a toothed vertical arm 
engaging with a miniature wheel 
placed at the centre. The rota- 
ting hand P of the instrument. which 
is attached to the wheel, ‘turns in 
an anti-clockwise fashion when the 
n central pin O is pushed in against 

Fig. 141 the motion of two springs which 
control the vertical movement of the, carriage, 

When not in use, the’ pointer is vertical and reads 10 as shown 
in the dial. By pushing in, as the pin is raised to the level of the 
tips of A and B, the pointer moves to the zero mark at the bottom. 
Thus up to the stage the central leg lies below the level of the tips 
of A and B, the instrument corresponds to a spherometer when 
placed on a concave surface. The only differenee between them 
is that here in this instrument there are two legs instead of three as 
in a spherometer. If the central pin is pushed still further, ie., 
above the level of the tips of 4 and B (by placing the instrument 
on a convex surface), the pointer will swing to the right half of the 
dial from 0 to 10. When the three pins will lie on a plane surface, 
the pointer will read zero. 

Thus, it is to be noted that this instrument acts as a sphero- 
meter, the function of the screw being done by a rack and pinion 
arrangement and the springs make the instrument automatic in 
action. 


Theory.—The working formula of spherometer is given by, 


Sh Hh 
R-TRT. 


where R = radius of curvature, S=distance between the central pin 
and any ofthe outer pins, and h=the vertical distance through 
which the central pin is above or below the plane of the tips of the 
outer pins. 
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or, lees h, since — is a constant of the instrument, 

Again, the dioptric power D of a surface is given by 100/f, 
where f, the focal length for the refracting surface is measured in 
centimetres (Art. 162), f being given by 47 E 


(with usual notations), 
For a glass surface, #= 1'5, and so, 


D- $100 eme 


or, D=50x ca where 4, is a constant of the instrument. Thus 
the contribution to the dioptric power of a lens by each of its sure 
faces can be obtained from the reading of the instrument, and from 
this the dioptric power of the lens can be calculated. 


120. Practical Determination of Focal Length of a Lens :— 
(A) CONVEX LENS 


(1) “Direct Method.—Point the lens towards a distant object, 
say, a window at a large distance or, better still, the sun ; and 
move it towards a white wall or a paper screen held behind it until 
a very bright image of the object is obtained. The distance from the 
centre of the lens to the screen gives the focal length of the lens. 

(2) U-V Method.—A convex lens L (Fig. 142) is mounted on a 
suitable vertical stand. Place a : 
lighted candle C on one side of the 
lens, and a white card-board screen c L 
Son the other side. Adjust the ^ fẹ- o S dca 
height of the candle so that the  . 
flame is on the axis of the lens. 

Move the screen backwards and 

forwards until a sharp inverted Fig. 142 

image of the flame is obtained on the screen. This will be possible 
when the distance of the flame is greater than the focal length of 
the lens, Measure the object and image distances from the centre 
of the lens with a metre scale, and find out the value of f by using 


the equation, I 1 otk l1 where v is negative in the present case. 
Po gp 


S 


Repeat this severa] times for different values of u and calculate 
the value of f for each pair of values of u and y, and then find the 
mean value of f. Draw a graph with u and v. The curve will be 
a branch of a hyperbola (Fig. 144). : 
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The experiment can also be performed by exchanging the positions 
; of the candle flame and 
the screen by two pins 
fixed on two stands. 
Looking at the image of 
the object pin from the 
other side of the lens, the 
a L : position of the image can 
Objecipi Image pin be located by avoiding 
parallax between the 
Fig. 143 second pin and the image 

of the first pin (Fig 143. 

(3) Focal Length from Graph.—(i) The graph obtained by 
plotting u and v (using equal scales along the two axes) is shown in 
Fig. 144. Thisisa branch of a hyperbola. A line OP drawn 
from the origin O making an angle of 45° with the axis X or Y will 
meet the curve at the point P. This is a straight line for which 
u=v, The point P will be equidistant from the two axes X and 
Y. The value of the perpendicular distance (x or y) of P from X 
or Y-axis will be equal to 2f of the lens, from which f can be 
calculated (that is done the same way as in the case of a concave 
mirror, Art. 57). 

Note,—If, however, equal scales are not used on the two axes, 
or ifvone of them does not begin from O, then take two points on 
the graph having equal values for both the X and Y co-ordinates ; 
join them and produce the straight line to cut the curve ata point 
P, the perpendicular distance of which from both the axes will each 
be equal to 2f. 


(ii) Another Method of 
obtaining the value of f 3 
from graph is to mdrk off 
the values ofu along one 
axis and the values of v 20} 
along the other axis. The | 2j = 
corresponding points on l 
theaxes are then joined by Ch 
straight lines. as done in 
Fig. 144 and if the con- 
struction is carried out ac- 
curately, all these straight 
lines should intersect at 
a single point R such that 
OR is inclined at 45° to 
the axes. The perpendi- ERE 10 i5 20 35 
cular distances of this Values of v ———> 
point from each of the Fig. 144 
axes, i.e.the co-ordinates, : 
of the common point, give the focal length f (9:2 in Fig. 144). 


Values w u 
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Proof.— Consider any of the triangles (Fig. 144) like 13°5, 0, 
28:5. Area of the whole triangle -sum of the areas 13°5, R, O 
and 2855, R, O. 


The area (13:5, O, 28:5) —iuv; area (1355, R, O)=3fv; and 
area (285, R, O) - fu. ^. iuv-3fucriv; 


or, dun y l ; this is true. 


f u 


.. The co-ordinates of R are (f, f), and the point lies on the 
line joining u and v, 

(iii) Draw another graph of 1/u against 1/v. The graph will be 
a straight line as in Fig. 56, Find the value of f from the graph in 
the same way as done in the case of a concave mirror where the 
graph cuts each axis at a distance equal to 1/f. 


(iv) Another graph may be drawn by plotting the values of u on 
the X-axis and (v+u) on the Y-axis. The graph is like Fig. 107, It 
will be seen that (v+u) is the distance between the object and its 
image, and from the graph it is evident that this distance diminishes 
rapidly as u increases, reaches a minimum value and then increases 
again. The value (y+u) is minimum, i e. the object and its image are 
closest, when each is equal to 2f from the lens, or in other words, 
their distance apart (v+u) is 4f [vide Displacement Method (5). Note 
(ii), below]. So the values of the co-ordinates of the minimum 
point A’ of the graph are 2f and 4f, that is OA (or, u)=2f, and OD 
(or, v+u)=4f in Fig. 107. Thus f is found. 


(v) Drawa graph with v/u (i.e. the magnification) along the 
Y-axis and u along the X:axis — This will be a curve like. Fig. 144. 
From the point on the Y-axis, whose value is 1 (ie where v/u=1), 
draw a straight line parallel tothe X-axis. This will cut the curve 
at a point (like P in Fig, 144). From P drop a perpendicular on the 
X-axis, the value of the intercept (or u) will be equal to 2f. For, 
the value of the Y co-ordinate of the point Pis 1; or v/u=1; or 
v—u. But when v—u, we know that each is equal to 2f, so u - 2f. 


Thus f is found. 


(4) Plane Mirror Method.—Another simple method is to place 
a plane mirror upright behind the lens L mounted on a stand (Fig. 
145. A pin P is clamped in front of the lens with its tip very 
nearly on the principal axis of the lens, The pin is then moved 
backwards and forwatds in front of the lens until, say, at PQ, there 
is no parallax between the piu and its inverted image P'Q'. 


The position PQ gives the focus of the lens. For, the rays diverg- 
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ing from the object at this position will be rendered parallel to the 


axis after emergence from the 
lens, and will be incident nor- 
mally on the mirror but will be 
reflected along the same path 
and, after refraction by the lens, 
will converge at the same posi- 
tion. 

The distance of the pin PQ 
at this position from the optical 
centre of the lens will give the 
focal length of the lens. For an 

: equi-convex lens, this distance Fig. 145 
is equal to the distance of the 
iu from the first surface of the lens plus half the thickness of the 
ens. i 


The distance of the lens from the mirror is immaterial. So the 
plane mirror may also be placed on a horizontal platform and the 
lens placed on it, and pin attached horizontally to a vertical stand 
may be adjusted in height until a real inverted image coincident 
with the object-pin is found. 


(5) Displacement Method.— If in the u—v method [Art. 120(2)] 
the screen and the object are placed apart at any fixed distance 
greater than 4 times, the 
focal length of the lens, it 
will be found that there 
are two positions Z,, Le, 
of the lens (Fig. 146) 
[corresponding to u, and 
us] for each one of which 
a sharp, real (inverted) 
image is obtained on the 
screen. If d be the distance between the object and the screen, 
and x the distance between the first and the second position of 
the lens, called the displacement of the lens, the focal length of the 
lens is given by the.relation, 


EC HERE) 
Sa iten 


Fig. 146 


Proof.—We have, TL in the case of a real image formed 
byaconvexlens. .. uv=f(u+v)=fd et rs (1) 


In the second position, when the lens is shifted through x, 
we have similarly, (u4-x) (v-x)=fd ; 
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or, uv+(v—u)x—x®=fd 3 or, (v=u)x—x*=0, since w=fd, 
from (1); or, x=v—u. But (v—u)?=(v+u)?~ 4uy, i.e, x* — d? — 4fd 
(*. v-u=x, v+u=d, and uv — fd). 
d? —x? 
Sof — —. 
"f 4d z 
Note.—(i) This method does not involve any error due to any 
incomplete knowledge of the position of the optical centre of the 
lens, 
(ii) Since x? » d? — 4f, we have x= Jd? — Afd. 
If x is to be real, d?7 4fd, i.e. d>4f. 
Therefore, for the success of the displacement method, the 
' object and the screen must be placed ata distance greater than 4 
times the focal length of the lens. f 


(iii) It should be noted that a limiting position is reached, when 
2 
the two image positions coincide, i.e. when x-0; then f= Zt s 
or, d=4f ; in this case, there is only one position of the lens giving 
a real image. 
(6) The focal length can also be calculated from the formula, 


1 1 1 
== (P I a 
pret) 2 e ) (Eq. 5, Art. 114] 
by measuring the radii of curvature of the two faces of the lens by 
a spherometer, knowing the value of yp, the refractive index of the 
material of the lens, and giving proper signs to r, and r,. 

120 (a, Radii of curvature of the faces of a convex lens :—The 
two principal methods are— 

(1) By a Spherometer—The method is described in Vol. I of 
this book (Vide Art. 18(c) Part I). 

(2) Determination of the radii of curvature of the surfaces of a 
convex lens by Boy's method. In this method the lens is floated on 
the surface of a pool of mercury in 
order to increase the internal reflec- 
tion of the lens surface B whose 
radius of curvature is to be deter- 
mined ^ A strongly illuminated pin 
©, is held horizontally above the lens 
on a‘vertical stand. The position of 
the pin is adjusted till it ‘coincides 
with its inverted real image formed 
by the rays reflected from the mer- 
cury glass interface. The light from — 
O is now reflected back along its own 
path and as such it must meet the A 
surface B normally. So the refracted Fig. 147 
rays inside the lens appear to diverge 1 
from C, the centre of curvature of ‘thé lower surface B (Fig. 147). 
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Since the incidence is normal at the:surface B, the absence of the 
mercury pool would not alter the situation, the emergent rays still 
appearing to diverge from C as usual. 


Thus the lens in the adjusted position of the pin forms a virtual 
image of the pin at C. Let f be the focal length of the lens pre- 
viously determined Now, 

object distance, u= +0,0 
and the image distance, v=O,C=r, the radius of 
curvature of the surface B (to be determined). 

.'. Putting these values in the general formula of a lens, 

be? 


Thus r is determined for the surface B. Similarly the radius 
of curvature of the other surface can also be determined. 
Note: (1) The refractive index » of the material of the lens 
can be determined, from the relation J=- 1) (-- Lj by subs. 
2 2 : 
tituting the values of r}, ra and f with their proper signs. 


(2) Here the lens acts like'a spherical mirror. 


(B) CONCAVT.LENS 


(1). Focal Length of a Concave I ens by Plane Mirror.—A pin 
with its tip on the axis of the lens is taken as the object 
tt O.. (Fig. 148). It is placed 


| Land a. virtual. image 

appears to» have ;been for- 

med at J, whose position can 

be located iby using a pin» P 

and a plane mirror M cover- 

Meere ing. half the aperture of L, 

Fig. 148 the image P' of P being made 

7 coincident with J. Distances 

MP- d and ML-x are measured. Then u=+OL ‘and v=IL=IM 
- LM 2 +(d—x) (virtual image). 


«.. Substituting in Ib. We can find f. 
fol v+u 


eerie 


in front of the concave lens ` 
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and u, v and f are positive for a concave Tens, 


. Five different values ofv can be determined with five correspond- 
ing values of u, and by plotting a graph of wand v, we can find f. 


i (2) Focal I. ength of a Concave Lens with the help of a Concave 
Mirror.—The object O is placed in front of the lens behind which 


is kept an adjustable con- 
cave mirror M. The princi- 
pal axes of the lens and the 
mirror should coincide. The 
rays incident on the lens 
after refraction proceed in 
directions shown in the figure 
and a virtual image is for- 
mog at J (Fig.149). Now if 
y adjusting the position ; 

of M, it. is found that MN S 
a real inverted image is formed at O, the distance MI shall be 
‘equal to the radius of curvature (r) of the mirror, which is 
known. 

Now measuring the distance MC and CO we can get u andy, 
‘because, u = +CO and v2 CI-2 MI - MC — 4-(r - MC). 


«<. Substituting in the relations? n Hh we get f. 
vu f ji 

(3) Combination Method.—The image in the case of a concave 
lens being always virtual, cannot be received on a screen. In order 
to get a real image, the given concave lens is combined in this 
method with a suitable convex lens, i.e a lens of greater power, to 
render the whole system converging. After this, proceeding just as 
in the case of a convex lens, the focal length of the combined lens 
can be determined. 

Now, knowing the focal length of the convex lens used in the 
combination, the focal length of the concave lens can be determined 


from the relation, ISP dd. , Where f, is the focal length of the 
F fi fa ; 


convex lens, and f, that of the concave lens. With proper signs it 
becomes, 

ib Er 
F F fg 
Note.—(i) To get.a real image with the combination, the focal 


length of the convex lens should be less than that of the concave 
lens, i.e. the power of the convex lens should be greater. 
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(ii) P, P, and P. represent the powers of the combined lens, 
convex lens and the concave lens respectively, the above equation 
is given by, P= P, +P}. : 


(4) Auxiliary Lens Method.—When the power of the convex 
lens is less than that of the concave lens, it will not be possible to 
receive an image on 
the screen when they 
are combined as in the 
above method. In this 
case a sharp image O4 
of the source P is first 

Fig. 150 of all obtained on the 
screen by the convex lens L, (auxiliary lens) alone, or the position 
of the image is located by placing a pin at Q; and’ avoiding 
parallax as explained before (Fig. 150). Keeping the positions of 
P and L, fixed the given concave lens L, is then interposed 
between L, and Q,, and a new position of image is obtained at a 
somewhat greater distance Q,. This is due to the fact that the 
converging rays after passing through the lens L, fall on the lens 
L, by which they are a little diyerged. 


Reversibly, rays of light from Q, will appear to diverge from 
Q, ; hence Q, may be considered as the virtual image of Q, with 
reference to the lens L, where L40, =u, and L,Q, =V, both u and 
Y being positive. Hence f is calculated from the general formula 
for a lens, and will be positive ia value. 


Note that the image Q, will be obtained only when the distance 
L,Q is less than the focal length of the-concave lens Lo, other- 
wise the light, after passing through Lz, will diverge from a. point 
behind L,. 


Questions 


1. What is the difference in the behaviour of a lens and a prism ? 
(Pat. 1937) 
2. What is meant by 'the optical centre of a lens'? Show that the 
optical centre of a lens.divides its thickness in the ratio of the radii of 
curvature. (R. B. 1949) 


3. An electric light is distant 6 ft. from a wall. A convex lens gives 
a sharp image of the light on the wall, when it is held 2 ft. away from 
the light. A second sharp image is obtained on the wall, when the lens 
is held 2 ft. away from the wall. Determine the focal length of the lens 
and compare the magnifieations produced in the two positions of the 
lens. 3 2 (C. U: 1949) 

[Ans.: f—sft.; 1; : D-4:1] l 


» 
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4. Show that, in a real image formation with a convex lens, the 
minimum distance between the object and its image is 4f. 


5. A rod 5 ems. long is held in front of a convex lens and forms an 
image 25 cms. long upon a screen (placed parallel to the rod) at a distance 
of 100 ems. from the lens. What is the focal length of the lens ? 

(C. U. 1918) 

[Ans.: f——1608 cms.] 

6. An object 6 ems. high is placed at a distance of 40 cms. from a 
thin convex lens and an inverted image of height 4 ems. is formed om 
the other side of the lens. Find the focal length of the lens graphically. 
Verify your result by calculation. (Dae. 1934) 


[Ans.: —16 ems.] 
7, The real image formed by a lens is twice the size of the object. 
and 18 ems. from it. Find the focal length of the lens. 


Deduce the distance between the object and the image when the image 
is half the size of the object. (C. U. 1947) 

[Ams.: f-6 ems.; D —27 cms.] 

8. A convex lens of focal length 12 ems. and a concave lens of focal 
length 10 cms. are placed co-axially at a distance of 10 ems. from each 
other. An object, which is nearer to the convex lens on the common axis. 
of the two lenses, is placed 48 ems. away from the convex lens. Find 
the position, magnification and nature of the final image formed. 

(Pat. 1942) 

[Ans.: The final image distance is —15 ems. with respect to the 
concave lers and away from the convex lens, i.e. it is nearer to the 
concave lens; magnification —5/6; real, inverted] 

9. An object is placed in front of a convex lens so that a real image 
of the same size is obtained. It is then moved 16 cms. nearer to the 
lens, when the image still real is three times as large as the object. 
What is the focal length of the lens? (U. P. B. 1949) 

[Ans.: 24 ems.] 

10. If an observer's eye be held close to a convex lens of 3 ems. focal 
length to view an object at a distance of 2-5 cms. from the lens, show’ 
that the magnifying power is 6. Illustrate your answer by a neat 
diagram. (C. U. 1931) 

11. Find the size of the image on the squared paper provided, the 
size of the object (placed symmetrically with its centre on the axis) 
being 5 cms. and its distance 30 cms. from the lens. (The focal length 
of the lens=10 ems.) (C. U. 1914) 

[Ams.: Size of the image — 2-5 cms.] 

129. A convex lens of focal length 10 cms. is made to approach a rod 
of length 5 ems. placed perpendicularly to the axis of a lens. Show by 
means of typical diagram drawn to scale (on the squared paper provided), 
the changes in the nature and size of the image. ] 

(C. U. 1912, '16, '17, 19; Pat. 1921) 

13. Investigate with the help of diagrams, the conditions. for the 
formation of (a) real image, (6) a virtual image, by a plano-convex lens. 

[Hints. Proceed as in the case of a double convex lens,for a plano~ 
convex lens behaves like a double convex lens.] 

14. A circular disc 1 inch in diameter is placed at a distance of 2 ft. 
from a convex lens of 1 ft. focal length. Where and of what size will 
the image be? (C. U. 1928) 


[Ams.: 2 ft. behind the lens; 1 inch dia.] 
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19. You are provided with a lens of 6 inches focal length and a screen 
15 ft. square, and are required to form an image of a lantern slide 8 inches 
Square so as just to fill the screen. Where must the lens and slide be 
placed ? (C. U. 1951) 


[Ans.: 30-5 ft. from Screen; slide 6-1 inches from lens.] 


16. A convex and a concave lens each of 10 inches focal length are 
held co-axially at a distance of 5 inches apart. Find the position of the 
image, if the object is at a distance of 15 inches beyond (a) the convex 
lens, (b) the concave lens. 


[Ans.: '(a) 168 inches in front of the concave lens; (b) 110 inches 
behind the convex lens.] 


17. An object 1 em. high is placed 1 metre in front of a concave lens. 
A convex lens is placed co-axially 5 ems. behind the concave lens. Both 
the lenses are of 10 cms. focal length (numerically). Determine the 
position and size of the final image. (C. U. 1952) 
[4ns. : v—310/9 cms. behind Convex lens ; 3 cms.] 


18. The image of a pin is found to coincide with the pin itself when 
it is placed at a distance of 25 cms. from a concave mirror. Then a 


[Ans. : 183 D] 

19. An object is placed at a distance of 2f from a convex lens of 
focal length f. The rays, after traversing the lens, are reflected from 
à convex mirror and again refracted by the lens forming a real inverted 
image coincident with the Object. If the distance between the lens and 
the mirror is a, show that the radius of curvature of the mirror is 2/—q, 

(Dac. 1927) 

20. You are given a lens through which you can look but which you 
are not allowed to handle. What tests would you apply in order to 
determine if -it is concave or convex ? (Pat. 1929, 40) 


21. Obtain a general formula for refraction at any single spherical 
surface. Hence prove the formula for a thin lens. (All. 1946) 


22. The radii of curvature of the surfaces of a double convex lens 
are 20 ems. and 40 ems. and its focal length is 20 cms. What is the 
refractive index of glass ? (C. U. 1935) 


[Ans.: 1667] 


[Ans.: 5-67 ems. from the viewing side.] 

25. A combination is formed by a convex lens of focal length of 5 cms. 
placed in contact with a concave lens of focal length 10 ems. Rays from 
an object placed at a distance of 15 cms. from the combination pass 
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through it and fall upon a concave mirror of radius 200 ems. placed 
5 ems. from the combination. Find the final position of the image.  ' 
(U. P. B. 1947) 


26, Two lenses of powers —1-5 and +2-5 dioptres are placed in. 
contact. Find the power and focal length of the combination. ^ 
[Ans.: 1D; —100 ems.] (Del. U. 1942) 


27. Draw a graph showing the relation between the positions of object. 
and image in a convex lens from the following observations ; 
u = 18-8, 20-9, 22, 24, 26, 28, 30. 
v = 41-5, 33-5, 30, 27, 2b, 22, 20. 
Hence find the focal length of the lens. 
[Ans. : 13 ems.] 


28. Draw a curve showing the relation between the. distance of an 
object and that pf its image as measured from.a lens, as the distance 
of the object is progressively varied. Take, for simplicity, the case of a 
convex lens of negligible thickness. (Pat. 1923) 

29. Mention the methods for determining the focal length of a con- 
verging lens and describe one of them giving reasons for your choice. 

2 (R. U. 1952) 

30. A luminous source and a screen are placed at a fixed distance 
apart along a scale, and a convex lens can be moved between them. 
Explain how you will utilise this arrangement to determine the focal 
length of the lens. If & and b be the sizes of the image for the two 
positions of the lens, show that the size of the object is equal to ab. 

(All. 1925) 

[Hints. Vide Art. 1204(5). Let s be the size of the object. Then 
in the first position s/a—u/v ; or, s=axXu/v; and in the second position. 
s/bmvju; or, sbxv|u; .'. s?—ab;or, s= Jab] 

' 81. Explain with diagrams how you would find the focal length f of 
a convergent lens by the displacement method. 


Establish the formula, yat au „where d.» distance of the source of light from 


th cen, and x=distance between the two positions of the lens. 
dii (R. U. 1960) 


32. A luminous object is kept at a fixed distance from a screen, and 
with the help of a convex lens an image is obtained. The lens is then 
moved and another image is obtained on the screen. (a) If the distance 
of the object from the screen be 9 in., caleulate the focal length; (b) if 
the sizes of the images be 2 and 8 inches, calculate the size of proin 


[Hints. Vide Art. 120a (5). The size of the object— J/7x8—4 in. Again 
v/u—8/4—2, or/ve2u. We have, v+u=9, or, 2utum9; or, u= 3 in. and v-6 
in. Hence f—2 in.] 


CHAPTER VI 


Optical Instruments : Defects of Vision 


121, The Simple Microscope ;—If an object be placed between 
a convex lens and its principal focus, an erect, magnified and 
virtual image will be visible to an eye placed behind the lens. The 
convex lens, thus used, formsa simple microscope. This is popularly 
called a Magnifying Glass or a Reading Glass (Fig. 151). 

An object becomes visible when it 
forms an image on the retina of the eye. 
The apparent size of the object is propor- 
tional to the size of the image formed on 
the retina, and the size of theimage depends 
upon the angle subtended .at the eye by 
the object. It should be clearly remember- 
ed that for the greatest advantage in vision, 
the angle subtended at the eye by the object 
should be as large as possible, This angle 
increases as the object is brought nearer to 
the eye, and so the object appears to be 
larger. But as we cannot see objects clearly 
when too near the eye, there is obviously 
a limit to the distance up to which anobject 
can be brought near the eye, if clear vision 
isto be obtained. This distance is known 


Fig. 151 as the least distance of. distinct vision 
Reading Glass `; (D) For the normal eye it is about 
cms. 


In Fig. 152 OQ' represents the least distance of distinct vision. 


So an eye without the aid of 
a lens cannot clearly see an 
Object placed at Q. For 
clear vision the maximum 
angle subtended at the eye 
by an object is when placed 
at Q'. If the object be 
brought nearer, the subten- 
ded angle would be larger, 
but the image would be 
indistinct, because for clear Fig. 152 —The Simple Miscroscope. 

vision OQ" is the least distance, But it will be clear from Fig. 152, 
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Magnifying Power.—It is defined as the ratio of the angle sub- 
tended at the eye by the image to that subtended by the object when 
placed at the least distance of distinct vision. 

For distinct vision the angle subtended at the eye by the image 
= /P0Q'=tan ZP'OQ' (the angle being small is taken as propor- 
tional to the tangent of the angle= 59,520 efe (Fig. 152. 
Similarly, the angle subtended by the object when placed at the 
least distance of distinct vision = Z P,OQ'—tan 7P,0Q" 

PQ’ _ PQ _ size of object. 
OQ" OQ' D 
TP ee D magnifying power, according to the definition, 
Si PO Q' size of image v 1 
Ys s "xs eB Lexi 
OQ' OQ' PQ' size of object u R eE vey 


Multiplying every term by v and transposing, ie 1-2: Since 


the lens is convex and the image is formed at the least distance of 
distinct vision, we bave, v—2D, and f is negative. 
t Y 
es =a ka 
m * 1+ f 
The magnification in the case of a simple microscope is limited 
because a powerful lens must be thick and very thick lenses cannot 
produce sharp images and the images are also curved and distorted. 
Best position where the eye is to be placed.—If the distance of 
the eye from the lens is a, the magnifying power will be given by 


nati l6. 


u ‘ 
From this it is clear that the best position of the observing eye will 
be when m is maximum, i:e. a=0. In Other words, the eye should 
bë placed as'close to the lens as possible. 


ACHROMATISM OF A MAGNIFYING GLASS ` 


With a magnifying glass different coloured images should be 
produced due to dispersion. But if the eye is placed very close 
to the magnifying glass, no such chromatic error is produced, 
Since corresponding points of the image and the object and the 
centre of the lens (e.g., P', P and O in Fig. 152) lie in the same 
straight line, the visual angle subtended at the eye by „the red 
image is the same as that subtended by the blue image. The 
same is the case for every other colour. Thus the images of 
different colours subtend the same visual angle at the eye and are 
of the same size. Therefore they superpose on each other on the 
retina and the image seen is achromatic, 

122. Field of view :—Through every optical instrument a 
definite field of view is obtained, which is expressed as the angle 
subtended by the extreme portions of the field at the instrument. 
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Example—Find the focal length 


magnification of 5 for an eye of which 
What kind of lens is it? 


£6. u$. 


is 25 ems. 
Ans, 


Then, 


Here v/u=5; 25/u=5. 
T po Gaal 


ou 25 
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of the lens which would produce a 
the least distance of distinct vision 


-i 3 whence f= —6'25 cms. 


The negative sign means that the lens is convex, 
123, Magnification and Magnifying Power compared 2— 


Magnification 


| Magnifying Power 


The ratio (J/O) of the size of 
the image to that of the 
object, is called magnifica- 
tion. 


1, 


2. Terms of magnification, 
(a) real or virtual, 
(b) large or small, 
(c) by the image formed by a 
convex or a concave lens. 
Linear magnification, 
IJO — v[u and increases with v. 


3; 


4. The value may between 
—ce and+co and is depend- 
ent of f. 

The real image can be cast 
on ascreen. The magnifica- 
tion is larger with larger v, 
because the image on the 
screen (as on cinema screen) 
may be shown from very 
near the screen to a fair 
distance. 


Magnification does not 
depend on the position of the 
observer, moreover it 
depends on the actual 
enlargement. 

It is equal to the magnifying 
power, on some conditions. 


l. The ratio of the angle sub- 
tended at the eye by the 
image to that of the object, 
when placed at the least dis- 
tance of distinct vision. 

2. Terms of magnifying power, 

(a) virtual, 

(b) magnified, 

(c) mainly by the image formed 
by convex lens. 

3. The angular magnification 


according to the object 
n Olu _D, 

distance, u=— = whose 
istance, u oD ^u : 


numerical value is equal to 


m + A and increases as v decreases. 


f 

The value lies between D/f 
and 1+D/f, so it depends 
of f. 

The linear magnification has 
no influence on it. Larger 
images will be formed at 
greater distances, so the 
angle subtended by it at the 
eye will not change. On the 
contrary it may be smaller. 


4. 


Depends on the position of 
the observer. Also it depends 
on the power of vision of the 
observer (the least distance 
of distinct vision D). 

If v=D, it is equal to the 
magnification. 
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124. The Eye-pieces or Oculars :— In optical instruments like 
telescopes and microscopes the objective or the lens system facing 
the object casts an image of that object on the other side of the 
lens system and an eye-lens, placed very close to the eye, finally 
magnifies this first image and serves the purpose of a simple magni- 
fier. But with a single eye-lens it is not possible to receive all the 
rays from the first image because the eye-lenses are of small 
apertures so that all rays passing through them may not enter the 
pupil of the eye. If the diameter of the eye-lens be made larger, 
then rays passing through the outer part of eye-lens would not 
enter the pupil of the eye. This diminishes the field of view of. 
the instrument. So in order to increase the field of view and hence 
to make all the rays from the first image to pass through the eye- 
lens, an additional lens of comparatively larger aperture known as 
the field-lens is to be placed in between the objective and the eye- 
lens. This field-lens together with the eye-lens forms an eye-piece 
or Ocular. Three different types of arrangements of lenses are 
generally made in eye-pieces. 


125. Huygens’ Eye-piece :—It consists of two plano-convex 
lenses of the same kind of glass with their curved faces turned 
towards the object. Both the chromatic and the spherical 
aberrations have been ingeniously reduced to nearly a minimum 
value by the proper choice of the focal lengths and the separating 


Fig. 153 


distance of the component lenses. The focal length of the 
field-lens is thrice that of the eye-lens. In Fig. 153, F and E 
respectively indicate the field-lens and the eye-lens of the ocular. 
Let f, and f, be their respective focal lergihs. In order to 
avoid lateral chromatic aberration, the separation, d, between 


these two lenses are made equal to d nith, Again for minimum 


spherical aberration, d=f, — f,. 
vor. (n)—11 
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In Fig. 154 an incident ray PQ, parallel to the axis of the lenses 
F and E forms an image at N, the focus of the lens F. But the 
PS final image is formed at O, 
by the lens E, of which EN 
is the virtual object. To re- 
move spherical aberration, 
the angle of deviation, 
ZLQM- Z NM0-6, 
and ZLOM-. Z MNO-6, 
‘, PL is parallel to FN, 
Fig. 154 +. ZNMO-ZMNO-6, 
: So, MO=ON, 
again, '.' M is very close to E, it may be taken that, OM —OE. 
ON- OE, ' or, ON-PN ZOE. 
For the eye-lens E, EN=u, OE=v and the focal length — fz. 


, 


d d la 
EN EN. f. 
the distance of separation between the lenses F and E is 
d—FE-EN — EN ^f, - f.. 
Hence, f, - f, hi fa 2 25 


ot, f,=3f2. 
Thus the separating distance is to be made equal to hos —2fa 


or, ie, fa EN, but FN=f, 


` in order that both the aberrations are minimised. The equivalent 


focal length of the ocular is given by the relation, iss DE Es 


d 
F fy fa. the 
As both f, and f refer to converging lenses they are negative. 
1 1 1 Qo. EA 


>=- z F t i 

ki 3f, fa 3fofa 3f, 
The negative sign shows that the system acts also as a converg- 
ing one. The equivalent focal length being numerically equal to 


3 
F= fs. 
2 
When the instrument, to which the ocular is attached, is 


focussed for parallel rays, the rays emerging out of the eye-lens 
must be parallel. So the position of the first image formed by 
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the objective should be such that the second image formed by the 
field-lens is at a distance f, from the eye-lens (i.e. in its focal 
plane). Thus Eq, must be equal to fẹ. But as EF=d=2f2. Fay 
is also equal to f, numerically. Let u—(Fq,) be the distance of 
the first image formed by the objective from the  field-lens. 


Now since Ru -1 and fi -3f. (—ve, because converging), 
z u 
v=Fq,=—f,, we have, 
sre AST AV YE a a 
cr aah Be or, u=—$fo 5 


Thus the first image should be formed at p,q, at a distance 


of a behind the field-lens which actually intercepts the rays from 


the objective and finally casts its image at p,q» in the focal plane 
of the eye-lens. 


The main advantages of the Huygens’ eye-piece are that here 
field of view is increased and that both the lateral chromatic 
aberration and the spherical aberration are reduced to a minimum. 
The longitudinal chromatic aberration may also be avoided by 
using achromatic doublets for both the eye-lens and the field-lens. 


The main disadvantage of this ocular is that here the first image 
Pq, has no real existence and the first real image that we get is 
formed at p,g2. So if at all a cross-wire is to be used for any kind 
of measurement it is to be placed at pg. and will, therefore, be 
magnified only by the eye-lens. So spherical aberration will creep 
in. As the cross-wire would not be magnified to the same extent 
by the eye-piece as the first image p,q, is magnified, true 
measurements are impossible. So generally Huygens’ eye-pieces 
are not provided with cross-wires excepting when the magnification 
is sufficiently low. In this eye-piece as the first image is formed on 
the negative side of the field-lens it is generally known as a negative 
eye-piece. It is used only to examine the image formed and not for 
any kind of work involving any measurements of angles or 
distances, ` 1 


126. Ramsden’s Eye-piece.—This eye-piece consists of two 
plano.convex lenses of the same focal length with their convex sur- 
faces turned towards each other. The separation between the lenses 
is equal to two-thirds of the focal length of each of these component 
lenses. In Fig. 155, F and E respectively represent the ficld-lens 
and the eye-lens of a Ramsden eye-piece. In this eye-piece neither 
the spherical nor the chromatic aberration is reduced to a mini- 


mum possible value. For lateral achromatism the separation 
should be (oe f, where f is the focal length of each of the 
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two lenses. But as this arrangement makes the final image blurred 
due to presence of scratch-marks or dust particles present in the 
field-lens (cf. Kellner eye-piece) which become highly magnified 
when the eye-piece is focussed for parallel rays, the separation has 


Fig. 155 


intentionally been reduced to $f. Thus chromatic aberration is 
not completely eliminated in this type of oculars. Again the 
condition of minimum spherical aberration, namely d=f, —fo, is 
also not satisfied in this eye-piece. But inspite of these defects 
Ramsden eye-pieces are extensively used in optical instruments 
whenever actual measurements of distances or angles are involved, 
This is because in this type of eye-piece, a cross-wire or a reference 
scale can be used for the actual measurement of the image formed 
by the objective. 


When focussed for parallel rays, the second image cast by the 
field-lens must lie in the focal plane of the eye-lens. Let pqa be 
the position of this second image, 


Then Ega =f: But EF=3f, v. Fg, 2 21g But page 


is the image of the first image p,q, and it is formed by the field- 
lens. If the position of the first image be at a distance u(=Fq,) 


from the field-lens, then 1.1 £l2351 ; or, ua Thus the 
FLV Ue faa 4 
first image formed by the objective should be in front of the field- 
lens at a distance 1/4 from the lens. As this first image P344, is real 
and lies in front of the eye-piece a cross-wire or a scale etched on a 
glass plate can be conveniently placed there. This cross-Wire or 
scale will be magnified by both the lenses of the eye-piece exactly 
to the same extent as p,q). Thus an accurate measurement is 
possible with such an eye-piece. As the first image is on the 
positive side of the field-lens, this eye-piece is called a positive eye- 
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piece. The equivalent focal length of this eye-piece will be given 


e 1 sf. ..2 yes Nae: 
EU Va l, 


i3 
Fe uf 


The main advantages of this ocular are (i) that here the field of 
view is increased aud the illumination of the image is made uni- 
form by putting a ring-stop (fitted with cross-wire) at the focal 
plane of the obiective, which cuts off the ragged-edge ofthe field 
of view ; and (ii) that as a cross-wire or a scale can be fitted at the 
position of the image formed by the objective, accurate measure- 
ments are possible The disadvantages of this eye-piece lie in the 
facts that neither the spherical aberration is reduced to a minimum 
nor the condition of achromatism is satisfied here 


127. The Compound Microscope :— This instrument is used for 
producing much greater magnification than that possible with a 
simple microscope. 

It consists of two convergent lens-systems O and O' (Fig.156) 
placed co-axially in a tube ata distance from each other. The 
lens O is turned towards the object and is called the objective, while 
the lens O' behind which the eye of the observer is placed is called 


. 1 
by the relation == 
y elation F 


Fig. 156—The Compound Microscope. 
the eye-piece. The objective is of short focal length and short 
aperture. The eye-piece is also of short focal length but of wider 
aperture. It can be slided within the main tube whereby its distance 
from the objective can be altered. The microscope tube is fitted 
on a slider by which it can be moved as a whole towards or away 
from an object PQ. 

In an experiment, the microscope tube is so adjusted that the 
object PQ is placed just beyond the principal focus F of the objec- 
tive which thus produces a real, inverted and magnified image PO! 
of the object. The eye-piece O’ is then so adjusted that the image 
P'Q' formed by the objective falls within the focal length of the 
eye-piece and the final image P'Q', virtual, magnified and inverted 
(erect with respect to P'Q' but inverted with respect to the object 
PQ) is formed at the least distance of distinct vision for an eye 
placed just beyond the eye-piece. 
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In the actual instrument, the objective and the eye-piece are 
each formed of a number of lenses so as to avoid the defects which 
result from the use of a single lens, namely the) appearance 
of colour (chromatic aberration) and curvature and distortion 
together with the defects due to the image-forming rays 
from a given point on the object not 
converging to a point in the image 
(spherical aberration, coma and astigma- 
tism). In high power microscopes, 
used for biological purposes, there are 
usually two or three objectives of diffe- 
rent magnifications. any one of which 
can be used according to necessity with 
the same eye-piece, 


The magnification in this case may 
be very large. The image is therefore 
considerably less intense and so there is 
an arrangement in high-power micros- 
copes to illuminate strongly the object 
by light reflected from a mirror moun- 
ted below the stage O (Fig.157) on which 
the object is placed. 


For measurements between parts of 
the image, compound microscopes are 
usually fitted with cross-wires, These 
consist of two very fine fibres (spider 
lines are best for this purpose) fixed in 
a metal ring in positions at right angles 
to each other. These cross-wires are placed where the image is 
produced by the objective (i.e. at P'O') so that the final image and 
the cross-wires are seen through the eye-piece simultaneously 
without any parallax. Asa matter of fact, in focussing an object, 
the cross-wires are first focussed (i.e. the distance of the eye-piece 
from the cross-wires is altered until the cross-wires are placed at 
the least distance of distinct vision) and then putting the eye-piece 
(containing the arrangement of cross-wires) as far wide apart from 
the objective as possible in the microscope tube, the tube as a 
whole with the objective facing the object is adjusted in position 
until a distinct image coincident with the cross-wires (i.e. without 
any parallax with respect to the cross-wires) is obtained. 


Fig. 157 
A Compound Microscope. 


Magnifying Power.—Magnification by the object glass, 
a BO 

PQ 
is due to the eye-piece and is obtained as in the case of a simple 
microscope by the following — 


m, == (without considering signs), The second magnification 
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Pp cm Fs (where f is the focal length of the eye-piece). 


The total magnification, m -P"Q"/FQ —P"Q"|P'Q' x PQ']PQ 
Div 
=m,xm i Mr 
2 1 tla 3 

Conditions for Large Magnifying Power.—The equation for 

magnification shows that m is large when, 

~ (i) wis small, which means that the focal length of the objec- 
tive should be small ; (ii) f is small, which means that the focal 
length of the eye-piece should also be small ; (iii) v is large which 
means that the eye-piece and the objective should be separated as 
far as possible. 

Examples.—/. If the focal lengths of object-glass and eye-piece of a 
microscope are 2 ems. and 5 cms. respectively, and distance between them 
is 20 cms., what is the distance of the object from the object-glass when 
the image seen by the eye is 25 ems. from the eye-piece ? 

Ans. Eye-piece : Here image for eye-piece is on the same side as 
the object. So v is positive, v = --25; f= —5; u=? 

Then, 5 -i= 1 ; whence us 25/6. 


25 
Objective : v'=20-2 25 oms, ;f=—2 cms, ; u'm? 


en GELT: pus 
=95/6 Um 2s whence 4'—2:29 cms. 

2, The focal length of the object-glass of a microscope is 4 inch, that 
of the eye-piece is 1 inch. Taking the least distance of distinct vision 
to be 12 inches, find the distance between the object-glass and the eye-piece 
when the object viewed is 8 of an inch from the object-glass. (Pat. 1942) 

Ans. Objective: w= +84; f=—4; v=? 

hat S IARE 
Then pug or, v jin 


7 


3 EL PE E dr rta LENT. 242. 
Hye-piece : v=+12; f=-1;u=? Then, Dsqu 1; or, u pt 


.. The distance between the objective and eye-plece- vu ert in. 
3. The objective of a compound microscope has a focal length of half 

an inch and is placed at a distance of 24 inches from the eye-piece. What 

must be the focal length of the eye-piece, if the final image of an object, 

placed % inch from the object glass, is formed at the least distance of 

distinct vision, which is 10 inches. (Pat. 1941) 
Ans. Objective: u= +83; v=?; f=—i. 


Then Laon whence 92-3 in. 
v 3 2 


ic. the image is at a distance of 14” behind the objective. 
The object distance w’ of the eye-piece— (21 — 14s 1^. 

Eye-piece: w — 1"; v—10"; f=? 

1 1^ 


1 10 
eL t Ger i md See be 
Then 10 1 quienes 9 i 


128. Telescopes :— They are instruments used as aids for look- 
ing into distant objects. Retinal images formed by distant objects 
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are too small for clear vision. When a telescope is used as an aidto 
an eye, the magnification of the image is also arranged simultaneously. 

Telescopes may be of two classes: (1) Refracting, and (2) 
Reflecting. The distinctive feature between them is that in refrac- 
ing telescopes, otherwise called refractors also, the objective con- 
sists of a convergent lens of large focallength and large aperture, 
while in a reflecting telescope, the objective is a paraboloidal mirror. 

Refracting telescopes are essentially of two kinds : (1) Astrono- 
mical and (2) Galilean. 

129. The Astronomical Telescope :—It is a refracting type of 
telescope. It consists of two convex lenses mounted co-axially in 
a tube (Fig. 158). Here the objective O has a large focal length and 


Fig. 158—Astronomical Telescope. 


large diameter, and the eye-piece E has a short focal length. The 
eye-piece should be large enough to cover the pupil of the eye, 
but it should not be very large, for the light which does not pass 
into the eye is lost, but, on the other hand, the objective has to 
collect sufficient light to form a bright image and so, the object 
being distant, it must be of large diameter. As the instrument is 
meant for viewing distant objects, the rays falling on the objective 
may be considered to be parallel, and so a real, inverted.and very 
diminished image PQ is formed at the focal plane of the objective. 
The eye-piece, by a sliding adjustment, is so placed as to have the 
image PQ formed just within its focal length, and the final image 
P'Q', virtual, magnified and erect with respect to PQ but inverted 
with respect to the object, is formed by the eye-piece at the least 
distance of distinct vision. 


To focus the telescope for infinity, the eye-piece is so adjusted as 
to have the image PQ at its focal plane. So the rays diverging from 
the image PQ fallon the eye-piece and emerge parallel. An eye 
placed close to the eye-piece sees at infinity an image P'Q', virtual, 
magnified, and erect with respect to the first image PQ. Since the 
first image is inverted, the final image P'Q'isalso inverted with 
respect to the object. The length of the telescope is then equal to 
the sum of the focal lengths of the objective and the eye-piece. 
The instrument is, in this case, said to be adjusted for normal 
vision. ; 

Usually, the instrument is used such that the final image of a 
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distant object is formed at the least distance of distinct vision, as in 
Fig. 158. In this case, the eye-piece is nearer the objective (i.e. it 
is pushed inside) than in the case for adjustment for normal vision, 

To focus the instrument on near objects, with the final image at 
infinity, the eye-piece is to be moved away from the objective 
farther than in the case when distant objects are viewed. 

Astronomical telescopes are usually fitted with cross-wires for 
purposes of measurements between the parts of the image. The 
cross-wires are placed at the position where the real image is 
formed by the objective so that the final image and the cross-wires 
can be seen through the eye-piece simultaneously without parallax. 

Such telescopes are used for viewing heavenly bodies such as 
the moon, stars, planets, etc. and hence they are called astronomi- 
cal telescopes. 

Magnification.—The angle subtended by the object at the objec- 
tive is «, and since the object is at a great distance we may con- 
sider « to be angle subtended by the object also at the eye-piece 
(Fig. 158). The angle subtended by the image at the eye-piece is 
B. Hence the magnification is given by, 


angle subtended by image 8  ZPEO 

angle subtended by object x ZPOQ 
..tan PEQ 
~ tan POO 

— PO/EQ OQ. focal length of objective (; 

CPOJOQ EQ focallength of eye-piece Gaither canei on morma 

vision). 


(as the angles are small) 


Hence, magnification -7 , when F and f are the focal lengths of 


the objective and the eyepiece respectively. 

This is the case when the object is at infinity, and the image PQ 
due to the objective is formed at the focal plane of the eye-piece. 

The magnification is, however, increased by focussing such that 
the final image P'Q' is at the least distance of distinct vision. 

Note.—(a) It is obvious from the expression for the magnifying 
power that for large magnification, the objective should be of long 
focal length and the eye-piece should be of short focal length. à 

It should be noted that the principle of this instrument is similar 
to that of the compound microscope but to meet the difference 
in purpose, modifications are made. Both these instruments consist 
of at least two convex lenses of suitable focal lengths. 

(b) An image, when highly magnified, is reduced in brightness. 
So in order that a telescope may be able to collect as much light 
as possible from the object, object glasses of large diameter are 
used and this is the reason why astronomical telescopes are made 
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large. Moreover, if the diameter is large, the resolving power will be 
large, i.e. finer details of the object will be observed. 

When the Final Image is formed at the Least Distance of Distinct 
Vision—When the object is at infinity and the image PO due to 
the objective is formed at the focal plane of the objective. The 
eye-piece, by the sliding adjustment, isso placed as to have the 
image P'O' formed just within its focal length and the final image 
P'Q' is formed, by the eye-piece at the least distance of distinct 
vision, D (Fig. 158). 

For the normal adjustment, the magnifying power or the 


angular magnification, m— EF 


If however, the instrument is adjusted so as to form the final 
image at the least distance of distinct vision. 


tan PEQ OO  F 


The magnification, m — tan POO "EO EO TA or (1Y 
For the eye-piece, u= EQ and v= D 


Then, from the relation, Lipa Rees a 
v u 


Deo: iD EN D 
+D,_Fif+D\ F f 
From (1, m-F( t2 =5( a )=F (I a 
à wD )-7\ DIF (+p 

Examples.—1. In a simple form of astronomical telescope the foca? 
length of the object glass is $0 inches, that of the eye-piece is 2 inches. 
Calculate the magnifying power when the final image of a distant object 
is seen. (i) a long way off, (ii) at a distance of 12 inches. Find the 

distance between the two lenses in each case. 
Ans. (i) Since the final image is seen a long way off, the image 
due to the objective is formed at the principal focus of the eye-piece. 


Hence, in this case, magnifying power=7 = =15. 


The distance between the lenses — 30--2 = 32 inches. 
(4) In this case the distance of the final image due to the eye-piece 
is 12 inches. We have, in the case of a lens. 


EAN Here v=12 ; f=—2; u=? 


15—7-— -5 whence ane. 


Hence,.the magnifying power=~=30 Tis. 


Since 12/7" is the distance of the image from the eye-piece, the 
distance between the two lenses = 30--12/7 = 30+1-71 = 31-71 inches. 

2. A telescope is formed of two convex lenses of 10 cms. amd 1 em. 
focal lengths respectively. If the telescope is focussed on a scale one 
metre from the objective and the final image formed 25 ems. from the 
eye, calculate the magnification produced. (Pat. 1944) 

Ans. In order to form a final (virtual) image at a distance of 25 cms. 
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the object (i.e. the real image formed by the objective) must be at a 
distance, say, u from the eye-piece, when we have, i 


toa Li 25 
: 35 ETT whence Lise em. 
Again, the distance v (OQ in Fig. 158) is given by, 
ANU T cae ETSI 100 
SAAQUE F102. Howie IO aeoea Di 
taal) ieee a) magnification, 2-0 Eu y 


130. The Terrestrial Telescope :—An inverted image produced 
by an astronomical telescope is of little use for observing terres- 
trial objects. For ex- 
ample, erect image ADT 
is essential if the in- ‘ 
strument is to be 
used by navigators, 
surveyors, etc. 

This difficulty of 
the astronomical tele- 
scope is removed in 


the terrestrial teles- 
cope (Fig. 159) by Fig. 159— The Terrestrial Telescope. 


the addition of a convex lens to the eye-piece so as to convert 
the inverted image into an erect image, though the length of the 
instrument is thereby inconveniently increased. Some light is 
reflected and lost at each glass surface, and so the image becomes 
fainter by the use of the extra lens. 

Due to the objective (which is not shown in the diagram), a real 
inverted image pq is formed. A convex lens L, which is the erec- 
ting lens, is interposed between the objective and the eye-piece in 
such a way that the distance of the image pq from the auxiliary lens 
L is twice the focal length (2f) of the lens L. Thus another real, 
inverted image p'q', equal in size to pq, is formed at the same dis- 
tance 2f on the other side ofthelens L. This image being inverted 
with respect to pq is erect with respect to the object. The eye-piece 
E is so adjusted that the image p'q' is formed just within its focal 
length and a virtual magnified image p"q' is seen at the least dis- 
tance of distinct vision. j 


Instead of one lens L, a combination of two lenses 4 and B 
(Fig. 160), called an 


erecting eye-piece, is 
also sometimes used. 
The first lens A of 
the combination is 
placed at a distance 
of its focal length 
from the image pq 
Fig. 160—The Terrestrial Telescope. and the rays emerge 
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as parallel beams and fall on B which brings them to real focus at 
P'q'. Thus a real erect image is obtained just within the focal 
length of the lens E, and so a virtual, magnified image p’q’ is 
finally obtained. The lenses A and B are placed apart by a dis- 
tance equal to twice their focal length. 

131. Microscope and neler Compared :— 


_ Microscope | Telescope | 
1. An instrument to magnify —. 1. An instrument to io magnify 
very tiny objects placed close | distant objects placed anywhere 
to it, between a small distance and 
infinity. 


2, Hence, the field-lens is of 2. Focal length of the field- 
small focal length, so that, | lens is large, so that, possibly a 
possibly a real image is formed | real image is formed of a very 
at a small distance. distant object. 

3. The aperture of the field- 3. The aperture of the field- 
lens is very small in compa- | lens is very large in comparison 
rison to that of the eye-lens. to that of the eye-lens. 

4, The eye-lens magnifies the 4. The action of the eye- 
real image formed by the field- | piece is similar to that of the 
lensto a very large extent and | microscope and may be consi- 
the image formed by it is highly | dered to bea simple microscope. 
maguified, virtual and erect 
with respect to the image 
formed by the field-lens. 


5. The final image is inverted 5. The final inverted image 
and is formed at the least dis- | may be formed at the least dis- 
tance of distinct vision, tance of distinct vision or near 

the object i.e., at infinity, 

6. As a matter of fact, the 6, Asa matter of fact, the 


inverted and real first image, inverted and real first image is 
formed by the object-lens is a | a reduced image of the object. 
magnified image of the object. | This is magnified by the eye- 
It is again magnified by the eye- | lens. But the final image need 
lens, so the final image is highly | not be larger than the object, 
magnified, moreover in certain types of 
instruments, the image becomes 
very small compared to the 
object. 

7. Very small objects even 7. Objects situated at very 
invisible to the naked eye are | latge distances which are very 
highly magnified, so that they | smallto the necked eye come 
can be seen clearly. Near at hand, so become larger 
when seen through a telescope 
and it seems that the observer 
is very close to the objects. 
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132. The Galilean Telescope.— The disadvantage of the great 
length of a terrestrial telescope, described in Article 130, is avoided 
to some extent in the Galileo's telescope, which is the earliest form 
of a telescope. It consists of a convergent objective O of large focal 
length and an achromatic concave lens O' as the eye-piece (Fig.161). A 
real inverted image p'q' of the object should be formed at the focal 
plane of the objective, but the concave lens intercepts the rays 
before they reach 
the focus, and so 
the rays emerge 
from it as a practi- 
cally parallel pencil, 
and the eye sees a 
virtual, erect and 
magnified image p'q" 
at infinity, The eye Fig. 161—The Galilean Telescope. 
should be placed as close to the eye-piece as possible, for the rays 
being rendered divergent by the eye-piece the field of view 
diminishes as the eye recedes from it. As the rays emerge asa 
parallel pencil due to the interception of the eye-piece at O', O'q’ 
is the focal length of the eye-piece. And, Oq'is the focal length 
of the objective O, x 


Magnification— 
As in the case of the astronomical telescope, the magnification 
is given by, 
Z4P'O'q' ZpO'g' tan p'O'q' " 
m- Se Ss cm za r (the angles being small 
LpOq' ZpOq' tanp'Oq f $ ; ) 
— p'q' |p'q' .Oq' . focal length of objective 
O'q'| Og O'g! focal length of eye-piece 


=; (when the eye-piece is focussed for infinity), 


Astronomical and Galilean Telescopes Compared.— 

(a) Since the focus of the eye-piece coincides with the focus of 
the objective, the distance between the two lenses in a Galilean 
telescope is equal to the difference between their focal lengths, i.e. 
(F—f), in an astronomical telescope this distance is equal to the 
sum of their focal lengths, i.e. (F--f). A Galilean telescope is thus 
shorter in length which is a distinct advantage over the other types 
as it causes less loss of light due to absorption. 

(b) Ina Galilean telescope the image formed by the eye-piece 
js erect and so it is best adapted for viewing terrestrial objects, In 
an astronomical telescope the final image is inverted, so this type 
can be used only for astronomical work. 

(c) The field of view and the magnification of an astronomical 
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telescope are much greater than those in the Galilean type. In the 
. Galilean telescope, the eye-piece being a divergent lens, the image 
is practically formed by those rays only which pass near about the 
centre of the lens, the marginal rays being mostly lost, and for this 
reason, the final image is faint, i.e, the field cf view is limited. 


(d) Cross-wires cannot be fitted in the Galilean telescope, for 
the eye-piece being a divergent lens there is no position where 
the cross-wires may be placed such that the final image formed by 
the eye-piece and the image of the cross-wires will be coincident in 
position. The focal plane of the 
objective is outside the instrument 
and no cross-wires can be placed 
there if the eye is to be placed 
immediately behind, the eye-piece. 

133. Opera-Glasses : —The ordi- 
nary Opera-Glasses (Fig.162) usually 
consist of a pair of Galilean teles- 
copes mounted side by side with 
their axes parallel. The magnifica- 
— tion in this case is small owing to 
Fig. 162—Opera-Glass. the shortness of the telescope tubes. 
The distance between the two telescopes may be altered by 
adjustment to suit the two eyes of the observer. 

Example.—/n an opera-glass the focal length of the objective is 
4 inches, and that of the eye-piece 1k in. What will be the magnifying 
power and also the distance between the objective and the eye-piece when 


focussing a distant object? (All. 1926) 
Ans, The magnifying power is P where F is the focal length of the objective 
and f that of the eye-piece. ^ The magnifying power=4+3= $ 


In this case, the distance between the tom Pof-4-5-5-2) in. 
2 


134. Reflecting Telescopes :—Reflecting telescopes are princi- 
pally used for studying celestial objects and for such purposes they 
have some definite advantages over 
the  refracting telescopes. Two 
main types of reflecting telescopes 
are described below. In Newton’s M 
reflecting telescope (Fig. 163), .a E 
parallel beam of light from a \ 
distant object falls on a concave \ 
mirror, M, and, after reflection, E 
a real, inverted and diminished ` 
image would have been formed at Fig. 163—Reflectinz 
its focal plane, but before reaching Telescope. 
it the rays are intercepted by a small plane mirror M, inclined at 
45° to the axis of the instrument by which the image is shifted to 


OPTIOAL INSTRUMENTS : DEFECTS OF VISION 175 


a side tube, where it is viewed by means of the eye-piece E. The 
eye-piece is so placed that the image formed by the mirror is in 
its focal plane and thusa virtual and magnified image is seen at infinity. 


Besides the above Newtonian type, there is another kind of 
reflecting telescope, known as the Cassegranian Telescope (Fig.164), 
Herea beam oflight coming from the object is received ata 
paraboloidal objective mirr- 
or M, as in the Newtonian 
Telescope, but before .con- 
verging at F,, the focus of 
the objective, it is intercepted 
by a convex hyperboloidal 
mirror Ma whereby the image 
isformed at F,, as shown in 
the figure, through a hole in 
the objective and is viewed, 
as in the Newtonian. Teles- 


cope, through an eye-piece. Fig. Miei er 


Advantages of a Reflecting Telescope :— 


(a) In a refracting telescope, objectives of large aperture are 
used in order to have a large amount of light, but due to the large 
aperture an appreciable portion of the light is absorbed by the 
lens. To avoid this, large concave mirrors are used where the loss 
of light by reflection is much less and so the image obtained is much 
brighter. : 


(b) There is no chromatic aberration (Art. 175) due to refrac- 
tion, and so the image is quite sharp and free from colour defects. 


(c) When the aperture of an objective is large, greater details 
of the object can be seen. It is more difficult to make large lenses 
used in refracting telescopes than to make reflecting mirrors of 
large diameters, 


(d) By using a paraboloidal mirror spherical aberration may 
be prevented. 

‘It is interesting to know about the largest telescopes, both 
refracting and reflecting, in the world today. The Yerkes. Telescope 
at Lake Geneva, Wisconsin, U.S.A, is the largest refracting teles- 
cope in the world, It has an objective 40” in diameter and is 
mounted in a tube 63 ft. long. At the Mt. Wilson Observatory 
Pasadena, California, U.S.A. there is a 100” reflector of focal 
length 42:3 ft. made of glass silvered at the front face. The 
largest reflector of this type is set up at the Mt. Palomar Obser- 
vatory, California where a 200" Pyrex mirror coated with alumi- 


nium has been used. 
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135. Prism Binocular (or Field-Glasses) :—These are essen- 
tially terrestrial telescopes made in a compact form containing two 
totally reflecting prisms. It will be seen from the diagram (Fig 165) 
that rays from the objective first enter a prism and are internally 
reflected by it. They are again internally 
reflected by a second prism after re-traversing 
the length of the . instrument and finally 
pass through an erecting eye-piece. Thus 
the rays from the objective travel thrice the 
length of the tube by means of the prism, 
before reaching the erecting eye-piece. That is 
the distance between the objective and the 
eye-piece is increased without increasing the 
length of the instrument, So an objective of 
larger focal length can be used in this instru- 
ment. In the figure, the image formed by the 
first prism, which is placed with its refracting 
edge vertical, is inverted laterally, but not verti- 
cally and by the second prism, which is placed 
with its refracting edge horizontal, i.e., at right 
angles to that of the first prism, the image is 
Fig. 165—The inverted vertically, but not laterally. So the 
Prism Binocular. final image is upright and the correct way 
round. Thus the purpose of the terrestrial telescope is served in 
a short length. This is the best form of binocular. This instrument 
is termed a binocular (Lat. bini, two together +oclus, eye as it is 
constructed with two telescopes one for each eye). 


Advantages.—Here by using an objective of greater focal length. 
a greater magnification is made X 

possible than in the case of or- 
dinary opera-glasses, and by 
the arrangement of prisms the 
objectives are placed farther 
apart than in opera-glasses by 
which a wider field and an in- 
creased stereoscopic effect are 
‘obtained. Fig. 166 illustrates 
a modern form of prism 
binocular. 


136. The Stereoscope s—A 
photograph of an object always 
gives a flat appearance because it is taken from the same angle. 
But, if two pictures of an object are taken simultaneously by two 
cameras whose lenses are separated in the same way as our eyes, 
ie, from slightly different angles, and then if the two pictures 
are mounted side by side and looked through lenses or tubes so 


Fig. 166—A Prism Binocular. 
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that one eye looks at one picture only, they will form in the 
brain a stereoscopic view, i.e. the ; 
impression of one picture with pu 
depth (as the object is actually F 
seen), This is the action of the 
stereoscope. 


The action will be under- 
stood from Fig. 167. Here AB 
and A'B' are two stereoscopic 
pictures of the same object i.e, 
photographs of the same object 
taken by a double camera hav- 
ing two objectives placed side Fig. 167—The Stereoscope. 
by side at the same angular distance as the eye. The two pictures 
are correctly mounted on a card-board which is introduced 
into the stereoscope. This is a wooden box having two compart- 
ments in which the two pictures are to be housed. On the same 
side of the box, there are two holes, one for each compartment, in 
which two converging half lenses L,, Ly are fixed behind which 
the eyes of the observer are placed. The positions of the lenses 
are so arranged that rays coming from corresponding points P, 
and P, of the two stereoscopic pictures, which enter the eyes after 
refraction through the lenses, form images which appear to 
combine into a single image at P. 

The two photographs of the same object being taken side by 
side at the same angular distance as the two eyes, the two images 
seen by the eyes appear to combine and give the impression of | 
only one object in relief, i.e. an object as actually seen. 

: 137. The Magic Lantern (Optical Lantern):—By means of 
this apparatus a real magnified image of a lantern slide, a film, or 
a drawing on glass, is projected on a screen so that it can be 
displayed to a large gathering 

The essential parts of this instrument are as follows (Fig. 168) : 

(i) A Powerful Source of Light A.—1f it is a carbon arc lamp, 
the positive carbon, on which the crater is formed is taken to be 


Fig. 168—The Optical Lantern. 


horizontal and the other carbon-rod vertical in order that the full 
light produced in the crater may pass through the apparatus. Lime 


vou. 1 (L)—12 
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light, acetylene burner, or any other suitable source, may be used 
if electric light is not available. A suitable reflector (not shown in 
the figure) may be placed at the back in order to turn the back- 
rays to the forward direction. 


(ii) The Condenser C.—It consists of two: plano-convex lenses 
placed with their curved surfaces facing each other: The conver- 
gent lens-system turns the divergent rays from the source into a 
convergent beam directed towards the object PO. It concentrates 
the rays to illuminate the object properly and is therefore called a 
condenser. 


iii) The Slide.—It is a photograph on a glass plate of suitable 
size, or a film, or a drawing on glass. It is put in a wooden frame 
which is inserted in a groove S in the lantern. It can be changed 
by drawing out the wooden carrier. This constitutes the object. 


(iv) The Focussing Lens L.—It is a convergent combination of 
lenses corrected for chromatic and spherical defects. Its position 
with respect to the side can be adjusted by means of a rack and 
pinion arrangement D. The action of the lens can be stopped by 
means of a cap which can be fitted on it. 


(v) A Vertical Screen E.—It should be preferably white. 


Action —By the action of the condenser C, the diverging rays 
from the source Aare turned intoa convergent beam directed towards 
the object PO, which is thereby uniformly and strongly illuminated. 
The slide is put in an inverted fashion. The position of the slide is 
beyond the principal focus of the focussing lens system L and so an 
inverted, magnified and real image P,Q, of the inverted object PQ 
(ie. an erect image) is produced on the distant screen E. The 
focussing lens L is then slightly adjusted (i.e. moved forward or 
backward) by means of the rack and pinion arrangement D until 
the image formed is made very distinct and of the desired size. 


Lantern slides are usually about 3” square and the size of the 


image on the screen may be as large as 8 feet square. Thus the 
light passing through the slide is spread over an area 1000 times as 
great, Hence it is obvious that unless a powerful source of light is 
used, the image will not be distinct, 


N.B —As the image thrown on the screen is inverted, the slide 


isto be inserted in an inverted position in order to get an erect 
image. 


138. The Epi diascope :—An Epi-diascope (Fig. 169) combines 
a magic lantern and an episcope. The episcope is a convenient 
instrument for projecting the images of opaque objects like ordi- 
nary diagrams, maps, pictures, photographs, etc., on a distant 
screen. Light from a strong gas-filled lamp, or arc-lamp 4 having 
a concave reflector R at the back, is concentrated by the condenser 
C (vide Art. 137), onto a map or a diagram in a book placed on a 
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table, called the object table. Light from the object PO then 
travels upwards through a focussing lens system L on toa plane 
mirror M having a silvered surface from which it is reflected and 
finally focussed on to a screen E. 


The mirror M is 
placed at 45° with res- 
pect to the horizontal. 
The object PO is beyond 
the principal focus of the 
convergent focussing lens 
system L, andso a real 
magnified image is pro- 
duced on the screen E. 
By adjusting the rack 
and pinion arrangement 
D,the distance between 
Land PQ maybe altered 
until the image P,Q, is 
made distinct and of the 
proper size. 

When an episcope is 
also fitted to project lan- Fig. 169—The Epi-diascope. 
tern slides, like an ordi- 
nary magic lantern, it is called an Epi-diascope. 


139, The Photographic Camera :—It is an apparatus by which 
a permanent image of an object can be taken on a photographic 
plate or film. Its essential parts are the following— 

(i) A Lighttight Box BA (Fig. 170).—It is made of folding 
black cloth, leather or paper such that it can be extended or 


lo 


vay 


Fig. 170—The Photographic Camera. 


shortened in length according to necessity. The inside of the box 
must be black or painted black for stopping internal reflections. 
The box is usually fitted on a tripod stand by means of which it 
can be set ‘at any desired height or tilted in position. The base of 
the box is provided with a rack and pinion arrangement (not shown 
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in the figure) by which the back of the box at which the plate is 
placed can be moved in or out. 

(ii) The Photographic Objective L—It is a combination of 
lenses L equivalent to a converging lens:and is corrected for 
chromatic and spherical errors. Its design depends on the purpose 
for which the camera is used. There is a rack and pinion arrapnge- 
ment D by which the objective can be moved forward and back- 
ward for purposes of focussing. 

(iii) The Iris Diaphragm.—It is an adjustable shutter by which 
the aperture of the lens can be regulated to permit variation in the 
intensity of image and improve its definition. 

In order to obtain a clearly defined image, only the middle 
portion of the lens should be used ; the other parts are covered 
up by means of an adjustable diaphragm, called a stop by photo- 
graphers. By using stops with holes of different sizes, the requisite 
amount of light may be allowed to reach the film. The smaller 
the diameter of the opening the better is the definition of the 
image, though a longer exposure will be necessary. The diameter 
of the stop is always expressed as a fraction of the focal length of 
the lens : thus, the fractions f/16 or f/8, marked on the outside of 
the adjustable diaphragm of a camera means that the diameter of 
the stop is q} or à of the focal length of the lens. 

(iv) The Shutter.—It permits the time of exposure to be. varied. 
In modern cameras, there is an automatic arrangement for varying 
the time of exposure from 1 sec. to g}pth second, Such exposure 
are called instantaneous. There is provision for time exposure 
also whereby the plate can be exposed to light for any length of 
time according to the judgment of the photographer. 

(v) The Screen E.—It is a ground glass plate on which. the 
focussing is first done and is subsequently replaced by the photogra- 
phic plate. á 

(vi) The Slide—This isa flat light-tight box for housing the’ 
sensitive plate. It has a movable shutter which can be drawn out 
when the plate is to be exposed. 

(vii) The Plate.—It is a plate of glass (or celluloid) on which 
there is a thin layer of an emulsion of one or more halides of silver 
in gelatin. 

How a Photograph is taken—The camera is set up at the proper 
height in front of the object, the shutter of the lens is opened and 
by varying the distance of the camera from the object, an image is 
roughly formed on the ground glass screen. Then, by adjusting the 
distance between the objective and the screen (by altering the posi- 
tion of the screen or the position of the objective or both, by the 
help of rack and pinion arrangements), and image of the proper size 

is sharply focussed on the screen. The aperture of the diaphragm 
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is then adjusted for the proper illumination and definition of the 
image. The camera is then loaded with the plate in the slide, The 
plate is then exposed to light by drawing out the shutter of the 
plate. The time of exposure is a matter of art which can be learnt 
only by experience. It depends on the intensity of the light and 
the size of the aperture, oth E 
No visible image, however, appears on the plate being simply 
exposed to light. The shutter of the slide-carrier is then closed 
and the slide is removed toa dark room where the plate is kept 
immersed in a chemical solution, called the developer. The silver 
salts in those parts where they have been acted on by the incident 
light rays are here gradually reduced by the developer to the 
metallic state, When the picture is satisfactorily revealed, the 
plate is carefully washed with water so that even the last trace of 
the developer may be washed out, The plate is next washed ina 
solution of hypo", called the fixer solution. Until this is done the 
plate is not free from the action of light. The hypo (hypo-sulphite 
of soda) solution washes away the silver salts from the parts of the 
plate not affected by light. By repeated washing in water, the last 
-trace of the hypo is removed, after which the plate is dried up in a 
current of air, The plate thus developed and fixed is called the 
negative, since the bright parts of the image are depicted black on 
the plate and vice versa. To print to positive (called the photo- 
graph), the film-side of a sensitised paper, similarly coated as the 
plate, is held in contact with the negative in a suitably constructed 
frame and light is passed through the negative, to act on the film 
for an appropriate period. The image on the paper is then 
developed-and fixed as before. The paper is afterwards thoroughly 
washed and dried. This isthe photograph. The method is called 
contact printing. 


140. Telephoto lens :—-In a photographic camera, the size of 
the image formed on the ground glass screen or the plate depends 
on the focal length of the camera objective because the magnifica- 
tion is, 


ru. 
Papa 


When the distance (u) of the object is large m is sufficiently 
reduced, So to increase the magnification and hence the size of 
the image, the focal length of the objective should be made 
considerably large. But in that case the plate should also be 
placed at a distance nearly equal to this large focal length from the 
objective. So the camera box becomes rather unwieldy and the 


182 INTERMEDIATE PHYSIOS 


objective can neither be properly corrected for aberrations and 
distortions. But by suitably combining a short focus convex lens 
with a concave lens placed at a distance, it is possible to get an 
effective focal length which is as large as that necessary for the 
required magnification. Such a combination is known as the 
telephoto lens which can be fitted in a camera of ordinary size. 


Fig. 171 shows an 
arrangement of à tele- 
photo lens. The rays 
from the distant object 
fall on the convex lens 
A and an image is 
expected to be formed 
at p'. But the concave 
lens B, placed between 
Big. 171 p' and A such that Bp’ is 

S less than its focal length, 
casts a real image finally at p on the plate. -The rays meeting at 
p appear to have deviated at PQ and hence the equivalent focal 
length of the system becomes Qp. If Bp’ is increased, Bp will 
also increase ; but such increase should be limited by the maximum 
distance to which a plate can be shifted in a camera box of adjus- 
table size. Both the constituent lenses are made achromatic but 
the combination is not free from other defects. The image formed 
by such a lens is rather flat showing very little perspective. 


141. The Pin-hole Camera and the Lens Camera Compared :— 
The image formed by a pin-hole camera is never sharp. The 
smaller the hole the sharper is the image, but the amount of light 
received on the screen is very smallfor photographic purposes. 
Another defect of the pin-hole camera is that the images formed 
by it are equally sharp, i.e. there is little difference in sharpness, 
though the distances ofthe objects are changed, butthe images 
formed by a lens camera are much sharper if the object is correctly 
focussed, but, for other distances of the object, blurred images are 
formed. 


In photography the amount of chemical action taking place on 
any small area of the plate will depend upon the amount of light 
falling on it, which again depends upon (a) the intensity of the light 
from the source ; (b) the area of the hole ; (c) the time of exposure. 
Keeping (a) and (c) constant for the both, the area of the hole i.e. 
the front surface of the lens in a lens camera can be made large 
compared with the pin-hole, so that with a very short exposure the 
same quantity of light will reach asmall area on the plate. This 
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is a great advantage of the lens camera; but for still objects with 
long time exposure 
there is no special - 
advantage with a lens 
camera. 


142. Eye and 
Vision :— The eye- 
ball (Fig. 172) is ^ ,——- 4 
nearly spherical in 
shape, and, within 
limits, is capable of 
turning in its socket. 
It is nature’s optical Fig, 172—The Human Bye. 
instrument, 


A human being has two similar eyes, and has the advantage of 
binocular vision (vide Art. 146). The eye-ball is complex in 
structure. Its exterior is formed by a white membrane sS, called the 
Sclera. The front portion C of the sclera is transparent and more 
convex than the rest. This part is known as the Cornea. Internal 
to the sclera is a dark-brown membrane Ch which is known as the 
choroid. The anterior continuation of the choroid is a seat of 
muscles, known as the ciliary muscles Cm. From this ciliary body 
a diaphragm, circular in form, hangs and is perforated in the centre 
by an aperture whose size can vary by an involuntary action of 
the ciliary body. Its function is to regulate the size of the aperture, 
Its colour gives the colour of an eye. This diaphragm 7 is called the 
iris. Behind the iris is suspended the focussing lens L of the eye. It 
hangs from the inner surface of the ciliary muscle by means ofa few 
fibres, called the suspensory ligaments (S.L.) The lens is bi-convex 
(more convex at the back), transparent, and is composed of different 
layers of different refractive indices. The spaces in between the 
cornea in front and the iris is called the anterior chamber of the 
eye, while the space between the iris and the suspensory ligaments 
is called the posterior chamber, and they are filled up by salt solu- 
tion known as aqueous humour. On the internal back-portion of the 
choroid is stretched a delicate purple-red membrane havinga network 
of minute structures, called the rods and cones, which receive the 
light waves, and the optic-nerve-fibres, which carry the light sensa- 
tion to the visual centre of the brain. This light sensitive membrane 
R is called the retina. On the inner surface of the retina there 
is a region Y about 1 to 2 mm. in diameter, called the yellow 
spot or the macula lutea. In the centre of the yellow spot there 
is a small depression, called the fovea centralis. The imaginary line 
that passes through the optic centre ofthe eye-lens and the fovea 
centralis is called the visual axis of the eye. The yellow spot is the 
region of the highest optical sensitivity in the retina. The imagi- 
naryline that passes through the centre of the cornea and the 


AN 
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optic centre of the eye-lens is called the optic axis of the eye. The 
Optic “axis meets the retina at the posterior pole of the eye. The 
Optic nerve-fibres enter the retina about 3 mm. below the posterior 
pole of the eye. The spot where the optic nerves enter the retina 
is called the optic disc. This disc B has no sensitivity and hence 
is called the blind spot. The space between the retina and the 
lens is known as the vitreous chamber and is filled up with a 


transparent colourless and gelatinous mass known as vitreous 
humour V. 


Action of the eye.—Rays from an external object entering the 
eye suffer refraction mainly at three surfaces, the outer surface of 
the cornea and the two surfaces of the eye-lens. Then again there is 
the continuous refraction experienced by the rays in passing from 
layer to layer to the lens and finally the rays are brought to focus 
on the retina. The image produced by the eye-lens (convergent) on 
the retina is real, diminished and inverted. That we see it erect is due 


to a process of mental interpretation only, to which all observers are 
habituated. 


143. The Photographic Camera and the Eye compared :— 
Photographic Camera (Fig. 170) Eye (Fig. 172) 


1. A light-tight box. l. The sphérical eye-ball is 
formed of a fairly hard substance, 
called the sclerotica. 


2. A converging lens or a 
combination of lenses by which 
a real, inverted and diminished 
image is formed on a photogra- 
phic plate. The focussing is done 
by adjusting the length of the 
box. 


3. The image is received 
after developing the sensitised 
plate by chemical means, 


4, An adjustable diaphragm 
or stop regulates the amount of 
light entering the camera. 


2. The cornea, aqueous hu- 
mour and the crystalline lens to- 
gether form a similar image on 
the retina. The focussing is 
done by altering the curvature of 
the lens by means of what arc 
called ciliary muscle. This power 
of the eye to focus the image 


by adjusting the lens is called 


accommodation. 


3. The image impressions 
received on the retina are con- 
veyed to the brain through the 
optic nerves. 


4. The amount of light 
entering the crystalline lens is 
regulated by the iris I, which is a 
diaphragm with a circular aper- 
ture, called the pupil, near to its 
centre. 
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Photographic Camera Eye 
5. A shutter in front of the 5. The eye-lids can shut out 
lens shuts out light whenever the light for long or short 
required, periods at will, 


[Note.—It has already been said that the images formed on the 
retina are always inverted though we see them erect. This however, 
cannot be clearly explained. The explanation is that our mind 
has learnt by touch and muscular sense from our infancy that an 
inverted image on the retina means the presence of an erect object. 
Thus it is only a mental interpretation] : 


144. Power of Accommodation :—An eye is said to be normal 
when in a state of full relaxation it can focus on the retina objects 
at an infinite distance. When such an eye looks at a near object, 
the image should be formed beyond the retina, but the eye by 
virtue of an inherent power (which acts involuntarily), called its 
power of accommodation, can form the image of the object on the 
retina. According to Helmholtz, the mechanism of accommodation 
is that the ciliary muscles automatically contract, drawing forward 
the choroid and relaxing the suspensory ligaments, this diminishes 
the tension of the lens-capsule and allows the inherent elasticity of 
the lens to increase its convexity. Chiefly theanterior surface of the 
lens changes in curvature. The degree of accommodation obviously 
will vary with the distance of the object under view. 

Thus accommodation is that property of the eye-lens by which 
its effective focal length is automatically altered to suit the act of 
viewing distant or near objects. ; 


Far-Point of the Eye.—The most-distant position up to which 
the eye can see, when fully relaxed, is termed the far-point. For the 
normal eye it should be at infinity. But „actually the far-point 
isonly a distant point (which varies from person to person) for 
an eye. 

Near. Point ofthe Eye.—For every eye there isa limit to its 
power of accommodation. This power ceases when the object is 
brought to a certain minimum distance from the eye. The nearest 
position upto which a small object can be distinctly seen, employing 
the maximum amount of accommodation, is referred to as the near- 
point on the eye. It can be determined for an eye by noting the 
shortest distance at which aman can read the smallest test-type 
with the other eye closed. : : 

Least Distance of Distinct Vision—It is the distance of the 
near-point from the eye. Fora normal eye it is about 10 inches 
(i.e, 25 cms.), 

145. Defects of Vision :— d ^ 

The common defects of vision are the following—(a) Long- 
sight (or Hypermetropia); (b) Presbyopia; (c) Short-sight (or 
Myopia) ; (d) Astigmatism. 
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(a) Long-sight (or Hypermetropia).—For the normal eye, the 
distance of the near-point is 
about 10 inches (25 cms.), and 
for a long-sighted person it is 
greater. A long-sighted eye 
cannot see near objects dis- 
tinctly, but if the accommoda- 
tion is normal there is no diffi- 
culty about distant objects. 

Fig. 173—A Lonz-sighted Eye. Rays from the normal near- 
point are brought to a focus behind the retina (Fig. 173). The causes 


are: (a) the eye-ball is too small, or (b) the focal length of the: 


lens is elongated. 


The remedy is to interpose a convex lens so that the focal length 
of the combination is i 5 
shortened and by that 
the image is formed on 
the retina (Fig. 174), 
Usually it is found in 
the caseof a hypermet- 
ropic eye that parallel 
rays from distant objects 
are focussed on the re- Fig. 174—A Corrected long sighted Eye. 
tina, In order that rays 
from the normal near-point N can be focussed on the retina, the 
converging lens ZL, of the spectacles should be of such power as to: 
make the rays from the object appear to come from the near- 
point N, of the defective eye. 

Let v—distance of retina from the lens, f,—focal length of 
the eye, d= distance of the near-point of the long.-sighted person 
found by trial. 

1 
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on ee MS Ax (1 
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Suppose a lens of focal length f, should be interposed to bring 
the near-point of the defective eye to a position 25 cms. from the 
eye. So we have, 


1 I TulbLL | fi 
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Lel-I.BOÀ 5. -«— and, therefore, f, is- ve. 
or, DET sd>2 IZB and, therefore, f, e, 


This gives the focal length of the spectacles lens required, and 
the negative sign of f, shows that the lens must be convex. 

(d) Presbyopia.— This is another form of long-sight which is 
due to old age. This is called Presbyopia and sometimes also called 
far-sight. The crystalline lenses of the eyes lose elasticity gradually 
with age, and the accommodating power of the ciliary muscles 
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decreases. Thus a short-sighted eye in childhood tends to become 
normal in after years, but the defect of long-sightedness is sure to 
increase gradually. 

Examples.—/. A long-sighted man can see clearly at any distance 
more than 10 ft. What kind of spectacles lens should be used to enable 
him to read print placed 10” from his eye? 

‘Ans. The distance of the near-point of the man is 10 ft. or 120". 
So, we have, if v=distance of retina from the lens of the eye, MS t Again, 
= v 120 fe 


y a VAEA Wega y CS Rape La 
if f= focal length of the spectacles lens, SORA bof 4 
igo 1 11 

Or) F120 105.120. 

Hence, the spectacles lens should be convex and of focal length 10-9” 
(approximately). 

2. A long-sighted person ` has a minimum distance of distinct vision 
of 50 cms, What kind of lens must be used in order to reduce this 
distance to 25 ems.? What should be the focal length of the lens ? 

Ans, Here u=50 cms. Hence 1- A75 where f, is the focal length of the 
eye lens. Again, if fı is the focal length of the spectacles lens, 

Wo va Bes pop n. vn petuo opt 
9.25 fe f 9 50 f Aa) 50/25: 530 

S. fim 750 cms. 

Thus the spectacles lens should be convex and of focal length 50 cms. 

(c) Short-sight (or Myopia).—A short-sighted person cannot see 
distant objects distinctly. The tays from adistant object are 
brought to a focus in front 
of the retina R (Fig. 175) ; 
so the far-point is nearer 
than infinity but as to 
near vision there is no diffi- 
culty if the accommoda- 
tion is normal, though the 
near-point N, may be 1 
much closer than 25 cms. Fig. 175—A Short-sighted Eye. —— 
The causes of the defect may be (i) the eye-ball is too elongated ; 
(ii) the focal length of the eye is too short. 

Let d — the distance of the farthest point F upto which the short- 
sighted person can see 
distinctly (Fig. 176). 
This point, in the case 
of a normal eye, should 
be at infinity. 


It is necessary to 
interpose a concave 
lens; . L,, such that 


Fig. 176—A Corrected short-sighted Eye. parallel | rays | from 


4S f= —10:9" (approx.). 
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distant objects will, after refraction through the lens, appear to 
diverge from F, the far-point of the defective eye and will thus be 
focussed on the retina by the lens L of the eye, 


ae Teg | 
== p^ qu 1 
ruf (1) 
By interposing the lens, the far-point would be at infinity, 
ds St eho lud 
. So, LUE De fo (1) 
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As before, we ‘have, 
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Hence the focal length of the spectacles lens should be equal to 
the distance of the farthest point upto which the short-sighted 
person can see distinctly, and the positive sign of f shows that the 
lens must be concave. 


Examples.—7. A short-sighted man who cam read clearly when the 
print is not more than 3 inches from his eye, requires spectacles to enable 
him to see distant objects. What kind of lenses docs he need and what 
must be the focal length? Draw as accurately as you can the path of 
ray of light from a distant object through the lens of the man's eye 


(a) without the spectacles, (b) with the spectacles. (C. U. 1909) 
Ans. Here, the farthest point»3 inches. So, T6 
e 
But if f be the focal length of the lens to be used, we have, 
Pe LM LT FT 


a re | -mg s na 23i iu 
ECC EE EP 9t eni £23 inches. 
The man will evidently require a concave lens of focal length 3 inches 
(for diagrams see Figs. 175 & 176). 
2. A short-sighted man can read printed matter distinctly when it 
is held at 15 ems. from his eyes; find the focal length of ihe glasses 
which he must use if he wishes to read with case a book at a distance 


of 60 cms. (C. U. 1958, '56) 
te Died (eee i Nag 
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So the glasses of the spectacles must be concave and of focal length 
20 ems. 

(d) Astigmatism (Gk. a, without--stigmatos, a point of focus). 
— This defect of eyes is usually due to irregularity in the curvature 
of the vertical and horizontal sections of the cornea; the curve 
generally is more pronounced in the vertical section than in 
the horizontal with the result that horizontal and vertical lines at 
the same distance will not be in focus at the same time, Such an 
eye, when looking at a network may be able to see clearly, for 
instance, the horizontal wires, while vertical wires may be indistinct 
or curved. A cylindrical or sphero-cylindrical lens is used to 
remove this defect. The defect may differ in degree in the two eyes. 


5 f=+20 cms. 
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146. The Advantages of Iwo Eyes (Binocular Vision) :—As 
with two ears we hear only one sound, so, by our two eyes, when 
fixed on any object, we see only one object. Though each of the 
eyes forms an image on its own retina, the brain integrates the 
two different images into one image. One advantage of having two 
eyes is the power of estimating distance correctly. It may have been 
noticed that the threading of a needle is very difficult when one eye 
is kept closed. To illustrate it further, suspend a small curtain ring 
at some distance with its plane in the line of sight. Now hold a long 
stiff wire, bent at one end, and try to insert the bent end through 
the ring keeping one eye closed. It will be found more difficult to 
do it when one eye is closed than when both eyes are open. This 
difference is due to the fact that simultaneous vision by the two 
eyes gives a marked facility in estimating distance, 


Further, due to the difference in position of the two eyes with 
respect to an object, the right eye sees more of the right side and 
the left eye sees more of the left side, When the object is viewed 
simultaneously by both the eyes, the two images which are slightly 
different overlap on each other. The resultant gives a combined 
idea of depth and solidity (vide Art. 136). 

147. Persistence of Vision :—Visual impression, however mo- 
mentary, received on the retina of the eye persist for about one- 
tenth of a second even after the stimulus is removed ; so if a series 
of impressions at intervals of more than ten per second falls on 
the retina, the eye will not beable to distinguish between them and a 
continuous impression will be produced and this is the reason why 
Newton’s disc (Art. 178), if rapidly rotated, appears greyish white 
which results from the overlapping of the colours on the disc. 


Again, if there be a picture of a bird on one side of a piece of 
card-board and a picture of a cage just on the opposite side, then 
on rapidly revolving the card-board the two impressions blend and 
the bird will appear to be inside the cage due to persistence of 
vision. For the same reason the red end ofa burning splinter, 
when whirled round, gives the impression of a continuous red circle. 


148. Cinematography :—The Cinematograph is a projection 
lantern specially adapted for exhibiting pictorially on a screen the 
movements of objects. Its working, known as cinematography, 
depends essentially upon the principle of persistence of vision. If 
photographs are taken of a moving object at intervals of about 
goth of a second, then the discontinuous pictures, when projected 
On a screen at the same rate, will fuse together and produce an 
illusion of continuity. 


In acinematographic film there are numerous pictures of some 
object in different succeeding positions taken by means of a special 
camera (motion-picture camera). These pictures are rapidly moved 
before a projection lantern, the arrangements of which are similar 
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to those of an optical lantern (Fig. 143). The pictures on the film 
come infront of the condenser to the position occupied by the slide 
of the optical lantern. About twenty pictures on the film pass in 
front of the condenser per second, and as each of these arrives in 
position the film stops for byth of a second by a clock-work 
arrangement and passes on to the next picture after a brief dark 
interval. The images of these rapidly moving pictures are thrown 
on a screen with an interval between each pair during which the 
film is not illuminated, but as the pictures follow one another very 
rapidly they represent some continuous incident or story due to 
persistence of vision, as the impression of one picture does not 
vanish before the second is received ; and this goes on one after 
another. Thus, in cinematography, we do not see moving pictures, 
but a rapid succession of stationary pictures. 

Working.—A common form of film isa 16 mm,, celluloid film 
on which the pictures are positively printed. Such films are made 


Feed sprocket 
ca met on Jens 
5 | Take-up sprocket 


pull-down interval 


Fig. 177—The Cinematograph. 
up in reels of 50:feet. The film is drawn from a reel box R,, called 
the supply spool,'by means of a uniformly driven sprocket S,, called 
the feed sprocket}(Fig. 177) ; the film is kept in engagement with S, 
by means of the*pressure roller r,. The film passes through the 
pressure pad gate G infront ofan aperture, as shown in the picture ; 
the film-is strongly illuminated by light passed through this aperture 
from an optical lantern ; the lantern, as usual, consists of a high 
power:lamp, or a powerful carbon arc with a reflector at the back 
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and a condenser lens in front, An intermediate sprocket, shown in 
the picture as pull-down, pulls the film through the gate at rated 
interval. A revolving shutter S, placed between the condenser and 
the aperture cuts the light off when a picture is replaced by the 
next in succession. The safety shutter, shown in the picture, may be 
used in times of any derangement. The take-up sprocket S, (with the 
help of its pressure roller ra) collects the used film and passes the 
same to the other reel box R,, called the take-up spool. The projec- 
tion lens L forms on a distant screen a real magnified image of the 
picture through which the beam of light is passed. 

149. Cinema Tricks :—Sometimes curious tricks are seen to be 
performed on the cinema. Many natural phenomena are seen to be 
Accelerated and sometimes retarted. The seed ofa plant takes a 
long time to grow, but the photographs of its growth can be taken 
at intervals over a comparatively long period of time on a single 
film, and when it is thrown on the screen at the ordinary rate we 
get the impression of very rapid growth. On the other hand, snaps 
of such things as running, high jumping, strokes in cricket or tennis 
can be taken at 160 to 200 per second and then thrown on the screen 
at the ordinary rate of 16 per second producing what is called a 
slow-motion picture. 


150. The Periscope :—Periscopes are used in submarines 
to get a view of the objects lying on the surface of water. 
The whole assembly of 
optical parts fitted in 
a vertical bronze tube is 
represented in Fig. 178. 
The parallel rays from a 
distant object enter the 
tube through a plate glass 
window W. They are then 
totally reflected by the 
right angled isosceles 
prism P, and are made 
to form the first image at 
p, with the help of the 
convergent lens L,. The 
rays from p, fall on the 
achromatic plano-convex 
system of lenses L, such 
that after reflection they 
emerge out parallelly. 
These parallel rays then 
traverse a considerably 
long distance in the 
vertical tube and ultima- 
tely fall on the achromatic 
convergent lens L3. La Fig. 178 
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would have cast animage of the object at pa. But a second total 
reflecting prism P» diverts the rays and the image p, is formed in 
front on the eye-piece E, which finally magnifies the image. In 
order to get the view from any direction, the upper part of the 
tube can be rotated about the axis of the tube, 


151. Heliograph and Heliostat:—A. heliograph simply con- 
sists of a plane mirror suitably mounted in order to reflect sunlight 
from one place to another several miles away. This instrument is 
used for the transmission of message. The mirror is tilted 
in order to cover or uncover it, according to necessity, so that the 
Observer at a distant station may note the ‘duration and the 
regularity of the flashes of light (according to a given code) from 
which the message is to be constructed. 


The heliostat is only a heliograph mirror by which a reflected 
beam can be sent to a particular direction all day long, suitably 
mounting the mirror on a frame driven by clock-work. 


Questions 


1. Show that the magnifying power of a reading lens is ( 14252 » 
where D is the least distance of distinct vision, a the distance between 
the eye and the lens, and f the focal length of the lens. What conclusions 
do you draw about the best position of the eye? 

(P. U. 1919, Del. U. 1942; All. 1946) 

2. You are given two convex lenses of focal lengths of 60 ems. and 
3 ems. respectively. How do you arrange them to form (a) a compound 
microscope, (b) a telescope? Draw diagrams and explain the arrange- 
ments. (C. U. 1922, '45) 

3. A compound microscope is adjusted for viewing the distinct image 
of an object. If the distance of the object from the object glass is now 
slightly increased, explain what re-adjustment of the instrument would 


be necessary for obtaining a distant image again. Will the magnification 
be the same as before? 


[Hints.—If the distance of the object PQ from the lens is increased 
then the image P'Q' is shifted towards the object glass. Hence to obtain 
a distinet image, the eye-piece will have to be shifted towards the object. 
glass (vide Fig. 156). 


Magnification -= ( 1 +) ; here v will be increased and v will be diminished 
f x 


so magaification will be much diminished, though D and f will remain the same.] 


4. Two convex lenses of focal lengths 1 cm. and 6 cms. respectively 
are arranged to form a microscope. A small object is placed ‘1-2 ems. 
from the object glass. If the image seen appears to be 25 cms. from the 
eye-piece, what is the distance between the object glass and the eye- 


piece ? A (Pat. 1947) 
[Ans.: 10-84 ems.] 
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5. You are given two lenses of focal lengths 20 ems, and 2 ems. 
Explain how you will arrange them to form a telescope. Draw a neat 
diagram to show the paths of rays when a distant object is viewed through 
jt. What will be its length and magnifying power? 


[A4ns.; Length=20+2=22 cms. ;m-22- 10] 


6. The focal lengths of the objective and the eye-piece of an astro- 
nomical telescope are 10 in. and 1 in. respectively. The telescope is 
focussed on an object 5 ft. from the objective, the final image being 
formed 10 in. from the eye of the observer. Calculate the length of the 
telescope and the magnification produced by it. (Pat. 1942) 


" 
[Ans. : Leosth= (127 7) ; magnification—2-2] 


7. Describe any type of an astronomical telescope and explain the 
formation of the final image of a distinet object, tracing the path of 
the principal rays. (cf. R. U. 1949 ; C. U. 1957) 

8. A simple astronomical telescope is made from two convex lenses 
of focal lengths 100 ems. and 5 cms. respectively. Find the magnifying 
power when the instrument is used to view a distant object, if the final 
image is formed (a) at a great distance, (b) at a distance of 25 cms. 
from the eye-piece. 

[Ans.: (a) 20; (b) 24.] 

Draw ray diagrams for the two cases, and caleulate in each case the 
distance between the objective and the eye-piece. 

[Ans.: 105 ems.; 104-16 ems.] 

9, An astronomical telescope having an eye-piece of focal length 
1 inch is in adjustment for a person who can see most distinctly at a 
distance of 9 inches. Prove that, in order that it may be an adjustment 
for a person whose distance of distinct vision is 14 inches, the eye-piece 


must be moved through 30 of an inch. 
(Utkal, 1951) 


10. Describe the construction of a celestial telescope. What modifica- 
tion will make it suitable for terrestrial purposes ? (Pat. 1930) 

11. Describe the construction of a simple telescope which will give 
erect image of distant objects. Why are images in cheap telescopes 
usually coloured ? (Dac. 1930) 

12. Indicate by a neat diagram the course of rays inside a telescope 
use for seeing terrestrial objects and obtain an expression for the magni- 
fying power of such a telescope. An astronomical telescope has an object 
glass of focal length 60 ft. If the magnifying power is 1500, what is 
the focal length of the eye-piece ? (Pat. 1949) 


[Ans. : 0°48’) 
18. In what is an opera-glass different from an astronomical 
n what way 1S & op g: (C. U. 1932) 


telescope ? 
14. Explain how a telescope can be made from a concave mirror and 
a convex lens. Illustrate your answer with diagrams showing the paths 
of rays. (Dac. 1932) 
15. Describe with a neat sketch a prismatic binocular, and state its 
advantages over other types. . (G. U. 1949) 
16. What are the essential parts of a photographic camera or a magic 


lantern? State the utility of the different parts. 
(Pat. 1982; cf. All. 1945) 


vor. 11 (L)—13 
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17. Describe the construction of an epi-diascope, indicating the 
function of each of its component parts. Also trace the courses of rays 
through the instrument. 

18. Compare and contrast the optical arrangements of the human 
eye and those of a photographie camera. (Pat. 1937) 

19. What spectacles are required by a person who cannot see clearly 
objects at distances greater than 10 cms. ? 

[Ans.: Man short-sighted; a concave lens of f = 10 ems. required.] 

20. The focal length of a concave lens is 6 inches and a small object 
is placed 18 inches from the lens; draw a figure showing the paths of 
rays by which the image is formed, and determine its position. What 
do you mean by the power of a lens? (C. U. 1926) 

[Ans.: The position of the image is 4-5 inches in front of the lens.] 

21. What are the common defects of the human eye and how are they 
remedied ? (Utkal, 1950; G. U. 1950) 

22. What are the two principal defects of vision? Explain how they 
are rectified with the help of spectacles. 
(C. U. 44, 48, 53, '56 ; Pat. 1963; P. U. 1920; G.. U. 1957) 

23. A student with defective eye-sight can see clearly nothing that 
is farther from his eyes than 50 ems. What is the power, kind and focal 
length of the correcting lens that will enable him to see easily and clearly 
distant objects ? (Pat. 1927) 

[Ams.: Concave lens, f = 50 cms., or Power = —2D.] 

24. Find the lens needed by an eye whose minimum distance of 
distinct vision is 8 ft., if a book at a distance of 16 inches is to be seen 
clearly. (C. U. 1949) 


[Ans. ; Convex lens ; f= -iu 


25. A long-sighted person can see distinctly only objects which are 
at a distance of 50 cms. or more; find the power of the spectacles which 
will enable him to see distinctly objects at a distance of 25 cms. 

(Pat. 1944; G. U. 1957) 

[Ans.: f= —50 cms.; Power = 2 Dioptres.] 

26. Give the focal length and type of lens required to enable a person 
to read a book at a distance of 10", if he cannot see the objects distinctly 
at a distance le s than 30". (C. U. 1947) 

[Ams.: —15 inches; convex lens.] 

27. A short-sighted person cannot see distinctly objects which are 
less than 5 incnes and more than 40 inches away. What kind of lens, 
and of what focal length, would you select to enable him to see, distant 
objects distinctly ? "What will be his least distance of distinet vision 
when wearing these lenses ? (G. U. 1950) 


[Ans.: Concave lens of focal length 40 inches ; 3 inches.] 


28. Explain the advantages of a pair of eyes over a single eye. 
j (Pat. 1943) 
29. It is difficult to thread a needle with one eye closed. Explain. 
; (G. U. 1957) 
30. Explain why the spokes of a rapidly revolving wheel cannot be 
distinguished. (G. U. 1950) 


Mercury 


CHAPTER VII 


Dispersion of Light 


152, (a) Dispersion :—When a beam of white light incident at 
one face of a prism passes through it, the beam emerging at the 
other face is not only deviated 
towards the base of the prism 
but is also broken up into 
different colours. This was 
first observed by Newton. 
Suppose, sunlight is allowed 
to enter intoadarkened room 
through a narrow slit P (Fig. 
179). The light is allowed to 
fall on the face AB ofa glass 
prism ABC placed with its 
refracting edge A parallel to 
the slit. The emergent light 
is then allowed to fall on à Fig. 179 -Dispersion of 
white screen S where a Sunlight. 
coloured patch is obtained. 

The colour of one end of the pacth is red, and the other end violet. 
Besides these, beginning with violet there are five other colours — 
indigo, blue, green, yellow and orange, as shown in the figure. 


Such phenomenon of breaking-up of white light into its compo- 
nent colours is known as dispersion, and the coloured band is 
called a spectrum, In the Solar spectrum, there are, however, a 
large number of different tints, each of which shades off gradually 
into the next, and, in general seven principal colours, violet, indigo, 
blue, green, yellow, orange and red (vibgyor), spoken of as the 
colours of the spectrum, are clearly distinguishable init. — E 


If, now, by making small pin-holes in the screen, each of these 
constituent colours be separated and allowed to be deviated by 
another prism, it will be found that violet is the most deviated and 
red the least ; that different colours occupy unequal spaces in the 
spectrum, the violet occupying the greatest and orange the least ; and 
that each of these colours is simple and cannot be broken up again 
into any other colour. Such light, which can be decomposed into 
several colours, is called compound light, and the light of a single 
colour is referred to as simple, OF monochromatic, 
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Newton’s Conclusions— 

(1) White light is not simple, but is a combination of seven 
colours. 

(2) The colours can be separated by passing the white light 
through a prism. 

(3) The different colours are deviated to different extents. 
This is what is expressed by saying that the different colours have 
different refrangibility ; amongst the visible colours violet is the most 
refrangible and red the least. 

(4) The deviation of the yellow is intermediate between the 
deviation of the two extreme colours, violet and red. So yellow is 
called the mean colour. 

(b) A Prism does not produce Colours.—That a prism does not 
itself produce the different colours of the spectrum, but only separates 

them, which are al- 
ready present in the 


2 incident beam of white 
y light, was shown by 
the following experi- 

9 ment: A solar spec- 


trum VR is formed on 
T a white card-board 

M Fig. 180 : screen AB having a 
small hole H (Fig. 180). Now move the screen so that light of one 
colour only is allowed to pass through the hole, and let this light 
fall on another screen M after being refracted through a second 
prism Q. It will be found that there is only deviation of the colour 
and no further decomposition. 

153. Impure and Pure Spectra :— If a single ray of white light 
could be isolated and allowed to pass through a prism, it would split 
up into its separate colour 
constituents producing a 
pure spectrum ; but in 
practice a single ray cannot 
be isolated, and even if a 
very narrow pencilis taken, 
each ray of that pencil 
produces a spectrum of its 
own on the screen with 
the result that the cons- 
tituent colours overlap on 
each other to some extent 


Fig. 181—Impure Spectrum. 


as in Fig. 181. Such a spectrum, in which the constituent colours 
of the cifferent rays are partially superposed on each other, is 
called an impure spectrum ; and the/spectrum in which the colours 
do not overlap on each other but/are separated distinctly into 


elementary colours is called a pure spectrum. 
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154. Production of Pure Spectrum :—It is obvious from Fig, 
181 that if a spectrum be produced by a broad beam it will be 
impure as there will be much overlapping of colours. The spectra 
R,V;, ReVo are formed by the two extreme rays of the incident 
pencil. The spectra due to the other rays will be formed between 
them. The widths of R,R,, V, V, will depend on the breadth of 
the incident pencil ; so to obtain a pure spectrum with no over- 
lapping, the first condition is that the incident beam should come 
through a narrow slit. 


In a pure spectrum the differently coloured rays should be 
brought to separate foci on the screen. It may be possible for a 
convex lens to bring the differently coloured rays to separate foci if 
they are in parallel groups after emerging from the prism, i.e. if all 
the red rays, allthe yellow rays, and so on, come as parallel 
beams. For this, the incident rays should be parallel. Moreover, 
all the different spectra will not be in focus on the same screen, 
unless all the beams forming the coloured images have got almost 
the same deviation. For this reason the best result is obtained when 
the prism is set in such a position that the mean colour undergoes 
minimum deviation in passing through it, or, in other words, the 
prism should be placed in the position of minimum deviation for the 
mean rays, i.e. the yellow rays, The other rays will then be nearly 
at minimum deviation. 

155. Conditions for Formation of Pure Spectrum :— 

(i) The slit should be narrow, 

(ii) The prism should be placed in the position of minimum 
deviation for the mean rays. 

(iii) An achromatic convex lens, i.e., a lens which produces no 
colour effect (vide Art. 177) should be placed between the prism and 
the screen to bring the emergent rays to focus, and another between 
the slit and the prism to make the incident rays parallel. 

(v) The refracting edge of the prism should be parallel to the slit, 


156. An Arrangement for Pure Spectrum :— 1 
A source of white light, suppose illuminates the narrow vertical 


Fig. 182—Pure Spectrum. — , T 
slit (Fig. 182). The slit is placed at the principal focus of a 
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convex lens L, in order to have the rays, coming through the slit, 
rendered parallel, The prism is placed with its refracting edge, 
vertical in the position of minimum deviation for the yellow rays, 
and, hence, approximately for all rays. A second lens L, brings the 
differently coloured rays to their different foci (R to V) on the screen 
which is at the focal plane of the lens. 


157. Other Methods for the Production of Pure Spectrum :— 
The method mentioned above is one of the most convenient 
methods for the production of a pure spectrum, but a pure spect- 
rum can also be obtained in the following ways with the help of a 
single lens instead of two. ; 


(i) S is a narrow slit strongly illuminated by white light and the 
prism ABC (Fig. 183) is 
placed in the position of 
minimum deviation for the 
yellow ray when the rays of 
any particular colour will 
appear to diverge from a 
point from the same side of, 
and at almost the same 
distance from the prism as 
the slit S. Thus the red 
rays appear to diverge from 
the point R’, the violet rays 
Fig. 183— Virtual Spectrum, from V’, and all other rays 
from points intermediate 
between R' and V. By this arrangement, therefore, an observer 
looking in the direction of the emergent rays will see a virtual 
spectrum in which the order of the colours will be reversed ; that 
is, the red light will appear to diverge from R', a virtual image of 
theslit S, and similarly the violet light from V' (Fig. 183); so 
the violet will be seen towards the edge and the red towards the 
"base of the prism. 


If now an achromatic convex lens L is placed between the 


Fig. 184—Production of Pure Spectrum. 


prism and the screen at a distance from the slit greater than its 
focal length, each of the coloured constituents lying between R’ : 


DISPERSION OF LIGHT 199 


and V’ (Fig. 183) will form separate real images on the screen, 
and so a real image of the virtual spectrum will be obtained on the 
screen (Fig. 184), In the real pure spectrum R'V’ thus obtained, 
the different colours will occupy separate positions in the order of 
their refrangibilities, red being towards the edge and violet towards 
the base of the prism (Fig. 184). 


(ii) An achromatic convex lens L is placed between the slit 
and the screen and so adjusted as to form a well-defined real 
image S’ of the narrow slit S whichis strongly illuminated by 
white light [Fig. 184(a)]. The prism is then introduced between the 


Fig, 184(a) —Production of Pure Spectrum. 


lens and the screen with its refracting edge parallel to the slit and 
set in the position of minimum deviation for the mean rays, say 
yellow, due to which all the rays of the.same colour will be devia- 
ted approximately by the same amount and will be brought to one 
focus. Different colours being differently refrangible separate 
positions of the different images will be obtained and thus a real 
pure spectrum RV wili be projected on the screen [Fig. 184(a)]. 


158. The Study of Spectrum :—It should be noted that the 
visible portion of the solar spectrum forms only a small part of the 
total solar radiations which extend on both ends of the visible part. 
There is an invisible type of radiation beyond the red of the spec- 
trum, known as Infra-red radiation, which we have already called 
heat radiation, and also there is another invisible type of radiation 
beyond the violet, known as Ultra-violet radiation, 


"When all known radiations are analysed, it is found that there are 
also other waves smaller than the ultra-violet waves, such as X-rays and 
Gamma-rays, and also waves greater than the infra-red waves, such as 
Radio waves. The effects of the different parts of the total spectrum 
are also different. 
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159. Effects of the different Parts of Spectrum :— 


(a) Luminous Effect.—In Chapter I, in defining "luminous 
flux’, it was stated 


vor N that this flux is 
0:8L- —3À-4 i evaluated in terms 
ts BE | i of the capacity of a 
v | radiation for pros 
04 ducing visual sen- 
| 02 sation. It is only a 


à | small part of the 
040 048 ose 064 Q72xl0Cms. no eae d 
Tas capable of produc- 

Fig. 185 ing this effect, and 

even over this small part the visual sensation produced is not 
uniform. The effect is maximum at the yellow-green part of the 
spectrum (at 5550À wave-length), and diminishes on either end of 
thisline. This is shown in fig. 185, and explains why objects look 
less bright in red or violet light than in yellow-green light. In this 


figure, v stands for Fox where v=visibility at wave-length A; 
v= visibility at A=0°554y usually considered as unity, G,— value of 
the power of the fixed irradiator (watts per sq. cm.) at A—0'554p, 
G,— value of the power of the fixed irradiator at à= À; 

(b) Heating Effect.—By holding a linear thermopile (vide Part 
VII), or a delicate thermometer with blackened bulb, at different 
parts of the visible spectrum, it can be proved that the heating effect 
diminished from the red to the violet end of the spectrum. By using 
a prism of rock salt, which is transparent to heat radiation, the 
increase of the heating effect can be detected up to some distance 
in the invisible portion of the spectrum beyond the red end of the 
visible spectrum where it is maximum, and then a range of heat 
rays of diminishing intensity may be detected for a distance about 
seven times the length of the visible spectrum. The portion of 
invisible spectrum extending beyond the red end ofthe visible 
spectrum is known as the Infra-red spectrum, and the rays are 
called Infra-red rays. As glass absorbs these rays, prism and 
lenses of rock solt are used for studying the infra-red spectrum. 

In the invisible part of the spectrum beyond the red the heating 
effect is great, and so these long waves are called radiant heat 
waves, but it must be remembered that all waves carry energy, and 
therefore may produce heat, though in different degrees, when 
they are absorbed. 

(c) Chemical Effect.—The chemical effect of the different 
radiations can be shown by the decomposition of certain salts by 
the actionof the rays ofdifferent wave-lengths. T'his action increases 
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from the red rays to the violet rays of the visible spectrum and 
extends to a considerable distance beyond the visible spectrum, 
The portion of the invisible spectrum beyond the violet is called the 
ultra-violet spectrum, and the rays forming it are called ultra- 
violet rays. As glass absorbs Ultra-violet rays, prisms of quartz 
(also called rock crystal), or of fluorspar, are used for studying this 
portion of the spectrum. The rays of this part, on account of the 
chemical action they produce in decomposing salts of silver are 
also known as actinic rays. i 

The ordinary photographic plates which contain silver salts are 
greatly affected by ultra-violet rays. Red rays have very little 
action on the photographic plate. 

160. Further study of the Infra-red and Ultra-violet Spectra :— 
Ithas already been stated that both infra-red and ultra- violet 
portions of the spectrum are invisible and they are to be studied by 
their heating or chemical effects. The presence of the infra-red 
portion was discovered by William Hershell in 1800 and the ultra- 
violet portion by Ritter in 1801. 


The ultra-violet radiation from the sun has a great beneficial 
effect on our health, though the excess of it is dangerous, This is 
used for many curative and sterilizing purposes. Many chemical 
changes brought about by light are due to the ultra-violet rays, the 
exposure to which increases the vitamin content in some food-stuffs. 
They cause fluorescence in some substances which may be used to 
distinguish real diamonds from artificial ones. The ultra-violet 
radiation is, however, absorbed by the Ozone present in the atmos- 
phere and scattered by smoke and dust particles present in the air. 
It is also absorbed by ordinary glass, and sopeople working indoors 
lose much of the beneficial effects of the sunshine passing tbrough 
the glass window. It has already been said that ultra-violet 
are most effective in photography. So photographs taken on a 
cloudy day would require longer exposure, as such rays from the 
sun are greatly absorbed by the clouds, but the infra-red radiation 
on the other hand, near about the visible spectrum penetrates 
through the cloud and fog readily, and so photographs taken on a 
cloudy day by means of specially prepared photographic plates, 
which are made sensitive to infra-red rays, would give very clear 
pictures, It should be noted, however, that the infra-red radia- 
tions, which are far from the visible part of the spectrum like those 
chiefly emitted by cold bodies such as the earth, is absorbed by 
clouds and fogs as ordinary light is. 

161. Different Kinds of Spectra :—Spectra may be divided into 
two classes :—(1) Emission Spectra, (2) Absorption Spectra. 

(1) Emission Spectra may be divided into three sub-divisions : 
(a) Continuous Spectra ; (b) Line Spectra ; (c) Fluted (or Band) 
Spectra. 
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(a) Continuous Spectra—The spectra given by an incandes- 
cent solid gives the colours continuously from red to violet without 
any break or gap, depending on the temperature of the solid, and 
so the spectrum is called continuous. 

Liquids and gases under great pressure also gives continuous 
spectra. 

Examples.—The spectra of limelight, a luminous coal-gas flame, 
incandescent electric lamp, electric arc are continuous. 

(b) Line Spectra.— The spectrum obtained from an incandescent 
gas or a vaporised substance in flames is not continuous, but 
consists of a number of bright lines separated from one another by 
dark spaces, each elementary substance giving its characteristic line 
or lines whether in combination or not, Thus the line spectrum is 
a property of the atom. 

Examples.—The spectrum of incandescent sodium vapour produced by 
adding a little common salt to a Bunsen flame (non-luminous), when 
examined by a spectroscope gives two deep bright lines in the position 
oceupied by the yellow part of the white light spectrum, called the D-lines 
of the spectrum, which are characteristic of the metal, sodium (vide 
spectrum chart opposite page 17 ). But the wave-lengths of these two 
lines differ only very slightly ; so ordinarily yellow light given by sodium 
vapour is called monochromatic. Similarly, the spectrum of hydrogen 
gas produced by passing electrical’ discharges through it consists of 
several lines of which three lines, one in the red, one in the green and 
a third in the violet portion of the spectrum are prominent. The 
spectrum of lithium salts gives a bright red line. The salts of potassium, 
have got two prominent lines, one in the red and one in the extreme violet 
and those of iron have got a large number of bright lines in the different 
parts of the spectrum. Each elementary substance has its own 
characteristie lines. 

(c) Fluted (or Band) Spectra.—The line spectrum is charac- 
teristic of atoms. Under certain circumstances, a molecule can also 
be made to emit light characteristic of the molecule, depending on 
the method of excitation. Such a spectrum is characterised by a 
number of broad luminous bands, each being sharply defined at one 
edge and gradually: shading off at the other. On careful examination 
it has been found that a large number of bright lines are closely 
packed at the bright end while the spacing oflines is more and 
more wide at the faint end. Band spectra of a gas may be obtained 
by enclosing the gas in a Geissler tube (Art. 165, Part VII) at a low 
pressure and then passing an electric discharge at a comparatively 
low voltage. When in the solid state, the band spectra of asubstance 
are generally obtained by filling a hole drilled in a pure carbon rod 
with its powder and then using this rod as the positive electrode 
of a carbon-arc. 

(2) Absorption Spectra—tIf in the path of white light some 
transparent substances be interposed which absorb some of the 
constituent rays of the light, then the spectrum of the transmitted 
light will be found wanting in the colours of the absorbed rays. 
Such a spectrum is known as absorption spectrum, 
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Each substance has its own absorption spectrum by which it can 
be identified Such spectra may be divided into two subdivisions ; 
(i) Dark-line spectra ; (ii) Dark-band spectra. 


(i) Dark line Spectra.—If white light from a hot source be 
passed through a space filled with a cooler vapour, the vapour will 
absorb from the white light just those constituents which the vapour 
itself emits when heated to incandescence ; so the resultant spectrum 
is like a continuous spectrum crossed by a number of dark lines due 
to absorption of some of the rays during their passage through the 
vapour. 


Examples.—(a) Solar spectrum, t.e, the spectrum obtained by sunlight is an 
example of this class. Here a continuous spectrum is crossed by a large number 
of dark lines. 

b) View the spectrum of an 
sae are in a Perona It isa Wavelength 
continuous spectrum. Now interpose Waves in cm. 
between the arc and the slit sodium VU TH d 


vapour by heating sodium (common Æ 2:5 x 10° 
salt) ina non-luminous Bunsen flame. d 
A dark line appears in the yellow part N 
of the white light spectrum. s -10x 10? 
This shows that vapours and $ -5x 102 
gases, which produce bright-line -Q dye 
spectra, when emitting light, must, E 
when absorbing produce dark- -0:04 
line spectra. : 
(ii) ^ Dark-band  Spectra.— 
Instead of interposing sodium -8 x 105 
vapour, as in example (b) given f 
above, if the spectrum be viewed Ax 105 
through 3 piece of red glass, then $ 
only red colour of the spectrum 
will be visible, because red ab- wb x 105 
sorbs all the colours except the Ix 10% 
red. Similar effects will be pro- 
duced by using other coloured 9 
glasses. A dilute solution of zs 


potassium permanganate absorbs 
the middle region of thespectrum. 
Hence in the spectrum of white 
light passing through such absorb- 
ing media, dark bands, or absorp- Fig. 186 

tion bands as they are termed 

are seen to be present due to some portion being absorbed. 

When all the colours of a compound light are equally absorbed 
in passing through a substance, the case is known as general absorp- 
tiom, but the absorption of any particular colour or colours as in 
the above cases, is known as selective absorption. 
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162, Some Wave-lengths of Ether Waves: Unit of wave- 
length :—Of all known ether waves, only a small portion can 
produce the sensation of light. The wave-length of the longest of 
these waves is 80x 1079 cm. These waves produce the sensation of 
red light. The wave-length of the shortest waves is 40x 107^ cm. 
[vide Art. 156, Part, II, Vol. I]. They produce the sensation of 
violet light. Wave-lengths are measured in units, called Angstrom 
units (A.U.), one Angstrom unit being equal to 107? cm. Therefore 
the wave-length of red waves is 7500 A.U., and that of the violet 
waves 4000 A.U. So the wave-length of the visible portion of the 
specturm ranges from 7500 to 4000 A.U. The wave-length of 
Ultra-violet rays ranges from 4000 to 1000, of X-rays from 1400 to 
0:066 ; Infra-red rays from 8,000 to 40,00,000 A.U ; longer waves 
are generally called the Hertzian waves. Hence the following types 
of radiation are all similar and are arranged in the order—Hertzian 
waves, Infra-red waves, Visible light, Ultra-violet light, X-rays, 
Gamma-rays (Fig. 186). 

163. Spectra of Sun and Stars: Fraunhofer Lines :—If a 
solar spectrum be carefully examined, it will be observed that the 
whole length of the spectrum is crossed by a large number of dark 
lines. Fraunhofer was the first to notice this, and he made a 
systematic study of these lines. He named these lines by the letters 
of the alphabet ABCDEFGH : of which A, B and C are in the red, 
T in the yellow, and so on, These lines are known as Fraunhofer 

Ines. 
The spectrum chart (opposite page195)shows the bright line spec- 
tra of some elements and the solar spectrum with Fraunhofer lines. 

164, Kirchhofi's Law :— It was not until 1861 that Bunsen and 
Kirchhoff first gave an explanation of the Fraunhofer lines. The 
sun is assumed to consist of a white-hot solid (or liquid) at the 
centre, known as the photosphere, surrounded by a comparatively 
cooler atmosphere, called the chromosphere in which practically 
vapours of all the terrestrial elements like oxygen, hydrogen, cal- 
cium, sodium, etc., are present. It has already been stated that the 
vapour of an element absorbs those light waves which it would 
itself emit if it were incandescent. So, according to Bunsen and 
Kirchhoff, the white light emitted by the sun, in its passage through 
the cooler envelope containing vapours of different elements is 
robbed of those rays that can be produced by the elements when 
incandescent, Hence the presence of dark lines in the solar spectrum 
indicates the presence of some terrestrial elements in the atmosphere 
of the sun, The lines appear dark by contrast with other _ portions 
of the spectrum and are not really due to absence of light. As 
evidence of the correctness of this, it may be cited that during a 
solar eclipse, when the sunlight is cut off by the moon's disc, the 

solar spectrum becomes reversed, the dark lines appearing bright in 
the absence of the more luminous spectrum. 


JE D: 
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Hence the law is, “The vaponr of an element at a lower tempe- 
rature selectively absorbs the light which it will itself emit when at 
a higher temperature.” This may be verified as in example (b) under 
dark-line spectra in Art. 161, 2 (i). 

The spectra of most of the fixed stars are like the solar spec- 
trum, i.e, a spectrum of dark lines on a bright background. There 
are certain heavenly bodies, known as the nebulae, which give an 
emission spectrum of a small number of bright lines. This shows 
that such bodies must be wholly gaseous, and those gases are 
probably at a very low pressure. 


165. The Spectrometer :—A spectrometer is a compact appara- 
tus for producing a pure spectrum and also for observing spectra 
of various kinds, A spectrosocope, when provided with a suitable 
scale for measurement, is called a spectrometer (Fig. 187). 


Fig. 187—A Spectrometer. 


Parts.—This instrument consists of a collimator, a telescope, and 
a prism table. The collimator C consists of a metal tube having an 
adjustable slit S fitted at the outer end of another tube which can 
be moved in and out of the collimator tube. A convergent lens- 
system is placed at the other end, which is turned towards the 
prism-table. The telescope T is also a metal tube having a conver- 
gent lens-system at each end, the object-glass being one which is 
turned towards the prism and the other is the eye-piece beyond 
which the eye is placed. 


The telescope can be moved round the prism-table which, asalso | 
the telescope, can be clamped in any position. The telescope and the 
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collimator should be such that their axes may be arranged to be in 
the same straight line passing through the centre of the prism-table. 
The slit of the collimator should be at the principal focus of the 
collimator lens, so that the rays passing through the lens are 
rendered parallel. The rays fall on the face of the prism placed on 
the table in the position of minimum deviation in order that the rays 
of different colours may appear to be distinct and separate. The rays 
are refracted through the prism and received by the telescope 
which is already focussed for parallel rays, and a pure spectrum 
willbe seen through it. The axis of the prism-table and the axes 
of rotation of the telescope and collimator should be the same. 


Adjustments.— 
nou Telescope and Eye-piece.—Turn the telescope towards a 
white surface, say a white wall, and adjust the eye-piece until the 


Fig. 188 
cross-wires are clearly visible. Focus the telescope on a distant 
object and it is then said to be focussed for parallel rays (Fig. 188). 


(2) Collimator and Telescope.—Arrange a sodium flame in 
front of the slit S by heating in a Bunsen burner a strip of asbestos 
soaked in a solution of common salt. Turnthe telescope to view 
the slit through the collimator after making the telescope co-axial 
with the collimator. Now the slit is drawn in and out till a sharp 
image of it is seen through the telescope, which is focussed before 
for parallel rays. So the rays emerging out of the collimator are 
parallel, that is, both the telescope and the collimator are now 
focussed for parallel rays. 

(3) Prism-table.—Now place the prism on the prism-table and 
adjust its height properly. 

166. Use of Spectrometer :—The spectrometer is used for (a) 
determining the refractive index of the material of a prism by the 
method of minimum deviation, and for (5) studying the different 
kinds of spectra of different sources (vide Art. 168). 1 


167. Experiments with the Spectrometer :— ; 


(1) Determination of the Angle of a Prism.—After the above 
' adjustments of the spectrometer place the prism in such a way that 
the parallel beam from the collimator falls symmetrically on the 
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edge of the prism. Now keeping the prism fixed the telescope is 
turned on either side of the two faces of the prism to receive the 
reflected image of the slit on the cross-wires. Accurate readings 
from the scale and the vernier for the two positions of the telescope 
are taken, the difference of which will give the angle between the 
two reflected beams which is twice the angle of the prism. 


The principle of this method is the same as that explained in 
Art. 90 (vide Fig. 110). 


(2) Determination of the Angle of Minimum Deviation.—With 
the spectrometer, set up as in the last experiment, obrain through 
the telescope a refracted image of the slit. Now rotate the prism- 
table when the image will be found to move in a particular direction 
and then for a certain angle of incidence it will stop and then turn 
back in the opposite direction, This is the position of minimum 
deviation. Bring the telescope to receive the image on the cross- 
wires and read the scale and the vernier for this position. Then 
remove the prism and take the direct reading for the slit with the 
telescope facing the collimator, The difference of these two readings 
is the angle of minimum deviation [vide also Art. 87(5)]. 


(3) Determination of ^ of the Material of a Prism.— Knowing 
the value of the angle of the prism and the angle of minimum 
deviation for sodium light, the refractive index of the material of. 
the prism for sodium light can be calculated from the formula, 

A-F Dy, 


UNS «oou es 
u—sin 7, /sin 7 (vide Art. 89). 


168. Spectrum Analysis and its Importance :—Each elementary 
substance gives its own peculiar spectrum; for example sodium 
vapour gives two yellow lines ; lithium a red line ; hydrogen three 
red lines, one green line, and one violet line, etc. By its charac- 
teristic spectrum an element may be detected even when present 
in minute quantities. A mixture gives a spectra of its components. 
The identification of substances by observation of their spectra is 
known as Spectrum analysis. This method has given a great deal 
of information about the nature of the heavenly bodies, stars, 
nebule, etc. The study of spectra has also been of great service in 
many chemical investigations, and by it the purity of a sample can 
be detected, 


Even if two. different elements produce lines of the same colour, 
those lines will be found to occupy different characteristic positions 
in the spectrum. So after mapping out emission spectra of all the 
known elements a new substance can be detected by studying its 
spectrum and by comparing it with the maps of the known elements, 
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169, Dispersive Power :—When white light is passed through 
a prism, the component colours are deviated to different extents 
and so an angular separation, which is called dispersion, takes place 
between the colours, which will increase with the refractive index 
of the prism. The power of spreading up of the differently coloured 
rays by different transparent materials, ie. the dispersive powers 
of different substances, are different and the dispersive power of 
the material of any prism with respect to any two colours is 
measured by the ratio of the difference between the deviations of 
those two colours to the deviation of the mean ray between them. 
Thus, if A is the angle of a given thin prism for which the 
deviations suffered by the red, violet and the mean rays are respec- 
tively given by à, òv 8, and if ^,, ^, and ^ be the respective 
refractive indices corresponding to those colours we have, 

8,—(u,— 1A ; 8,— (n, — 1)4 ; 8—(»- 1)A. 


Dispersive HIE ML imis E piens 
E] p-1 


170. The Width of a Spectrum: The width of a spectrum 

depends on the angle of separation between the two extreme rays 
of the spectrum and the distance 
of the screen on which the 
spectrum is formed. In Fig. 189, 
the extreme rays, red and violet 
are marked R and V and the 
angular separation between 
them, 6. The angle @ can be 
calculated as follows, if the 
prism producing the dispersion 
is of small angle. 
1 The deviation 8 of a ray of 
given colour is independent of the angle of incidence, if the prism 
is of small angle, and is given by 8=(#—1) A, with usual notations 
(vide Art. 93). Now if p, n, be the refractive indices for violet 
and red rays and 8y, 5, their deviations, we have, 


Fig, 189—Width of Spectrum. 


8,— (n, — 1)4, 
and, 6,=(#,—1)4, 
0—8, —8,— (t, — H,)A, ty Nm dc (1) 


1f 8, be the deviation for the mean ray (i.e. yellow ray in this 
case), and y, the refractive index for it, 


8,—(uy— 1)4 E M WR (2) 
Lits Hs 
BE X. 


The quantity, — is the dispersive power of the material 
xe 
of the prism and so, for a thin prism— 


` 


DISPERSION OF LIGHT 209 


Angular width or separation of the spectrum = Dispersive power 
of the material of the prism multiplied by the deviation of the mean 
ray. , 

Prisms made of different kinds of glass have got different disper- 
sive powers, i.e. they can separate the colours to different extents, 
The dispersive power of flint glass, which is a silicate of lead and 
potassium is much greater than that. of crown glass, which is a 
silicate of sodium and calcium. For a given angle of deviation the 
dispersion produced by a carbon disulphide prism is even greater. 
So, for projecting a long spectrum a carbon disulphide prism is often 
used. 

From the above it is clear that it is possible to combine a crown 
glass prism and a flint glass prism of different angles (i.e. whose 
refractive indices are different), placed with their refracting angles 
turned in opposite directions, in such a way that rays of light 
passing through them will be (a) dispersed without deviation, or (b) 
deviated without dispersion. 

171. Dispersion without Deviation :— As pointed out above 
it is possible to produce a combination of two prisms of different 
dispersive powers and angles such that when a ray of composite 
light passes through it, there is dispersion between the constituent 
colours without any deviation of the mean ray. The deviation of 
the mean ray produced by one prism is annulled by the other 
prism, the latter’s deviation being equal but opposite. But the 
materials of two prisms being different, there remains an overall 
dispersion. 

Let us consider two such prisms, one of flint glass and the other 
of crown glass, and let them be placed in contact with their bases 
turned opposite to each other, and let white light be passed through 
the combination. 

For the flint prism, let the angular separation, 9 , and the 


deviation of the mean ray, 3 be given by (see equations 1 and 2 of 
the previous article) the following— 
g= (e - 1) xA,, and 8 -(5- 1) xA,, and those for the 
crown prism, 

f= (i=) X Ac, and 5y = (^- 1) X Age 

Since the prisms are turned in opposite directions, the dispersions 


will, also be in opposite directions. So, after transmission through 
the combination, the resultant dispersion @ will be, 


0—8-- [o - |a - [i] XA Aa Ge (i) 


—^ . you. It ()—14 
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Now. since the deviation of the mean ray is to be the same for 
both the prisms, 


a= s= ô (say)... That is, ale dene (ii) 


or, fe Lil, ais mas ees Gi) 
c 


Equation (iii) gives the ratio of the angles of the two prisms 
for the mean ray to pass undeviated. 
The resultant dispersion, 


€ c 
Jen pe Jee] èy - from eqn. (ii) 
i-i RSS 
" T c e 
(e meses. i) 2 AMEN [S 
Hy-l o py-l 


—Difference between the dispersive powers of flint glass and 
crown glass multiplied by the deviation of the mean ray due to 
either prism. ; 


172. The Direct-vision Spectroscope :—The instrument is 
designed to obtain a spectrum in the direction of the incident light. 
Thus there is only dispersion and no deviation and hence all the 


Ween th 


Fig. 190—Direct-vision Spectroscope. 


different parts of the spectroscope, viz. the collimator, the prism 
system and the telescope are ail mounted in one straight tube. 
Often it is small enough to be carried about in the pocket and so 
it is also called a pocket spectroscope. 


Description.—It consists of the following parts (Fig. 190)— 


(1) An outer tube having an adjustable slit S at one end 
through which the light is admitted. 
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(2) An inner tube sliding coaxially within the outer one and 
it carries the following elements : 


(d). the collimator L which is an achromatic convex lens ; 


(b) the combination of prisms, ordinarily three of crown (C) 
glass, and two of dense flint (F) glass, placed alternately, 
with their refracting edges turned in opposite directions ; 


(c) a telescope having the objective, O, and the eye-piece, E, 


Adjustments,—The slit, after its width is properly adjusted is 
made parallel to the refracting edges of the prisms. It is then 
turned towards the source of light. The inner tube is slided so that 
the slit S is placed at the focal plane of the collimator L from 
which then a beam of parallel rays falls on the combination of 
prisms. The spectrum produced by the prismsis brought to focus by 
the objective, O, and when looked through the eye-piece, a virtual 
magnified image of the spectrum extended on either side of the 
mean colour is seen. 


Explanation :—Consider a crown glass prism and a flint glass 
prism of such refracting angles that the deviation for the mean rays 
in both the cases is the same. In the case of the flint prism F, the 


deviation for yellow, red and violet are respectively Sys Š; and 3, 
[Fig. 191(b)], and the corresponding deviations for crown prism 


(0) 
b: Fig. 191 


C are B 3. and By (Fig. 191(a)]. Now angular separation being 
greater in flint prism, 


F 


P. c c c r 

Sy — 8,78, —9, ; Or, 5,>8,, 
r P c c F c 

and 9, — 8427 8, — dy ; OF, 9,7. Ôp. 


F n 
ey oye 
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When the two prisms are placed in contact with their refracting 
edges opposite to each other, the yellow rays will be undeviated, but 


c F 
the red rays will be deviated by an angle (3, — ô,) towards the base 
of the crown glass prism, and the violet will be deviated by an 


angle 6 ~%3,) towards the base of the flint glass prism (Fig. 192). 
The angular separation between the red and the violet will be 


LJ c 
=(w- 9) x (Art. 171). 


The theory holds 
good also for a spec- 
troscope employing 
more than one prism 
of each kind, because 
a number of similar 
prisms (crown or 
j . flint), may be looked 

Pige 12» upon as an equiva- 
lent single prism. The only difference is that the resultant dispersion 
will be increased due to a number of prisms being used. 


173. Deviation without Dispersion :— The refracting angles of 
a crown glass prism and a flint glass prism can be so chosen that 
when two such prims are combined together with their refracting 
edges turned in opposite directions there will be no angular separa- 
tion, i.e. no dispersion between the colours of a beam of white light, 
though the combination will deviate the incident beam of white 
light asa whole. This is called an achromatic combination of 
prisms. 


174, Achromatic combination of prisms, (Deviation without 
dispersion.) :—A prism ordinarily produces deviation of an incident 
ray. This deviation is also attended with dispersion when the ray 
is composite in nature. But 
it is desirable in certain expe- 
rimentsto avoid this dispersion 
effect, so that only a known 
amount of deviation is ob- 
tained. In a single prism this 
is never possible because py 
and p, must be different for 
the material. So a number of 
prisms may be conveniently 
arranged such that the disper- Fig. 193 
Sion produced by some of them is cancelled by that produced 
by the others, For the present discussion we shall consider only 
two thin prisms C and F placed such that the total dispersion 
produced by them is nil (Fig. 193), 
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If A and A’ be the angles of these thin prisms, and ifu, p' 
and o, o'refer to their refractive indices and dispersive powers 
respectively, then, the dispersion produced by the prism C is 

A (us — ",) and that by the prism F is 4’ (uy! — u^). 

So the total dispersion is A (p, — p) +4 (u,—H',). In order 
that the combination is achromatic, this total dispersion must 
vanish, wss 

NES. fier) tel (uy —#',) 20, 
Hoch, _ _A . 
or, PI Ww, A se e. (1) 

Relation (1) can be written also in terms of the dispersive 

powers of the prism materials because, 


Hv — yp =(H— T) w and u'y- 9^, — (i^ — lo’, 
: (u-1)o | A’ 
“, From (1), ‘er Du et (2) 

So in order that the combination of the two prisms may be 
achromatic, the above relation(1) or (2) must hold good. The nega» 
tive sign indicates that A and A’ must be oppositely directed as shown 
in Fig. 193, because neither o nor # of a material is negative. If 
the two prisms be of the same material, o—o' and „=p, and 
hence A=A’ (numerically). So the two prisms must be identical in 
size and as such they would combine to form a parallel faced. slab 
of glass producing no dispersion and neither any deviation. In 
general, however, the combination consists of a crown glass prism 
(C) and a flint glass prism (F) of different dispersive powers and 
different indices of refraction, In that case w’>o and up 
and hence it follows from relation (2) that 42 4'. So in an achro- 
matic combination of two prisms—one of crown glassand the other 
of flint glass —the crown glass prism must be cf greater refracting 
angle. Actually if a white ray enters such a combination, the 
deviated component rays will come out parallel to each other and 
they will overlap on emergence. If a slit of definite width is used 
asa source, the coloured components will overlap only in the 
central portion of the emergent beam while its edges will still be 
coloured. 

The total deviation produced by the above achromatic com- 
bination of two prisms can also be easily calculated. The deviation 
produced by the prism C is given by 

; D-A(u—1) 
and that produced by the prism F is D'— A'(w' — 1). 
.'. Total deviation is D--D'— A(u — 1)-- A(w' — 1) 


=u 11+ e. 


Substituting from (2), total deviation — A(u— if 1-5] 
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As has been stated above, if the two prisms are of the same 
material, o — o' and the total deviation is nil, 


175. Chromatic Aberration :—A convex lens may be looked 
upon as built up of several 
prisms (see Art. 97), and it 
produces dispersion like a 
prism due to which violet 
rays being most refrangible 
are brought to a focus at F, 
(Fig. 194) nearer to the lens, 
and the red rays being the 
. least refrangible are focussed 

Fig. 194— Chromatic Aberration. at F,, at a greater distance. 
The rays of intermediate colours are focussed between F, and F,. 
Due to this a real image produced by an uncorrected single lens on 
a screen is found to be fringed with the colours of the spectrum. 
If the screen be placed at F,, the outer edge of the image will be 
coloured red, and, if placed at F,, the outer edge will be coloured 
violet. This effect of dispersion of light by a single lens is called 
chromatic aberration of the lens. - 


176. Achromatic Lens :—As two prisms, one of crown glass and 
another of flint glass, can be combined to obtain a deviation without 
dispersion (Art. 173), so by combining a convex or converging lens 
of crown glass with a concave or diverging lens of less power (i.e. 
longer focal length) made of flint glass (which has a higher disper- 
sive power), the dispersion due to the crown glass lens may be 
neutralised by that owing to the flint glass lens ; but the deviation 
produced by the convex 
lens is only partially neu- 
tralised by the deviation 
in the opposite direction 
produced by the concave 
lens so that the combination 
still acts as a converging 
lens [Fig, 195]. Such a 
combination of two lenses 
in which chromatic aberra- : 
tion is reduced to a minimum is called an achromatic lens. It 
should be remembered, however, that such a combination of two 
lenses will not be achromatic for all colours of the spectrum but 
will be only achromatic for two given colours. 


Fig. 195 


All optical instruments like telescopes, microscopes, photo- 
graphic cameras, etc. must use achromatic lenses in order to avoid 
coloured images. 
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176. (a) Achromatic Combination of Two lenses in contact :— 


When two lenses are in contact, the equivalent focal length is 
given by F, where, 
1 1 1 : A, 
dA E AGI 
FUE EU a) 
Here f. x fe ate the focal 
lengths of the component lenses, ZA 
Due to chromatic aberration, 
the principal foci for the red and c 
the violet components will be 
different and for achromatism -of F 
the system the difference between * 
the focal lengths of the red and Fig, 196 
the violet components must vanish. 
The condition of achromatism is that F,- F,=0. 
1. F,-F, 


; 1 is y 
uM ULM h - 
Again as RE CP the condition of achromatism de 


mands that 


1 1 Tot 

EUR and == t 
Th a 5 yu (t 

1 


F, E d 3 long fan 

Now, frs -D Dd and (ue - 1) (zu 
(= Ee e A] 

= (85 A) (ty -1) (1-1) 


Ta 
oy If: 1* ; 
where o, is the dispersive power of the lens of mean focal length f}. 


deo) 


nae loj 
Similarly. {—-=2—)=o,/f2. 
7 Ge a Aas 
Where c, is the dispersive power of the lens of mean focal 


length fz. 
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; 1 1 o,o 
;, For achromatism, ——- —— 714 7*-0; 2m 1 
F, F, 1 fe ( ) 
e 
or. ner E 
DE 


Here o, and o, are positive, Hence f, and f, must be of 
opposite signs. Iff, refers to a convex lens, f, would refer a 
concave lens, If both lenses are of same material, f, =f. numeri- 


cally (, @,=09). This would make L—! 41 <0, So the 

F fy fs 
purpose of the lens combination is not served here. So 9,7405. If 
o, refers to crown glass and o, refers to flint glass, c, being 
greater than w}, fa must be greater than f,. Thus in order to 
make a converging achromatic combination of two lenses in 
contact, a convex lens of crown glass of smaller focal length is 
to be placed in contact with a concave lens of flint glass of greater 
focal length so that the above relation (1) is satisfied. In achromatic 
doublets generally the flint glass lens in made plano-concave (Fig. 
195) the concave surface of which is placed in contact with a 
suitable convex lens of crown glass. If the convex surface faces 
the incident ray, this achromatie doublet also sufficiently reduces 
the spherical aberration, 


If a number of lenses are put in contact to form an achromatic 
combination, the condition is given by 2 F =0, where the summa- 
tion (X) extends over all the component lenses. 

177. Achromatic Combination of Two lenses, separated by a 
distance : —The equivalent focal length F in this case is given by, 

, Ly +% where a is the separation between the two 


E fa fa 


component lenses. 


1 1 1 a 
Cee eet | ened ge M ps. ue Ve A 
E. fis Mie: Visae () 
1 1 1 a 

and, .—=—+—+——_ ce m s». (II 
Bat fe Tides QD 


For achromatism, x E =0. 


v F, 
We know, TE p1- ES So if we suppose the materia! 
f Ti fs 


i 
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of the two component lenses to be the same, # and w are the same 
for both the lenses and hence we can write, 


Lec Lato! 
icu ae aaa me 
Substituting in (I) and (II), we have, 
T uc 2 
iot endet 
vex Een eg) 


°F, &-1 
For achromatism, 
Bei aed a (s -1?-(u -1)? ig. 
-+-] +55 X =0; 
pol (5. Al fifa (n1) 

TRU a (My— Hy) (ps By— 2) 
or, ojt altr 1 =0. 
(5. Al fife (471) (4-1) 

But po +4,=2/ approximately. 
The condition of achromatism becomes, 


o[. 1 4.1), 24 59; 
(5) 55 70 
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The above relation gives the condition of achromatism for the 
two lenses of the same material separated by a distance. This 
principle is utilised in the construction of the Huygens’ eye-piece. 


Note: If the two lenses be of different materials having 
dispersive powers o, and œa, the condition for achromatism is 
given by, 


a — [pxfa -osfi j 
a (erah ) E ns $ (B) 
The proof is left as an exercise for the students. 


In relation («) o being absent, this condition of achromatism is 
valid for all colours. But it must be remembered that the equivalent 
focal length F is used here only in a restricted sense. So the 
achromatisation of focal length here indicates that the achromatisa- 
tion cf magnification is only ensured and not necessarily that of 
position. It can be easily shown that for complete achromatisation 
of the system both for the magnification as well as for the position, 
each of the component lenses must itself be achromatic. 
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In order to make the system achromatic for two colours for any 
position of the object, it would not only be necessary to give F the 
same valu: but also to 
give the equivalent 
planes the same posi- 
tions for both the 
colours. This is not 
possibie ; neither it is 
possible to make the 
system achromatic for 

Fig. 197 one position of the 

object. This is evident 

from the following treatment. Let pq be the final image of PQ 

formed by the lenses L, and Le, p,q, being the first image formed 

by L,. Let PQ=h,,p,q,=h, and pq hs. Let L\Q=u,q,L,=%3, 
Lq =u and L,q—v. 


Then Bu. and LENS 


hy Y», lig v 
hsc, vias ‘Ng 9 d 
hy 


If the images formed by two colours coincide in position and 
size, u, Y and /j//h, must be the same for both colours. Hence 
v,/u, should also be the same for these colours. But L,L, is a 
fixed distance. Hence in order to have v,/u,=constant, q; must 
be a fixed position for both colours, which automatically demands 
that both L, and L, must be achromatic themselves. 


178. Recombination of Colours :—(a) A pencil of white light 
is admitted through a vertical narrow slit S which is placed at the 
principal focus of an achromatic lens L (Fig. 198). The emergent 


Fig. 198 
parallel beam falls on the prism P, and is dispersed. P, is an 
exactly similar prism placed with its refracting edge opposite to 
that of the first so that the two prisms constitute a parallel-faced 
slab of glass only. The beam dispersed ‘by the prism P, enters 
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into P, and comes out as a parallel beam. The light received on 
a screen appears as white, the reason 
being the neutralisation of the dis- 
persion (or the angular separation) 
between the rays from one prism by 
the other. The incident pencil is only 
a little displaced laterally. The bor- 
ders of the white patch will be tinged 
with red and violet colours respec- 
tively owing to the dispersion of the 
extreme rays. 


(b) Newton's Disc —The same 
effect can also be produced by the í 
Newton’s Disc (Fig. 199), which is a Fig. 199— Newton's Disc. 
circular card-board disc divided 
usually into four quadrants each of which is painted with the 
different colours of the spectrum in the proportion in which they 
are present in white light, When the disc is rapidly rotated by 
means of a whirling table, the impressions produced by. the 
different colours overlap, and the disc appears greyish white. The 
recomposition is due to what is called “persistence of vision" (vide 
Art. 147). 

(c) The different colours produced by the dispersion of a beam 
of composite light through a prism may also be recombined by the 
use of any plane mirrors placed suitably so as to reflect each of the 
dispersed colours to the same spot on 2 screen, The resultant effect 
will resemble the original colour. 


179. Colours of Bodies ;—(a) It has been verified by experi- 
ments that coloured bodies, whether opaque or transparent, have 
got no colour of their own. Their colours are determined by (i) 
the nature of the incident light ; (ii) the proportion of it absorbed 
by them, and (iii) the sensation of the colours produced in the eye 
by the colours not absorbed. 

Incident Light.—Sunlight is white because all the different con* 
stituents of white light are present in it in necessary proportions, 
but all the so-called artificial white lights are not really white. 
They more or less lack, some constituents of white light. For 
example, the light from an electric lamp contains much more red- 
orange and less blue-violet ; that from a gas lamp is reddish-yellow 
and deficient in the blue constituent. So a bluesuit looks darker 
in artificial light. Light from an electric arc is almost as day light. 
So the colours of bodies may be much changed, if the incident light 
is itself coloured. i 

(i) Opaque Bodies. —Of the light incident on an opaque body 
a portion is reflected at the surface, some may penetrate a little 
distance into it and then return in part, and some may be 
completely absorbed. The colour of an opaque body then depends 
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upon the nature of the incident light and also upon the light 
absorbed by it. The body appears coloured with the constituents 
reflected by it. Thus in white light a red flower appears red because 
it absorbs all the constituents except the red which is reflected by 
it. A body appears white as it reflects all the constituents of white 
light absorbing nothing, and a body is black when it absorbs all the 
constituents reflecting nothing. Thus the colour of the reflected 
light is not due to something added to the incident light but some- 
thing usually subtracted from it. 


By passing an object along the different parts of a spectrum, the 
theory of colours may be verified. A white flower appears white in 
white light but it will appear red in red light, green in green light, 
and so on. A red flower will appear bright red in the red part of 
the spectrum but black in other parts as it absorbs all the colours 
except the red which it reflects. Seldom we get a body having a 
pure colour, so the reflected colour is not always a pure colour, 
but may be a mixture of their adjacent colours; hence a body 
when held in the spectrum may appear bright in one portion, but 
not totally black in the adjacent portions, as it may reflect these 
colours also to some extent, 


(i) Transparent Bodies.—When white light is incident on a 
transparent body, it absorbs some constituents and transmits the 
rest to which its colour is due. A piece of red glass appears red 
because it absorbs practically all the colours except the red which 
it transmits.. Again, if the object be held in a light whose colour is 
other than that of the body, it will appear black. So a piece of red 
sealing wax will appear red through red glass, but a blue or green 
object will appear black because the red light coming through the 
red glass is absorbed by the blue or the green object and the obser- 
Ver receives no light. 


The colours of many coloured glasses are not, however, pure ; 
yellow glass transmits yellow, and green and orange as well as 
blue glass allows indigo and green besieds blue. So the combination 
of these two glasses will allow the light common to both of these, 
de. green. 

Even a good transparent body like water, glass, etc. absorbs 
some light, which may not be noticeable in thin layers, but the 
effect is marked in thicker layers. Ordinary deep water looks 
greenish, but when the depth is very great it may appear black. 


(b) Colours of Powders.—The colours of many substances in 
the powdered state look lighter because the incident light is 
repeatedly reflected from many particles in different layers and so 
is unable to penetrate far below to be absorbed. If, however, the 
powder is very finer, practically no absorption will take place and 
the powdered mass will appear white due to the diffused light 
reflected in all directions, 


> 
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180. Colours and their Mixtures :— 


(a) Primary and Complementary Colours: Mixture of 
Spectral Colours.—It was shown by Newton that all the seven 
spectral colours into which white light was split up could not be fur- 
ther analysed, i.e., those colours were pure. But there are three 
spectral colours, red, green and blue, by mixing which in right 
proportions practically all colours can be obtained. They are, 
therefore, called the primary colours. Any two. spectral colours 
which together give white light, are called complementary colours. 
Thus bluish-green and red, yellow and blue, greenish-yellow and 
violet, are complementary. 


If red light and green light are mixed, the resulting colour is 
yellow, which the eye cannot distinguish from a certain spectral 
yellow ; but a spectroscope will at once show the difference ; for 
the spectral yellow seen through a spectroscope will remain yellow 
whilst the yellow formed by the mixture, when examined by a 
spectroscope will be separated into its red and green components. 


It is clear from this that wave-lengths determine colour but colour 
does not necessarily determine wave-length. 


(b) Colours of Paints or Pigments. and their Mixtures.—The 
mixing of coloured paints or pigments is not the same as that of 
mixing of two coloured lights or spectral colours, For example, 
yellow rays of the spectrum mixed with blue rays produce white 
lights, but the mixture of yellow and blue pigments appears green. 
The colours of pigments depend upon the particular colour or 
colours each absorbs. This is because the yellow particles of the 
pigment absorbs all except yellow, and blue and green particles of 
the pigment absorb all except green and blue. Hence the mixture 
reflects the green rays alone which are not absorbed. 


To sum up, we may say that in thecase of mixing spectral 
colours we have the effects of superposition or addition, while in 
the case of mixing pigments the effect is of absorption or subtraction 
of colours. 

181. Retinal Fatigue;— When we look intently on a bright 
object for some time and then suddenly turn our eyes on to a. white 
surface, we do not see the object in its actual colours, but the shlape 
of the object is seen in dark outline, This phenomenon is ca,led 
retinal fatigue. This is due to tlie fact that the nerves of the re ina 

eing excited by strong light become insensitive for some time to 
less powerful source, The colours of the temporary illusive image— 
called the after-image—which is seen due to the retinal fatigue are 
complementary to the actual colours of the object. Thus when we 
gaze intently on a red patch printed on a white screen for some 
time and then suddenly look at-a white surface we see a greenish. 
blue patch, as greenish-blue is complementary to red. Similarly, 
when we gaze at a blue patch painted on red background, it will 
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appear temporarily to b» red on a blue background after suddenly 
turning our eyes on to a white screen. 


182. Colours in nature :— 

i (a) The Colour of the Sky.—It may be noticed that of the sea- 
waves of various sizes—striking at the side of a ship lying at 
anchor, only the smaller waves are thrown back (ie. reflected) 
from the sides of the vessel while the large waves pass right on 
without being hampered in their progress. 

Somewhat similarly white light waves of different sizes (i.e. 
wavelengths) starting from the sun pass on through the atmosphere, 
they encounter innumerable dust and air particles which can easily 
scatter the smaller waves (i.e. blue and violet waves), but they are 
not large enough to stop the large waves (i.e red waves). So the 
red waves pass right on like the large sea-waves passing the ship, 
while the blue and the violet waves become scattered. For the 
reason the sky appears blue. 

(b) The Colour of the Sunset.—The sun at midday is nearest 
to us, but as it sinks lower towards the horizon the rays have got 
to travel through a greater depth of the atmosphere, and gradually 
more and more of the smaller waves (i.e. violet, blue, etc.) are 
scattered or reflected, and finally the larger (i.e. red) rays predomi- 
nate and produce the beautiful colour of the sunset. 


183. The Rainbow :—The rainbow is a beautiful solar sp2ctrum 
formed when the sun shines on raindrops or fountain spray. The 
result is due to reflection, refraction and dispersion of the rays by 
raindrops, and an observer standing with his back to the sun, sees a 
circular arc of spectral colours in the sky, the red being at the top 
or the outer edge, and violet at the bottom or the inner edge. This 
is called a Primary Rainbow. Sometimes another arc is seen outside 

the first with the order of the colours reversed, i.e, violet on the 
top and red at the bottom. This is known as a Secondary Rainbow. 

The Primary Rainbow.—The primary bow is produced by rays 
of light which have undergone two refractions (not total reflection) 

; in the raindrops. In 
order to understand the 
formation of the primary 
bow, consider light from 
the sun falling in paral- 
lel rays upon a spherical 
raindrop. One of the rays 
is shown in Fig. 200 in- 
cident at A. It will be 
refracted at 4 and, on 
reaching the surface of 
i the drop at B, some of 
Fig. 200—A ray of light from the sun the light will pass out, 

suffering refraction in a raindrop. but the rest will be 
f 
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reflected and will reach C, where some will emerge along CE while 
a fraction will be reflected at C inside the drop. Here the angle of 
deviation D of the ray incident at A will be given by, 
D=x- LADC=x-2Z ADO 
=n- 2[n —( Z ABD + Z DAB)] 
—-n-2|x-(z-r)-(i-r)]2z42i- 4r, 

Rays will be incident on the drop at all angles between 0° and 
90° ; those falling normally (i=0°) will pass through the centre of 
the drop and will be reflected back along the same path for which 
D will be 180°, If a graph be plotted between D and i of any ray, 
the curve will bs like that shown in Fig. 107, and the minimum 
value of D for any ray can b? obtained from the graph. The 
minimum value of D, however, will be different for different 
colours, For red this value is 138", the corresponding angle of 
incidence being 61°, and violet being more refrangible than red, the 
minimum value of D for violet is 140°, the corresponding angle of 
incidence being less than 61°, 


It will be noticed from Fig. 107 that for rapid changes of i in 
the neighbourhood of the lowest point on the curve, D changes 
slowly, and conseqaently the emergent parallel rays will be more 
closely packed ; so when the rays traverse the drop in such a way 
that the deviation is a minimum, then they become sufficiently con- 
centrated in one direction to be secn by the eye, Eachray of the 
beam. from the sun suffers a deviation which is different for 
different colours and so dispersion would take place resulting in 
the formation of a spectrum. It has been seen that in a bow the 
emergent red rays make an angle of 42° (i.e. 180? — 138^), and the 
violet rays an angle of 40°(i.e. 180°- 140°), with the line parallel 
to the original direction, i.e. the 
line joining the sun and the eye 
of the observer. 

Fig. 201 shows an observer at 
E with his back to the sun facing 
the raindrops A,, 4,, etc. Hence, 
if with the eye E as the apex, a 
cone having a  semi-vertical 
angle of 42° (i.e. 180° - 138°) with 
its axis EK parallel to the sun’s 
ray is drawn, all the red rays 
emerging from drops lying on 
the bounding surface of this cone 
will travel towards the eye E of 
the observer; and since these 
rays will have suffered minimum 
deviation they will be easily 
seen, Now the violet being more : 
refrangible, that is, the refractive Fig. 201—The Rainbow 
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index of water for the violet light being greater than that for 
the red, the angle of minimum deviation (140°) is greater for the 
violet rays than for the red, and so the semi-vertical angle of the 
corresponding cone will be less for the violet than for the red rays. 
It has been found that the emergent violet rays are inclined to the 
same line EK at an angle of 40°, and all the drops lying on the 
bounding surface of this cone will send violet rays to the eye. The 
other colours will occupy intermediate positions between these. 
Thus the primary bow consists of a coloured arc, red on the outside 
and violet on the inside. 

Secondary Bow.—Here the sun's rays suffer two reflections and 
two refractions, as shown at A, and A, in Fig. 201, and the violet 
light emerges making an angle of 54° and the red an angle of 51° 
with the line EK from the sun to the observer. Thus the colours 
in the secondary bow are reversed, violet being on the outside and 
red inside. . The secondary bow is much fainter than the primary 


bow. 


184. Transformation of absorbed Radiation :—Generally all 
bodies are warmed up when light waves fall on them, which means 
that light waves are absorbed by the bodies and are transformed 
into longer heat waves. There are also many substances which 
absorb light rays of one wave-length and emit light of another 
wave-length. This is shown by the following phenomena— 

(a) Fluorescence.— Some substances when exposed to light of 
one kind becomes luminous and continue to emit light of another 
kind as long asthe stimulating light is present. These substances 
absorb waves of the particular colour, say violet and emit waves 
of another colour, say blue. This phenomenon is called fluorescence 
and the substances exhibiting this property are called fluorescent 
bodies. This effect is only confined to the surface layers of the 
bodies and lasts as long as the radiations fall on the fluorescent 
substance. This effect was first noticed in fluorspar (calcium 
fluoride) and hence itis termed fluorescence. 1t should be noted 
that it is not a case of reflection (though the effect is confined to 
the surface only), as the colour of the emitted light is changed. If 
asolution of chlorophyll (the green colouring matter of plants) in 
alcohol is exposed to white light in a dark room, the emitted light 
is brilliant red. Ordinary paraffin oil, or a solution of quinine 
sulphate, exposed to sunlight, presents a bluish appearance. 
Uranium glass is a strongly fluorescent solid, mineral willemite, 
calcite and some fossils are also fluorescent. 

Again, certainsubstances exposed to invisible ultra-violet radia- 
tions emit radiations of longer waves and become visible. 


Luminous dials of watches and clocks are coated with a 
compound of radium mixed with crystalline zinc sulphide. The 
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greenish yellow light which comes out is the result of the impact 
ofthe «rays (Part VII) given out from the radium on the zinc 
sulphide. 


The fluorescent screens used in X-ray work are coated with 
barium platinocyanide, These screens will fluoresce yellow under 
the action of X-rays and give out a greenish glow in the violet and 
ultra-violet parts of the solar spectrum. In studying the pheno- 
menon of fluorescence quartz lenses and prisms are to be used 
instead of those of glass. 


In fluorescence the atoms of the substance absorb a portion of ' 
the spectrum of the incident radiation and re-emit it in another 
portion of the spectrum, This transfor mation is, however, nearly 
always from a smaller to longer wavelengths, a fact known as 
Stoke’s Law. Thus it is a sort of step-down transformation of 
frequencies of the radiations. 


(b). Phosphorescence.—Certain substances when exposed to 
sunlight for some time, retain their fluorescent state even after the 
light is completely cut off. This phenomenon is called phosphores- 
cence, ine term being derived from the glowing of moist phosphorus 
in dark, 


Phosphorescent paints can be purchased which absorb light 
during daytime and give it out at night. These paints contain 
calcium sulphide and barium sulphide, Balmain's luminous paint, a 
sulphide of calcium, glows for hours after being exposed toa 
strong light. Sulphides of barium and strontium and some salts of 
aluminium, uranium, and platinum are phosphorescent. 


The glow-warm and many marine forms of life are self- 
luminous and they are different from phosphorescence. „The 
phosphorescence of decaying substances, such as rotten fish etc., 
seen at night, is due to some bacteria giving out light. 

The difference between phosphorescence and fluorescence lies in 
the fact that the former effect persists for some time while the latter 
ceases after the exciting light is cut off. 


The explanation of phosphorescence is that some sort of 
chemical change is produced by the original illumination, This 
change is unstable and so when left in the dark the body gradually 
reverts to its stable condition by emiting light. 


It has been found that violet and ultra-violet rays are most 
effective in exciting phosphorescence, and also fluoresence, 
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(e) Calorescence.—Some substances which can absorb long 
heat waves and transform them into smaller light waves are called 
calorescent substances. If light from an arc-lamp be passed through 
a solution of iodine in carbon bisulphide to cut off the light rays, 
and then the heat radiations be focussed on a thin. sheet of 
platinum, the platinum sheet becomes highly luminous, i.¢,, gives 
out visible light radiations of smaller wave-length (first, shown by 
Tyndall). j 


185. Josef Fraunhofer (1787—1826) :— 


He was born at Straubing on the Danube, son ofa glass-maker 
of small means. Passing through untold miseries of life, he 
ultimately started life with a 
glass-grinding machine, and 
gradually learned alsoengrav- 
ing on metals. Afterwards he 
joined a large optical works 
where he successfully made 
large pieces of flint glass —a 
lead glass of high refraction 
and dispersion suitable for 
the finest optical purposes. 
He also attained a control on 
the quality by measuring the 
refractive index which he 
determinéd from prisms cut 
out of the manufactured glass. 
By the use ofa like prism he 
found the absorption lines in 
the. solar spectrum, now 
known as Fraunhofer's lines, 
Josef Fraunhofer which Newton had not seen. 


The precise measurements of the wave-lengths of the different 
colours which he made also greatly helped the construction of 
achromatic lenses. Powerful refracting telescopes also were 
constructed with glasses manufactured by him and this aided 
astronomy to an extent hither-to-before not possible. We 
owe to him also the knowledge of the conditions of getting pure 
spectrum, such as the use of a fine slit, paralellism of the rays 
through the prism, and observation through a telescope. 


In his later years Fraunhofer engaged himself with studies on 
the phenomenon of diffraction of light. The finest grating which 
he made had 300 lines to the millimetre. He was, in short, a 
tireless enquirer of truth and an inventive genius. He died at 
thirty-nine, a bachelor. On his epitaph is written * Approximavit 
Sidera" (He brought the stars nearer), ; 
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186. Robert Wilhelm Bunsen (1811—1899) :— : 


The place ' Heidelburg shall ever be remembered by posterity 
for a unique combination of two rare men of science, Bunsen and 
Kirchhoff. 


They combined their talents 
here for investigations on the 
composition of materials, and 
began from where Newton and 
Fraunhofer left the problem. 
For experiments on flame 
colouration with the ultimate 
object of obtaining a method 
for chemical analysis without 
the use of wet reagents, 
Bunsen felt the need for a 
burner giving a steady flame. 
When in 1885, gas lighting was 
introduced in Heidelburg, he 
immediately set to work for it. 
The Bunsen burner which the 
world knows to-day resulted 
from this work. For a labora- 
tory itis not only an ideal heat 


ed the foundation of our science 

of spectrum analysis. Since R. W. Bunsen 

his time it has now become 

possible to evaporate on a pure platinum wire any substance in the 
non-luminous gas flame and to cause them to emit light. This 
light, following Newton and Fraunhofer's method, could easily be 
made to lend itself for spectral decomposition by using a prism. 
Thus a new technique of chemical analysis was obtained. The 
greatest advantage of it again is that the method succeeds even 
when a substance occurs in a sample in traces only. By his method 
he himself discovered two new elements, rubidium and cesium, 
and since his time his method has served as the most accurate 
method for identification of elements already known, and discovery 
of new ones. He is truly regarded as the founder of spectrum 
analysis by emission. Besides this, his name is also very widely 
associated with a variety of very outstanding achievements. He 
discovered a cell, called the Bunsen cell, which was widely used at 
his time for producing strong currents. Using such cells he 
electrolytically prepared pure metals like calcium, aluminium, 
magnesium, etc. Burning magnesium and reproducing Davy’s arc 
light with strong currents from Bunsen’s cells he produced new 
sources of light with unattained intensity to measure which he 
jnvented the Grease Spot Photometer. His electrolytic preparation 
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of pure metals led him to invent the Ice calorimeter with which to 
measure specific heat accurately for purposes of atomic weight 
determination. Regarding his other achievements, his work 
concerning the interior of the earth, volcanic phenomena and the 
formation of rocks are certainly noteworthy. He made a scientific 
journey to Iceland in 1846 where be discovered the nature of 
geysers, In this connection he later investigated the dependence 
of melting point on pressure, an important knowledge for latter 
workers. He worked also on the Cacody! series—a branch of 
Organic Chemistry—and recognised in this substance a radical 
consisting of carbon, hydrogen and arsenic. 


He was born in Gottingen, son of a Professor of Philosophy, 
He entered the local university at seventeen where later he became 
a member of the staff. In 1836 
he joined the Technical School 
at Cassel, and then eventually 
changing from the universities 
of Marburg and Breslau, he 
ultimately came to Heidelburg 
in 1852, where he remained for 
thirty-seven years till retire- 
ment. These were for him very 
fruitful years of research and 
teaching unique in the history 
of Heidelburg. His life lay 
almost entirely at the labora- 
tory—a true devotee to the 
cultivation of pure science, He 
did not found a family. At the 
age of seventy-eight he retired 
from teaching. 

187. Gustov Kirchhoff 
(1824—1887) :— 

Gustov Kirchhoff 1 Though Bunsen and Kir- 

chhoff should be regarded as 

combined talents founding the science ofspectrum analysis Bunsen's 

own contribution to it chiefly related to the emission of light while 

Kirchhoff's to absorption of light. The law known as Kirchhoff's 
law on spectra embodies his monumental work. 


i This law gives a complete explanation of the Fraunhofer’s 
lines of the solar spectrum and other absorption spectra. It reveals 
the existence of the same terrestrial elements, such as sodium, 
hydrogen, iron. etc., in the atmosphere of the sun, nay in all 
celestial bodies too, whatever are their distances and thus seeks to 
establish a general truth that matter everywhere is alike and the 
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universe is a whole. Besides his spectral investigations, mention 
should be made here also of his laws on the distribution of currents 
in networks, these being enlargements of the Oam's law. ; 


He was born at Koiiigsberg in Prussia, son of a legal dignitary. 
After completing his studies here he first entered the Berlin 
University in 1848, but later became an assistant professor in 
Breslau, At this place he met Bunsen at whose instance he obtained 
an invitation to Heidelburg, in 1854. Here he had his most fruitful 
years. In 1875, he left for Berlin to work alongside Helmholtz. 

ai Questions 
1, Explain clearly why. a prism is chosen for producing spectrum. 
Draw a diagram of the arrangement for producing a pure spectrum and 
add notes on the different parts. (Pat. 1932) 
2. Explain what you understand by ‘dispersion’ of light. What is a 
pure spectrum ? Describe an experimental arrangement for the formation 


of a pure spectrum on a screen. (C. U. 1957) 
8. What is spectrum? Distinguish between a real and a virtual 
spectrum, a pure and an impure spectrum. (Pat. 1941) 


4. What isa pure spectrum and how can it be produced? Describe 
experiments to show that the radiation from an arc lamp extends beyond 
red at one end and beyond violet at the other end of the spectrum. 

(Pat. 1931; cf. G. U. 1949) 

[Hints.—In the Infra-red part of the spectrum (i.e. beyond red) the 
heat radiation can be detected by a thermopile or an ether thermoscope. 
The radiation in the wltra-violet portion (beyond violet) can be observed 
by the aid of photography. A photographic plate exposed to the ultra- 
violet rays will be found to be affected on development.] 

5. Describe a spectrometer. Explain why it is necessary to place 
the prism in the minimum deviation position. (C. U. 1937) 

Why does a white object look coloured when seen through a prism ? 
What is a spectrum? How is a pure spectrum formed? How does a 
careful study of a spectrum help us in understanding the composition 
of the source ? (C. U. 1952) 

7. Explain how a pure spectrum may be formed on a screen by means 
of a prism, a slit and two convex lenses. Illustrate your answer with 
a net diagram showing the course of the rays. (Pat. 1948) 

8. What differences are there between the spectra of the light from 
an ordinary electric lamp, a sodium flame and the sun? 

(Pat. 1948 ; cf. U. P. B. 1947) 

9. Discuss in ^ general terms the spectrum produced by the 
following :— 

(a) When the sun is used as a source of light; (b) When the light 
is produced by an incandescent solid; (c) When the flame of a Bunsen 
burner is coloured by sodium light; (d) When light is produced by a 
luminous gas flame. 

k (C. U. 1923, '25, '28, '32, °45; Pat. 1928, 36 ; cf. Dac. 1929, '35) 

10. What would be the nature of the spectra of light from (a) the 
sun, (b) an electric bulb, (c) a neon lamp, (d) sodium salt in a Bunsen 
flame ? (G. U. 1950) 

11. A clean platinum wire is gradually heated in a non-luminous 
Bunsen-flame and observed through a spectroscope; state what you 
observe. (C. U. 1933) 

12. Objects which appear variously coloured in white light are 
illuminated by a sodium flame. Describe and explain the effects observed, 

(C. U. 1909, '11, 24) 
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18. A gas absorbs from the incident light just the rays it itself 
emits. How would you verify this experimentally? State the importance 
of the principle. (Pat. 1924, ’29) 

14. Describe briefly the nature of the observed spectrum when the 
source of light used is (a) an iron are (b) a white hot carbon and with 
a glass cell containing dilute solution of permanganate of potash in front. 

: (Pat. 1946) 

In what ways does the solar spectrum differ from that produced by 
an arc-lamp? How do you account for these differences ? (Pat. 1938) 

15. What are Fraunhofer's lines in a solar spectrum? How has 
their origin been explained ? 1 (Pat. 1946; cf. Utkal, 1950) 

16. What is a pure spectrum? Show, by diagram, how a pure solar 
spectrum can be formed on a screen. (G. U. 1957) 

17. Describe a solar spectrum, and give a general explanation of the. 
dark lines in the spectrum. (C. U. 1913 ; All. 1922; G. U. 1957) 

18. What are Fraunhofer's lines, and how are they produced ? "What 
information is obtained from them about the sun ? (U. P. B. 1948) 

19. What difference would you observe between the spectra of (a) an 
ineandescent solid, (b) a sodium flame and (e) the sun? | (C. U. 1956) 

90. How will you study the spectrum due to (a) candle flame, 
(b) electric bulb, (c) sodium flame and (d) the sun ? (U. P. B. 1950) 

21. What will be seen on placing before the slit, (a) an arc lamp, 
(b) a sodium flame, (c) the arc lamp and in addition, the sodium flame 
interposed between the are and the slit? 

Account for the peculiarity, if any, observed in the last case. 

(Utkal, 1944) 


22. Describe the constituent parts of a spectroscope and their 
functions. State how you would fit it up and show the path of mono- 
chromatic light through it. (C. U. 1935, '56 ; cf. Pat. 1934, '46) 

93. Describe the different parts of a spectrometer. How will you 
proceed to use the instrument to find the refractive index of a prism. 

(Del. U. 1938 ; C. U. 1937; All. 1946) 


24. What is monochromatie light? How would you verify whether 
a given light is monochromatic or not? (All. 1945) 
95. How could you produce dispersion without deviation ? Describe, 
with a sectional diagram, an instrument for studying spectra, based on 
the above principle. : (G. U. 1950) 
26. Distinguish between ‘dispersion’ and ‘deviation’. Describe a 
contrivance by which you can get dispersion without deviation. 
(C. U. 1922, '25, cf. '46; All. 1921, '44 ; Pat. 1936) 
. 97. Differentiate between ‘angular dispersion’ and ‘dispersive power’. 
Investigate the conditions so as to produce dispersion without deviation 
or deviation without dispersion in a combination of prisms. (M. B. B. 1952) 


98. Give a short description, with a neat diagram, of the direct-vision 


spectroscope. (C. U. 1938; All 1944) 
99. Describe the construction, working, and use of a direct-vision 
spectroscope. 2 (R. U. 1950) 


i 30. Describe any two methods of re-compounding, to form white 
light, the various kinds of light obtained in a spectrum. (C. U. 1946, 749) 


31. Describe and explain the appearance of (a) a red flower, (b) a 
green flower, (c) & piece of white paper and (d) a black object, when 
they are moved from one end of the spectrum of white light to the 
other. (Pat. 1933) 


32. Explain why coloured glass appears white after being crushed 
to a fine powder. (G. U. 1950) 


| 
| 
| 
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33. Why do white objects appear blue, and yellow objects black, when . 
seen through a thick blue glass? Describe some experiments to show 
that your explanation is correct. (Dae. 1932) 

34. What is the colour of an object due to? Explain why (a) a 
mixture of ordinary blue and yellow pigments appear green, and (b) when 
dark blue erystals are ground into fine powder, the colour of the latter 


appears to be light blue. (Pat. 1940 ; C. U. 1941) 
35. A dark blue suit appear black when viewed in candle light. 
Explain. (G. U. 1957) 


36. Blue and yellow sectors on a rotating dise give white, while blue 
and yellow glasses combined transmit deep green or none at all. 


Explain. (G. U. 1950 ; Pat. 1927) 
27. Write short notes on the following :—(a) complementary colours, 
(b) phosphorescence, (c) Fraunhofer lines. (G. U. 1922) 


38. Why do ordinary blue and yellow pigments appear green when 
mixed? Objects which appear variously coloured in white light are 
illuminated by sodium flame. Describe and explain the effects observed. 

(C. U, 1919, '44) 

39. A man gazes intently, for a time, at a red square painted on a 
piece of white cardboard. He then looks at a white screen and appears 
to see a square of different colour. What colour does he see? Explain 
the phenomenon. The experiment is repeated with a blue square painted 
on a red background. Describe and explain what the observer notices on 
looking at a white screen immediately afterwards. (C. U. 1941) 

40. What is the difference between phosphorescence and fluorescence ? 

(All, 1921; ef. C. U. 1935) 


CHAPTER VIII 
Velocity of Light : Theories of Light 


188. Velocity of Light :—The velocity of light was first deter- 
mined by a Danish astronomer, named Rómer, in 1676. He 
observed the eclipses of one of Jupiter’s satellites. The planet 
Jupiter has got many satellites revolving round it in the same way 
as the moon revolves round the earth. Morcover, their orbits lie 
nearly in the same plane as the orbit of Jupiter round the sun. So 


' each satellite becomes eclipsed when in course of revolution, it 


passes into the shadow of the planet cast by the sun. The interval 
between two consecutive eclipses of the innermost satellite of 
Jupiter is 42 hours 48 seconds. That is, this is the time required 
for one complete revolution of this satellite round Jupiter.’ 


Rómer's Method— ' 


As a satellite moves round Jupiter, it takes a constant time to 
complete one revolution, for it moves with uniform velocity. 
Römer kept observation of the innermost satellite of Jupiter using 
an astronomical telescope: He continuously recorded for over an 
year the successive instants of time, as he observed them from the 
earth, every time this satellite entered into the umbral shadow of 
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Jupiter cast by the sun and became eclipsed. An eclipse takes 
place once in every complete revolution of the satellite round 
Jupiter. Römer found that the observed time intervals between 
successive eclipses all round the year was not constant. 


If light takes no time fo travel from one point to another, then 
the light emitted by the satellite before an eclipse just occurs will 
be received by an observer on the earth at the same time, 
irrespective of the relative positions of the satellite and the earth, 
and the time interval between two successive eclipses will always 
be constant. But Römer found it not constant. This could be so, 
Römer argued, if light takes a time to travel from one place to 
another, i.e. if light has a finite velocity. For, the instant of 
time when an eclipse of the satellite will be observed from the 
earth will then depend on the distance of the earth from the 


Fig. 202—Romer's Method. 


satellite at that moment. So consequently, if the eclipses are 
observed from the earth, time interval between successive eclipses 
will vary as the relative distance between the earth and the 
satellite will change. The variation of this time interval will be the 
smallest or the greatest when the actual distance between the earth 
and the satellite will change the least or the most between two 
successive eclipses. 

Jupiter takes.11:86 years to complete one revolution round the 
sun. Let E, E, and E; be positions occupied by the earth in 
succeeding times while moving in its orbit round the sun during a 
little over one year and let J,, J, and J, be the positions of Jupiter 
in its own orbit during corresponding instants of time. Suppose 
at E, and J,, the earth and Jupiter are nearest to each other while 
they are farthest from each other at E,J; during one revolution of 

. the earth round the sun. The first position, E,J, where the sun, 
the earth and Jupiter are in the same straight line with the earth 
in the middle is called a position of Conjunction, The second 
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position E.J2 where they are in the same straight line again but 
with the sun in the middle is called a position of Opposition. Let 
the next position of conjunction be at EsgJs- 

Rómer observed that the time interval between successive 
eclipses was shortest at about the position E, of the earth and it 
increased in succeeding months reaching a maximum value at a 
position midway between E, and E, and gradually decreased to a 
minimum again at the position of opposition Eg; then this interval 
increased again in succeeding months till it became a maximum 
again at a position midway between E, and E, decreasing again to 
a minimum at Es, the next position of conjunction. He found that 
if the eclipse at E, is taken as the first, the eclipse at E, will be 
113th and that at Ez, 225th. 


Let @ be the actual interval between two successive eclipses. 
If n eclipses take place during the time the earth moves from the 
first position E, of conjunction to the position of opposition Ez, 
the actual interval between the occurrence of the first and the nth 
eclipse is (n—1)0. The interval T,, which will be observed from 
the earth's surface, will, however, be given by, 


T,-(n-1) gy Ea E , where v is the velocity of! light, 


This will be so, because an eclipse will be observed on the earth 


later by a time equal to distance between Earth EU Jupiter. after 
velocity of light 

its actual occurrence ; it should again be noted that the first eclipse 

is observed when the earth is at E,, and the last eclipse when it is 

at Ez. 

Again, n eclipses will occur as the earth moves from the 
position E, of opposition to the second position E; of conjunction 
again, and so the time interval T, between the first and the nth 
eclipse, as observed from the earth, will be given by, 


T,-(n-1,8 4 Fate LEM, , for the same reasons. 
y 


But E,J; - E,J; =D =E], - EsJs = (practically) the diameter 
D of the earth’s orbit round the sun, assuming the orbit to be 


` circular. 


T,=(n- 1045 ,and T,-(1- 10-2. 


" Me eet 12) EZD. 
Xs Tic o Whente 1 ae Tat 


Römer found (T, —7,) to be 33 min. 12 secs. ; D was taken | 
by him to be 191 x 10? miles, His value of velocity of light in air 


DXX —191415 miles/sec.—192,000 ^ miles/sec. 


(approximately). 


was thus— 
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The accuracy of Rémer’s method was limited by the accuracy 
with which the diameter of the earth's orbit was known in Rómer's 
time. 


Sources of Errors.— 


1. The earth’s orbit is actually elliptical with the sua at one 
focus, while Rómer assumed it to be circular. 


2. As there was no precision chronometer in Rémer’s time, it 
is unlikely that the observed difference of 33:2 min. in a continuous 
record of time for about a year is free from doubts. 


189. Fizeau's Method :—Fizeau was the first to measure the 
velocity of light in 1894 over terrestrial distances. The principle 
of his method was to send a. light signal to a distant station from 
which it travelled back and calculate the velocity by noting the 
interval oftime taken. The diagram of his apparatus ina 
simplified form is given in Fig. 203. A beam of light from a bright 
source S passes through a convex lens L, and is brought toa 
focus at the plane of the toothed wheel D, after being reflected by 
a plate of glass P placed at an angle 45° with the horizon. The 
toothed wheel rotates in a plane at right angles to the beam of 
light reflected from the glass plate P. The wheel has a large 
number of teeth equally spaced along its circumference, the 
opening between any two teeth being equal to the space Occupied 
by a tooth. As the wheel is rotated, the light is alternately 
intercepted by a tooth and transmitted through the next opening. 
The plane of the disc is at the principal focus of a convex lens Le, 
so that the transmitted rays emerge from L; as a parallel beam, 


Fig. 203—Fizeau's Method. 


. Which, after traversing a distance of a few miles, arrives àt the 
lens L4 andis brovght toa focus at the surface of. concave 
mirror M whose centre of curvature is at the centre of 
the lens Ls. Then the rays are reflected back and 
retraverse their path as a parallel beam, and if the light 
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is not obstructed the rays will be reflected by Pto S, some being 
transmitted to the eye E through P. The observer at E will then 
see the image of S. 


The wheel D can be rotated with great velocity about its axle. 
It is possible by rotating the wheel, and so adjusting its speed, that 
when a beam of light after passing through the opening between two 
teeth of the wheel comes back to the wheel after reflection from the 
mirror M, it finds a tooth in place ofthe opening and thus gets 
stopped. The result of this will be that no image of the source will 
be seen. If the speed be doubled, the light will pass through one 
opening and will fall on the next opening after reflection from M 
and the image will be visible. If light travels with finite velocity, 
then the speed of rotation of the wheel will affect the image seen, 
and if light travels instantaneously, however, great the speed of 
rotation may be, the image will always be visible. Fizeau found 
that the speed of rotation affected the visibility of the image, and so 
he concluded that light travels with a finite velocity. 1f the 
speed be so increased that more than 10 images are seen in one 
second, then due to persistence of vision a continuous image will 
beseen. But Fizeau so adjusted the speed that the light travelled 
from the plane of the wheel to M and back again in the time taken 
by the next tooth to come into the position of the opening and thus 
light was cut off from the observer at E. 

Calculations.—1f light travels with velocity v and if it takes 
time T to travel from the plane of the wheel to the mirror M (a 
distance equal to x, suppose) and back, v= 2x|T. 

Let n be the revolutions of the wheel made per second. Then 
the angle turned through by the wheel per second, i.e. the angular 
velocity of the wheel—2nn. 

The time taken by the wheel to turn, through an angle @ which 
is subtended by an opening at the axle of the wheel= o[2nn. 

When the light was cut off for the first time for a particular 
speed of the wheel, ] 


2x 
= + y= > =4rnx]?. 
T-0[2nn. y opm anx| 


If m- number of teeth in the wheel, and if an opening is equal 
to one tooth, 
2m8-22»; or 6-—s|m. 


y=4anx/0= Anns L 4mnx. 
n/m 


In Fizeau’s experiment, the wheel had 720 teeth and made 12:6 
revolutions per second when the image of the source was eclipsed. 
So the time for one revolution of the wheel was 1/12:6. The teeth 
and openings Were of equal length and so they together numbered 
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(2x720). Therefore, the time taken by a tooth to occupy the 
position of the preceeding opening, 
2x70x126 9d. 

The distance between the plane of the wheel and the concave 
mirror M was 8633 metres ; so light travelling from the plane of 
the wheel to M and back traversed a distance of (2x 8633) metres. 
Therefore the velocity of light, according to this experiment, 

_  2x8633 
eR OL 
2x 720 X12'6 

Advantages and disadvantages,— 

Advantages .—(1) It is a terrestrial method and the time of 
Observation is small. (2) All the quantities involved in the 
calculation are measurable and no assumptions are necessary. In 
these respects this method is superior to Rómer's method. 

Disadvantages.—(1) The primary difficulty for Fizeau was in 
regard to the production and measurement of a high speed of 
rotation of the wheel. Moreover, it was difficult to determine the 
Speed at which the exact extinction of image took place. 

(2) The light, when not passing through an opening, was reflected 
by the intercepting tooth back into the field of view causing a 
generalillumination ofthe field of view. This made the image less 
distinct, 

(3) A large open-air space, about 4 miles in Fizeau’s 
experiment, is necessary and so this experiment cannot be done in a 
laboratory. Moreover, due to absorption of light in the open-air 
Space and loss of light by reflection from the glass plate P, the 
Image received by the E is faint. 

190. Foucaults Method (A Laboratory Method) :—Wheat- 
Stone conceived the idea of such an experiment, and 
subsequently it was taken up by Arago, but the success of the 
method goes to Foucault. The method is as follows — 


—3:13 x 101? cms. per sec. 


] 3 Fig. 204—Foucault’s Method. 
Sunlight passing through a rectangular aperture S, falls upon a 
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plane parallel plate of glass P' (Fig. 204). The transmitted light 
falls on the achromatic convergent lens L. Then it travels a 
distance d of about 20 metres and falls on a plane mirror Q which 
is rotated at high speed by an air-turbine round an axis at right 
angles to the plane of the paper. This plane mirror is at the 
centre of a concave mirror M of radius of curvature R. So 
whatever is the position of Q, the light that falls on M from Q, falls 
normally and is reflected back along the same path. 

If Q is stationary, when the light reaches it again after 
reflection from M, the rays travel back to P and are mostly 
reflected from it to form a real image of S at Eat the side. If Q 
rotates rapidly, it moves through an, appreciable angle 0 
by the time the beam leaves (Q and returns to it from M and 
consequently the light is reflected in the direction of the dotted ' 
rays to form image at E}, in the observing eye-piece at the side (by 
light reflected from P) and an image S' by the light transmitted 
through P where SS’=EE,. The displacement EE, (=x, say) of 
the image is measured by a micrometer eye piece. 

Calculation :— 

Let a — distance of L from the slit S, d —distance of L from the 
mirror Q. The light returning from M being reflected from Q 
appears to come from a virtual point behind Q distant equally as 
M. Thus the pencils forming the images at E and E' (Fig. 204) 
appear to come from sources S, and S',, where QS, —OS,'— Rand 


Fig. 205 


the tine joining S to the optic centre O of L passes through Sı 
(Fig. 205). So also the line joining S’ to S,' passes through the 
optic centre O of L. t 


SS' a 
"SIS R+d 
subtended at the lens L by the two pencils is small. 

x a 
S,S', R+d 
the beam reflected from it turns through!29, and so the angle 
5,08’, =20 85 


From Fig. 205 


approximately, since the angle 


Or, - Now, if a reflecting surface turns through 6, 
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à 3 a d 
or, S,9,—29xR -. Lione x(20 XR); 


_(R+d\x 3h D ES PANTS 


Cee eae 

If n=number of revolutions made by the mirror per second, 
its angular velocity, e— 277. Let the light travels from Q to 
and back in time f. Hence the velocity of light v will be given 


by, $ ' 
ys2R Eri sie PE "M (2) 


t 
In the time tbe mirror Q rotates through 6. 


(R+d)x 
2axR 


po Rta, 1 (R+d)x 
fe JaxR 2an AnanR. 
.2R X 2R _ 87.a.n.R? 
Yet REI x 4na.n.R ETETICE 
This expresses v in terms of quantities which can be measured. 
In Foucault's experiment the displacement EE,(=x) of the 
image was observed to be 0:7 mm. and the velocity of light 
calculated to be 2:98 x 10'? cms./sec, 


Importance of Foucault's Experiment.—By putting a tube filled 
with water placed between Q and M, Foucault was able to show 
that the velocity of light is less in water than in air. This finding 
served as a great support of the wave-theory of light, according to 
which the velocity of light in water should be lesser than in air, for 
the R. I, of water relative to air is greater than unity, The 
importance of the method, should be noted therefore, is that the 
velocity of light in different media may be conveniently determined 
by putting the same between Q and M. 


, from (1). 


Q—et—2xnxt-— 


Merits and Defects of Foucault’s Experiment.—The velocity 
of light in any transparent medium other than air may also be 
measured by this method. Moreover, the experiment may be 
carried out within a laboratory. M. Cornu has criticised this 
method because it depends on the following two assumptions— 

(i) The laws of oblique reflection from a mirror moving with 
a velocity small compared to that of light, are the same as those 
for a stationary mirror. 

(ii) The laws of reflection of rays forming a real image which 
moves transversely to the direction of the rays, are the same as 
when the image is stationary. 


OET 
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Moreover, the brightness of the image in Foucault's; experiment 
is diminished very much, unlike in Fizeau’s experiment, if the 
distance QM is increased in order to get an enlarged. displacement 
of the image. This is because, when the mirror Q turns, the 
image sweeps over M and the light is intercepted and returned by 
M only for a small fraction of the time in which a complete 
rotation of Q takes place. Again, in Foucault's experiment the 
displacement EE, of the image is very small and cannot be 
measured with ‘sufficient accuracy. This is the chief defect of 
Foucault’s method. 

191. Michelson's Method :—In 1926 Michelson devised a very 
accurate method for the determination of velocity of light—a 
method which is even more accurate than that of Foucault's. His 
arrangement is as follows : 

Light from a strong source S passes through a convex lens L 
which converts it into a parallel beam (Fig. 206) This beam on 
coming out through a slit E is reflected from a face a of an 
octagonal mirror R which is uniformly rotated at high speed. 


Fig. 206—Michelson's Experiment. 
Then after successive reflections from the stationary plane mirrors 
M, and M,, it falls on a concave mirror C,, the mirror M, being 
at its focus, The beam reflected by C, is received by a distant 
concave mirror C, placed co-axially with C,. The light reflected 
from it is reflected back to it again, as shown in the figure, by the 
plane mirror M, placed at the focus of C,. From C, the parallel 
beam travels to C, again from where, after successive reflections 
from the stationary plane mirrors M, (placed at the focus of Cj) 
and M,, it falls again on a face a’ of the octagonal mirror. 
Reflected from this face, this beam enters into the observing 
telescope T being turned at right angles by a totally reflecting 
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prism: P. The optical path from the slit E to the mirror M; is 
arranged to be equal to that from Ma to T. 

As R rotates, the image in the telescope Tisdisplaced. But if 
the speed of rotation of R is so adjusted that the position of the 
face a is occupied by the next in the time the light travels the 
optical path E to Mg and back, the image in the telescope will be 
found at the same position where it was formed when the octago- 
nal mirror was at rest. 

The time taken is that of 4th of revolution of the octagonal 
mirror. The effect will be the same, if the speed of revolution is 

-doubled, etc. If o=angular velocity of the octagonal mirror, d= 
optical distance from E to Ms, v=velocity of light, then for the 
first speed, 

8 
If n=number of revolutions per second of the octagonal mirror, 
_8x2anxd oq 


n 


Ln 2Xd ge 
w vi 


ate 
n 


w=2xrn. at y 


Michelson set up C, on Mount Wilson, California, and C, on 
Mount Antonio, a distance of 22 miles. The mirror C, was of 30 
feet focal length and 2 feet aperture. His value for velocity of 
light in air is 2°99796 x 101? cms./sec. and the error, he claims, 
does not exceed 4 kms./sec. This velocity being in air, if reduced 
to vacuum, will be equal to 1X2:99796 X 101° cms./sec,, where 
p — refractive index of air. 


192, The Value (v) of Velocity of Light :— 

The value, v=(3'004+0'003) x 101? cms./sec. by M. Cornu, and 
v=(2'9986 +0 0003) x 101? cms./sec. by Michelson and Newcomb 
make the greatest claims to accuracy. The most generally accepted 
value, however, is 3X 10*° cms./sec. or 186000 miles/sec. 


193. Light-year :—Distances between stars are enormously 
large. So in astronomy such distances are measured in terms of a 
very large unit, called the *light-year. It is equal to the distance 
through which light travels in one year’s time. 

Obviously, it is equal to the distance given by the velocity of 
light multiplied by the number of seconds in a year. 


+. 1 light-year=186000 x [60 x 60 x 24 x 3651] 
=5°87 x 101? miles. 


194. The Theories of Lizht :—To account for the various facts 
concerning light, viz. it is invisible, it travels in straight lines, it can 
be reflected, refracted, diffracted, dispersed, polarised, etc., the 
following two theories have been put forward—(1) the Corpuscular 
or Emission Theory, and (2) the Undulatory or Wave-Theory. 


x 
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(1) The Corpuscular Theory.—According to the corpuscular 
theory a luminous body is supposed to emit tiny particles in all 
directions, called Light Corpuscules, very much like the shots fired 
from a gun. These corpuscl s travel in straight lines with an 
enormous velocity (186,000 miles per sec.) through gases, trans- 
parent solids and liquids and through vacuum ; and the impacts 
of these corpuscles on the retina of our eyes produce the sensation 
of light. This theory was advanced by Sir Isaac Newton. The 
rectilinear propagation of light is readily explained by this theory, 
and the reflection of light was explained by Newton by supposing 
that the reflecting surface exerted a repulsive force at right angles, 
This force gradually neutralized the component of velocity, per- 
pendicular to the surface, of the approaching particles without 
altering the component parallel to the surface. In explaining 
refraction, Newton had to suppose that the velocity of light in an 
optically-denser medium is greater than that in air, but later this 
was found not to be true 

(2 The Wave-Theory.— The wave-theory was first formulated 
by the great Dutch Physicist Huygens in 1678 according to which 
light, like sound, is a form of a wave-motion, but, unlike sound, 
light travels with perfect readiness through the best vacuum possible 
and even through the intermolecular spaces of all matter. But as 
every wave motion requires a medium for its propagation, 
Huygens assumed such a medium to exist and called it ether, which 
pervades all space and penetrates any matter. According to the 
Wave-theory, every point of a luminous body sends out waves in 
all directions which travel with the same velocity, through the 
ether. Some of these waves falling on the eyes produce the sensa- 
tion of sight. As when water is disturbed by throwing a stone into 
it, Water waves are produced by the up-and-down movement (i.e. 
transverse movement) of the water particles, so ether waves start 
by the transverse movement of ether particles produced by the 
vibratory motion of the ultimate minute particles of which a body 
is composed, i.e. ether particles vibrate perpendicularly to the 
direction of propagation of the waves. To be able to transmit the 
waves, the ether must be continuous and elastic and must possess 
density. The clasticity must be very high like that of a solid and 
the density extremely small as that of an extremely rarefied gas. 
We have seen that light and heat are similar forms of energy and 
that a body which emits light also emits heat. Both light and heat 
energy are carried by 
ether waves generated by 
the vibrations of the 
particles constituting the 
internal structure of a 
substance, The dis- 
placement curve of a 
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light wave is shown im Fig. 207." It should be remembered 
that water waves, or sound waves which are waves in air, 
are fairly large whereas the wave-lenzth, ` i.e. the distance of the 
highest point (crest), or the lowest point (trough), of a wave to the 
highest or. lowest point of the next wave (Fig. 207), of light waves is 
indescribably small.» The wave-theory can easily explain most of 
the common: optical phenomena and so it has generally been 
accepted, 


i» « Propagation of Waves.—According to the wave-theory, every 
point of a luminous body is a centre of disturbance from which 
the waves spread out in all directions through ether. If at any 
instant an imaginary surface is drawn tangentially throuzh all the 
particles which are in =the same state of vibration, i.e. in the same 

phase, the surfaceis known as a wave front. 

^ The propagation of light in a medium in 

a particular direction means the propaga- 
ie tion of the wave-front. The direction 
j AY in which the wave travels is at rig^t angles 

"i M to the wave-front and a ray of light ře- 

presents this direction. Spherical waves 

1 are represented by concentric circles. As 

NE IRUN 1B the wave travels outwards, its curvature 

AN 58, diminishes, and at a very great distance 
Vous uo from the source the surface of the wave 
Fig. 20% becomes a sphere of very large radius, so 

that a limited portion of the wave front may be considered to be plane, 

This is evidently the case of waves constituting a parallel beam, as 

in the case of light coming from the sun. 


Huygens! Principle.— Suppose P (Fig. 208) is a luminous source. 
The disturbince in ether produced at P will spread out uniformly 
in all directions with the same velocity provided the medium 
around is isotropic, so that the wave-front at any instant will be on 
a sphere drawn with P as centre and radius equal to the product 
of time and velocity of propagation, After an interval, let the 
disturbance lie on the surface of a sphere whose trace is AB, on 
which every point is in. the same state of disturbance, i.e. AB is the 
wave-front. At any later instant of time, similarly let the distur- 
bance lie on the trace A,B,. Evidently light travelled from AB 
to A B, in the interim period. Huygens considers the mechanism 
of such propagation as follows: Each ether particle in the wave- 
front AB becomes a new:centre of disturbance from which spheri- 
cal waves, called secondary wavelets, are spread out from each 
paiticle as centre with the same velocity as in the case of the wave 
travelling from P to AB, provided , of course, the medium remains 
the same. The envelope of these secondary wavelets, i.e. the 
spherical surface, whose trac is A,B,, which touches all these 
spheres, is the new wave-front at the end of the period envisaged. 
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The wave travels outwards from A,B, to succeeding fronts as it 
did from AB to A B,. Evidently the wave-front at any point moves 
in the direction of the normal to the wave-front at that point. ; 

195. - Reflection and Wave-Theory :—According to Huygens’ 
method of construction 
the laws of reflection 
are deduced below by 
taking the case of re- 
flection of à plane 
wave-front at a plane 
surface. 

Let XY bea reflecting 
surface and AF be a 
plane wave travelling ‘in 
the. direction CA and 


incident obliquely on 
XY (Fig. 209). As each Fig. 209—Reflection on the Waye-Theory 


point of AF, the plane wave-front, reaches XY in Succession, the 
point struck becomes a centre of disturbance from which spherical 
waves start. In the time ¢ taken by F to reach E, the wave from 
A will travel a distance= Vt, where Vis the velocity of propagation 
of the original wave-front. Now the centre A and radius AB( = 
Vt) describe a sphere. From E draw a plane EB tangential to the 
sphere and at right angles to the plane of the paper. Then EB is 
the reflected wave-froat travelling in the direction AB, 

Now in the triangle AEB and EFA, AB=FE=Vt, AE is common, 
and ZABE- Z EFA =90°. .. The two triangles are equal in all 
respects. Hence Z AEB = Z EAF Ads vem (1) 

Here CA, which is perpendicular to the incident wave-front and 
which is the direction of the incident wave, represents an incident 
ray at the point of incidence A, and AB, the direction in which the 
reflected plane wave travels, represents a reflected ray. 

To prove that the angle of incidence is equal to the angle of 
reflection, draw AN prependicular to XY at A. Because AN is 
perpendicular to the plane AE and AB is prependicular to the plane 
EB, we have, ZLAEB — Z NAB; 
and because AN and CA are perpendicular to AE and AF respec- 
tively we have, Z EAF- Z NAC. But from (1), ZAEB=Z EAF. 

«< ZNAC= ZNAB. 

Thus the angle of incidence is equal to the angle of reflection, 

Again, the incident ray CA and the reflected ray AB lie in the 
same plane as the normal AN. Thus both the laws of reflection 
are deduced from the wave-theory. 

196 Refraction and Wavye-Theory :—Let XY be the trace of 
a plane surface separating two media, say, air and an opticaily 


et tn SEERA 
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denser medivm, say, glass (Fig. 210), and AB be a plane wave-front 


travellingin the first medium in the direction EA with ‘velocity 
V. When the wave-front 


AB meets the refracting 
surface YY obliquely at A, 
the ether particle at A is 
disturbed and according to 
Huygens, it becomes a new 
centre of disturbance from 
which the generated wave- 
lets spread out into the 
second medium with a velo- 
city V', say. 

In the time £, say, taken 
by B to reach C, a point on 
the separating surface XY, Jet AD be the distance the wavelet from 
A travels in the second medium. Now with centre A and radius AD 
(2 V't' describe a sphere. From C draw a plane tangential to. this 
sphere and at right angles to the plane of the paper. Then CD 
represents the refracted wave-front and it travels in the direction 
AG. Thus AG, which is perpendicular to the wave-front CD, 
represents the refracted ray, and similarly, EA, which is the direction 
of the wave in air, represents the incident ray. 

Now because EA is perpendicular to the plane AB and NA is 
perpendicular to AC, LEAN= LBAC; and /DAN'- Z ACD 
(ts AN’ and AD are perpendicular to. AC and DC respectively). 

If the Zs EAN and DAN’ are denoted by i aré r respectively, 
we have, 

sini sm EAN _sin BAC. BC . AD 
sinr sin DAN sin ACD AC’ AC 


BC Et. velocity in air use ur 
AD Vt velocity in the second medium > 

Thus, the sine of the angle of incidence bears a constant ratio. to 
the sine of the angle of refraction, and this verifies the second law 
of refrection. We know that this constant is called the refractive 
index (1) of the second medium with respect, to the first. 

The incident ray EA, the refracted ray AD. and the normals 
AN and AN’ at A all lie in the plane of the paper and so they are 
in the same plane ; this proves the first law of refraction. 

197. "he Triumph of the Wave-Theory over the Corpuscular 
Theory :— By the wave-theory of light the refractive index ofa 
medium (b) with respect to another medium ta) is equal to the 
ratio of the velocity of light in the medium (a) to that in the 


Fig. 210— Reiracticn on the Wave-Theory 


medium (b). Thus, NA 
V, i 


| 
| 
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Since a ray of light is bent towards the normal when it enters 
an optically denser medium, i.e. 4/5271. it follows from the wave- 
theory. of light that the velocity of light is less in a. denser medium 
than that in a rarer one, and this fact has been verified by actual 
experiment. This is a great triumph of the Wave-Theory over the 
Corpuscular Theory according to which the velocity in the denser 
medium is greater than that in a rearer medium, 

velocity of light in air 
tt = 2 7 2133 
air water ^ velocity of light in water 
€ sa MAU j TO 
So, velocity of light in water ee er iers nair a ae 


= 2/248 x 101? cms./sec. 


As an example, 


Remember.— 

(D. Light travels 186,000 miles per second, or 

(ii) Lieht travels 300,000,000 metres per second, 

(iii) Light takes 8'3 minutes to travel from the sun to the earth, 


and (iv) Light takes 4'3 years to travel from the nearest star 
(Alpha Centauri) to the earth. 


198. Interference of Light:—Thomas Young (1773—1829), 
an English physicist, first showed that two pencils of light under 
favourable conditions can annul the effect of each other and 
produce darkness, He allowed a beam of strong light to pass 
through an opening in a shutter, This beam was made to fall on 
an opaque screen containing two narrow vertical slits situated very 
close and parallel to each other. The two narrow pencils emerg- 
ing through these slits'were received on a screen. Jt was observed 
that in the part of the screen where overlapping of the two pencils 
took place the illumination was not uniform but consisted of a series 
of bands of light with dark bands in between. What happens at a 
dark band is that the light due to one pencil is apparently destroyed 
by the light of the other pencil.» The phenomenon is known as 
interference of light. Young also obsrved some characteristics of 
the dark and bright bands so obtained. (1) As the separation 
between the two slits was gradually diminished the spacing between 
the hands increased and as the separation between them increased, 
the bands narrowed down and ultimately disappeared, (2) A 
uniform illumination on the sereen was obtained if either of the 
slits was closed. (3) If light were allowed so enter direcily 
through the slits and the first slit is removed the bands disappeared 
resulting in a general illumination on the screen. On close 
examination it has been revealed that for interference to take place 
two exactly similar sources of monochromatic light waves in 


* The destruction of light at a dark band does not mean that the 
energy there undergoes a complete annihilation in contravention of the 
law of conservation of energy. What happens is that its disappearance 
there produces the reinforcement of the light at the bright band. 
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the same phase of vibration are required. This is never fulfilled 
by two independent sources of light in a practical case. 

The phenomenon of interference of light cannot be explained on 
the Corpuscular theory but if may be readily explained by the Wave 
theory. Let A and B (Fig 211) represent two narrow sources of 
monochromatic light giving out exactly similar waves in the same 
state of vibration and suppose 
the waves of the two sources 
are received on the screen S. 
The two trains of transverse 
waves from the two sources 
are shown by the two wavy 
curves. 

Consider the cffect of the 
two sources (A and B) at the 
point X on the screen S. if 
the two trains of waves from 

Fig. 211 A and B meet at X in. the 
same phase, they will add up their effects and the illumination at 
the point will be a max mum. This will happen when the difference 
of path (BX— AX) is equal to an integral number of complete 
wavelengths. On tbe other hand. the effects of the two sources at 
X will destroy each other if this difference of path is equal to an 
odd number of half wavelengths, i.e. they meet each other in the 
opposite phase, the crest of one wave falling on the trough of the 
other, The illumination at X will then be a minimum. 


199. Explanation and Theory of Young's Experiment :—In 
Young's experiment, as we have already described, if a monochro- 
matic beam illuminates the narrow slit and if we consider a section 
of this slit in the plane of the paper it will practically be a point 
at S (Fig. 212. From this point spherical waves originate and 
finally fall on the two narrow adjacent slits, whose sections in the 
plane of the paper are the points S, and Sa. Evidently S, and S, 
lie on the same wavefront. S, and Ss, according to Huygens’ 
principle, act as secondary sources and emit fresh spherical wave- 
lets, So the phenomenon that will be Observed in this case occurs 
as a result of division of wave-front. In the space beyond 5, and 
S, the waves become superposed as shown in Fig. 212., Two sets 
of wave-fronts starting from S, and S, are shown in the figure, 
The thickline arcs represent the wave-fronts at distances 4/2, 3A[2'* 


5^ $ f : 
= etc.from:the sources whereas-the discontinuous arcs represent 


2 
the wav e-fronts at distances A, 2A, 3A etc. from the sources, Atthe 
positions where two troughs or two crests intersect, the waves 
evidently meet in the same phase and there will be reinforcement. 
These points of reinforcement are designated by cross ( X ) marks 
in the figure, Again at points shown by the black dots in the 


a rr a i gn 


VELOCITY OF LIGHT : THEORIES OF LIGHT 


247 


figure, the two waves meet in the opposite phases and as such 
there willbe complete darkness (ie destructive interference) at 


those points. So if A screen is 
placed at the position AB, 
bright fringes will be obtained 
at the points PPP and dark 
fringes will be formed at QQ. 
Though shown on a magnified 
scale, it must be remembered 
that the actual fringes are 
formed only near the central 
region of the screen and not at 
regions much away from S, 
and S,. 


200. Superposition of waves: 
—Two or more sets of waves 
may be made to cross one 
another without any one produ- 
cing any change in the other. 
At the region of crossing they 
act simultaneously and interfere 


Fig. 212 


P 
“Ae 
B 


with one another. The interference is the result of the super 
position of waves in that region and the resultant displacement in 
the region will be the algebraic sum of the individual instantaneous 
displacements which would have been produced if each of the 


wave-trains existed alone, 


Let us consider the case of superposition of two wave-trains 
of equal amplitude and wavelength, but differing in phase, moving 


in a homogeneous medium. 


The instantaneous displacements 


of the wave-trains at the region of superposition may be written as, 


Ham 
yi-asin^ 


Yo=a sin a [ct - (x 4- 8j. 


where 8 is the path difference between the two superposing 


Waves, 


The resultant displacement in that region will be the algebraic 


sum of the individual displacements and will be given by, 


V=VitVe 


à 


=a sin a (ct - x)--a sin 27 [ct — (x4-8)] 


—2a cos 2 sin ET (2 (25) 


À 


Therefore, the resultant vibration is also sinusoidal in nature 
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having the same period, but a different amplitude. The amplitude is 


given by 2a cos a This shows that the amplitude varies with 5, 


EAN SAY S357 à m5 
For 5= 2e ane) 5" 2a cos PY 0. Hence the resultarit 
amplitude is zero for such values of 6. Again for 5=0, A, 2A, 


78 
De 
the above result may: be interpreted in the following way. When 
two continuous wave-trains of the same wavelengih and amplitude 
are superimposed the resultant effect on the medium is that, at 
certain points for which the path differences of the two interfering 


waves ate 34... 
2°2 


effect; that is produced at these points is called destructive 
interference, While at other points, for which 8 —0. A, 24 - etc., 
the medium is violently disturbed producing what is known as the 
constructive interference or reinforcement, Let a monochromatic 
light of wavelength A from two sources S, and Sg superpose.on a 
particle of the medium at P (Fig. 213) 


33, „nà, 2a cos — is maximum, and is equal to 2a.. Thus 


etc, the medium remains stationary. The 


The disturbance at the point P will be dependent on two 
factors (i) the path difference of the point P from the sources 
S, and S,, and (ii) the 

$, phase difference of the two 
So) waves at the time of leaving 
p the respzctive sources. If the 

two sources are derived from 

the same source in ‘such a 


e manner that the phase differ- 
“ence at the start remains 
Fig, 213 constant for all times, i.e. if 


there is any change in phase 
of the one there will be an identical phase change in the other, 
then the disturbance at the point P will depend on the first factor 
alone, i.e. the path difference. The different values of path 
difference will determine whether the point P will be violently 
disturbed or will remain undisturbed, Thus a given point for 
which the path difference from the sources is constant will remain 
either permanently bright or dark, Since the resultant amplitude 
is 2a cos 5 the intensity will be given by 4a? cos? = So the 
intensity distribution in the superposed pattern will follow the 
cosine square law. 


201. Conditions for sustained Interference :—In order to obtain 
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a phenomenon of continuous or sustained interference of light 
following conditions are to be satisfied. 

d) The two sources should continuously emit waves of the 
same wavelength. 

(ii). The phase relation between the two sets of waves coming 
from the two sources must remain the same for all times, Le. if 
there is any change of phase in one wave, there must be an 
identical change of phase in the other, In other words, the sources 
of light waves must be coherent, 

(il) The amplitude of the interfering waves must be equal ` 
or very nearly so, 

(iv) In order to obtain an observable interference pattern the 
distance between the two: coherent sources must be as small as 
possible. 

(v) The two light waves must be in the same state of 
polarisation, « 

(vi) For complete destructive interference so that the resultant 
amplitude and hence the intensity may be zero, the phase difference 
between the two waves from the two sources must be 7, or path 


difference T E etc. For complete reinforcemont, the phase 


difference between the,two waves from the two sources must be 0 
or 27, or the path difference 0, A, 22,..... etc. ! 


Other Methods of producing Interference, — 


(1) Fresnel's Biprism.— To obtain interference, a single source 
of light is here used to produce two virtual images by refraction, 

(2) Lloyd’s Single Mirror.— Interference is obtained by the 
reflection of a single light source producing two virtual images, 

(3) Fresnel’s Double Mirror,-Similar to the method (2) 
above, z 

(4) Billet’s Split Lens.— To obtaind interference, a single 
source of light is used to produce two real images by refraction. 


202. Fresnel's Biprism:—To obtain two coherent sources 
Fresnel used a biprism ABC (Fig. 214), The angle B of the biprism 
is highly obtuse, i.e. about 178°. Necessarily the refracting angles 
A and C are very small. So the biprism ABC may be considered 
to be made up of two thin acute angled prisms with their bases 
placed together. S is the source of light, usually a fine slit 
illuminated by a sodium flame, Light from the source is allowed 
to be divided into two pencils by refraction and these are then 
allowed to recombine. The two virtual images, S, and S, of the 
source S serve as two coherent sources which will produce inter- 
ference in the overlapping region BMDENB. So a screen placed 
anywhere in this region or an eye-piece placed in this region would 
receive the fringes, which are non-localised. XY is the screen on 
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which DOE is the region where two beams overlap. So inter- 
ference fringes will be observed in this region. O is thecentral point 
which is equidistant from S4 
and Sp and the waves from 
them reach O at the same 
time and hence in the same 
phase. Therefore, O would 
be the position of a bright 
band, known as the central 
bright band. As we proceed 
both ways from O, we alter 

Fig. 214 nately get dark and bright 
bands due to the change of path difference, When the path 
difference is nà, we get the nth bright band and when the path 

A 


difference is (n+l); we get the nth dark band. These fringes 


may be conveniently seen with the help of an eye-piece fitted with 
a Cross » ire. 


To find an expression for the is 
width of a fringe let us proceed 1 
as follows : 48; E 

In Fig. 215, where XY repres 1 } H 
sents the screen and S,, S, the A d 
two virtual sourecs, bisect S, Sa B 
at Sand draw SO perpendicular — * *#--------.--— SENI UB F. 
to $,S, to meet the screen at O. b 
Let S, S,=a=2d and SO=D. Fig. 215 


It is obvious from the diagram that O is equidistant from S,, Sy 
and as such the central bright band will be situated at O. Next 
let us consider the effect at P where PO=x. Join S,P and S.P. 
The path difference between the rays reaching P from S, and 
Sa is S,P- S,P. 


Now, S;P?* — D? - (x d) S,P?— D? 4 (x - d) 
JS Sg? - S.P - (x-E d)? - (x— d - Adx- 2ax. 
. -Spe 20x. 
MS ATE TR 


Now S;P-- S,P—2D 
SPES P= -F (approximately). 


If we suppose that the nth bright band is situated at P then. the 
path difference S;P.— S,P will bz equal to na. 
.. Wet get, 
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where x, denote the distance of the nth bright band from the 
centre, 
Similarly, for the (n+1)th bright band, we have, 


pando 
D n+1) 


From these two equations, 
Xn Xu DÀ 
Hosp cun =À; Of, Shii n= poi, (say). 


This equation gives the distance between any! two consecutive 
bright bands. This equa- 
tion also provides us 
with a convenient and 
direct method of deter- 
mining the wavelength 
of light, (x,,,—x,) can 
be easily measured with Fig. 216 
a micrometer eye-piece i 
fitted with a cross-wire. Therefore if D, and a be known A can be 
easily determined. 

Experiment.— The experime 


nt can be conducted on a suitable 


optical bench along the bed of which uprights carrying the slit, e 
biprism and the eye piece fitted with a micrometer screw ani 
cross-wire can slide. The slit is illuminated with à LAMB ie 
light (Fig. 216). By adjustments, the slit S, the edge o e 
biprism P and one of the cross- wires of the eye-piece E are S 
perfectly vertical and all in the same horizontal plane and at t : 
same height from the bench. The fringes are then seen Ve 
the eye-piece, The eye-piece is now moved along the bench me 
the biprism and the cross-wires are adjusted in such a way po 
there is no relative shift between the t V fringeas the 
eye-piece is brought nearer to or away from the siit. ; 

à The Rise is then made coincident with a bright band and 
the micrometer scale reading noted. It is then shifted at right 
angles to the bench and is made to coincide with another bright 
band. The reading of the micrometer scale is again noted. From 
the difference between these two readings and the number of inter- 
vening bands crossed, we get the distance between the consecutive 


bright bands. y à 
D can be easily measured from the difference of the readings 
he eye-piece and the slit. 


of the optical bench corresponding to t ; i 
However, the necessary corrections for the index error aie to be 


made. ; 
Next a convex lens L, of suitable focal length is placed on 


another upright between the eye-piece and the bprsm. The 
distance between the slit and the eye-piece should be at. east four 
times the focal length of the lens. There are two positions of the 
lens for which real images of S, and S, will be seen in the eye- 
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piece kept at the same place. If a, and 44 be the distances between 
the real images of S, aud S, for the two positions of the lens, then 
a= Vd, ds. 

Thus D, a and p, the distance between any two consecutive 
bright bands, can be easily determined. From these values, the 
wavelength A of the light used can be calculated. 


The distance between the two virtual sources S, and S5 can 
also be measured from a knowledge of the refracting angle « of 
the biprism. Since each of the constituent prisms of the biprism 
is thin, the deviation produced in a Tay is given by, à—(u- 1)«, 
where 4 is the refractive index of the prism material. The two 
virtual images of S are deviated by double this amount. As shown 
in Fig. 214 Z S,BS,—0—23. 

=. O=2u-—1)x 


Now since S,S,(=a) is small J= =u- 1) «, where Lis. the 


distance between the slit and the biprism. 

or, a- 2l(u—- 1)«. 

Hence from this relation knowing I from the optical bench and 
^ and « from auxiliary spectrometric measurements, a can be 
found out. 

White Light Fringes :— We have already seen that the distance 
of the nth bright fringe from the centre is given by, 


Dm 


tar aie 


a 


i For the central band, X,=0, for all the wavelengths of white - 
light. Thus the central band will be white for white light. At 
Some position off from the centre, where the condition of darkness 
is satisfied for a particular A, the condition of brightness may be 
simultaneously satisfied for some other A. So with white light the 
Central region will be white and on either side of it we shall get 
coloured bands over a comparatively small region beyond which 
there will be a general illumination due to overlapping of the 
differently coloured com ponents 


203. Diffraction of Light :—If light travels in straight lines in 
a homogeneous medium we should expect that ifean Opaque obsta- 
cle be placed in the path of a beam of light diverging from a small 
source, the boundary of the geometrical shadow must be sharply 
defined. On closely examining the boundary of an actual geometri- 
cal shadow it is, however found that the boundary appears to be 
broken up into alternate bands of maximum and minimum bright- 
ness The explanation can be found from the wave theory, Waves 
can bend round the edge of an obstacle and the amount of bending 
depends on the side of the obstacle relative to the wave-length but 


“sentra 


Diffraction bands outside shadow 
of a straight edge 
Fig. 217 
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the phenomenon does not depend on the nature or shape of the 
edge of the obstacle. The phenomenon is a consequence of the 
wave nature of light and is known as diffraction of light. The 
phenomenon “occurs on account of the interference between the 
secondary wavelets of the original trains of waves Fig. 217 shows 
the diffraction pattern at the boundary of an obstacle with straight 
edge Mark that in the pattern the light slowly fades away into 
complete darkness within the geometrical shadow, but outside the 
geometrical shadow the light shows itself as alternate bands of maxi» 
mum and minimum brightness, These bands, known as diffraction 
bands, unlike interference bands, are bands of unequal width. 

204 Polarisation of Light :—1f light passes through a crystal 
of tourmaline (or any crystal of similar property) it can be trans- 
mitted or stopped by another such crystal if the Jatter be placed in 
a particular position relative to the former. 

In Fig. 21*(a) a beam of light has been shown to pass through a 
plate of tourmaline crystal A. The light emerging from it remains 
practically unchanged in appearance. 1f the emergent light is 
allowed to traverse a second plate of tourmaline B oriented 
similarly as the first, the final emergent beam does not undergo any 
change in appearance. If the second plate is slowly turned about 
the incident beam, the light now emerging from it diminishes in 
intensity. When the two plates are crossed, i.e, perpendicular to 
each other, the emergent beam is entirely cut off. This is because 
the light on passing through the first plate becomes plane: polarised, 
i.e acquires one-sidedness. This. is referred to as polarisation. 

Fig. 218(b) represents the mechanical analogue of the ‘above 
experiments Transverse vibrations in all directions have been 
set up inarope stret- 
ched horizontally. If 
the rope is unres- 
tricted in .all. direc- 
tions, the waves will 
pass along un- 
obstructed. If how- 
ever, the rope is 
taken through, a 
vertical slit as shown 
in the analogue the 
string will be able 1 
to vibrate in the La 
vertical plane only, 
the horizontal com- 
ponent of the vibra- 


tion being stopped. (b) 
This means that the 
vibration will be Fg. 218 


plane-polarised in one direction. If a second vertical slit be 
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placed in front, this plane polarised vibration will pass through 
unaffected, But if the second slit be inclined with respect to the 
first, not the whole of the plane polarised vibration but only a 
component of it will pass through. Fina ly when the second slit is 
in the cfossediposition, as shown in the figure, no part of the plane 
polarised vibration will pass through it. 

If the vibrations were longitudinal, and not transverse, i e, 
inherently symmetrical about the direction of travel, any inclina- 
tion of the second slit with respect to the first would not have 
affected the vibration of the rope at all. 


It is believed that vibrations in natural light are transverse in 
character, the plane of vibration changing many times in a second, 
On passing through the first tourmaline plate, the vibrations 
become restricted to one plane only, i.e. the light becomes plane- 
polarised. That is why the first plate is usually referred to as a 
polariser. The second plate is called, an analyser, because by 
rotating it about the beam we can know from the intensity of the 
emergent beam whether the beam incident on it is polarised or not, 
A tourmaline plate, as is evident may be used as a polariser as 
well as an analyser. By being reflected from a plane surface 
light also become partly polarised. 


Both longitudinal and transverse waves can give rise to the 
phenomena of reflection, refraction, interference and diffraction, 
The phenomenon of polarisation, however, definitely points to the 
conclusion that light vibrations must be transverse to the path of 
propagation of the waves. 


"Optic axis and principal section of a crystal.— Fig. 219 shows a 
erystal of iceland spar, a rhombohedron bounded by six parallelo- 
grams. Two of the diagonally 
opposite corners a and b of 
this crystal are formed bythree 
Ob'ruse-angled faces. A line 
drawn through a or bso as to 
be equally inclined to thethree 
bounding faces is called the 
optic axis of the crystal. A 
plane passing through the 

b Optic axis and normal to any 

Fig. 219 „of the plane faces iscalled a 

principal Section or principal plane of the crystal. A plane perpen- 
dicular to the principal section is called a normal seciion. 


Double refraction.— Crystals of calcite or iceland spar (CaCO), 
quariz (SiO), mica, etc. possess the property of double refraction, 
That is, a ray of light in passing through a plate of such a crystal 
becomes split up into two rays. One of these refracted rays, called 
the ordinary ray, obeys the laws of refraction, while the other 


a 
$ D 
; 
H 
i 


= 


ar = PE A 


pore TT 


VELOOITY OF LIGHT : THEORIES OF LIGHT 255 


refracted ray does not, So the latter is called the extraordinary 
ray. An object viewed through such a crystal appears doubled, 
Both of these refracted rays are plane-polarised. The vibrations in 
the ordinary ray take place in the normal plane and those of the 
extraordinary ray in the principal plane, A ray passing in the 
direction of the optic axis does not get split into two. In the case 
of tourmaline which is also a double refracting crystal, the 
ordinary ray gets rapidly absorbed by the crystal while the extra- 
ordinary ray becomes transmitted, 


Nicol’s Prism.—It is a rhomb of 
calespar crystal whose length is three 
times the width. It is cut into two 
halves through its obtuse-angled corner 
along a plane perpendicular to the prin- 
cipal plane (Fig 220). The two halves 
are cemented together by canada bal- 
sam. This cement has a refractive index Ó 
Jess for the ordinary ray than for the 
extraordinary ray as compared to the 
refractive indices of the crystal for these 
rays. Asa consequence, the ordinary 
ray O undergoes total reflection at the 
balsam and gets lost to the side while 
the extraordinary ray E passes out 
through the prism. Thus a doubly 
refracting crystal is effectively transfor- 
med into a producer of plane-polarised 
beams or an analyser. 


205. The Theories of Light :—The simple Wave-Theory of 


Fig. 220 


. Huygens and Fresnel, and the Newtonian Theory of Corpuscles are 


by themselves no doubt simple postulates attempting at elucidating 
the ultimate nature of light, but from their very nature they are 
too simple and just too inadequate. They actually proved so in 
course of time with the discovery of new facts in the realm of heat, 
light and electricity. Just as this is true on the one haad, on the 
Other hand we have again no systematic new simple theory which 
successfully applies.to ali those diverse facts. We are, however, left 
with rwo theories, which are modifications on the old, and they are 
until now running side by side in a bid for supremacy which is still 
undecided. 

(1) The Electromagnetic Theory of Light.—We owe to James 
Clerk Maxwell for this theory. It has resulted from some _ mathe- 
matical deductions which he formulated and which were confirmed 
by later experiments, such as by Hertz, Sic J. C Bose and others, 
The theory, in simple, is this that when a radiation, whether visible 
or invisible, travels in space, it really consists of two periodically 
varying intensities, one magnetic and the other electric, the two 
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being mutually at right angles to each other in a plane perpendi- 
cular to the direction of propagation of the radiant energy, both 
travelling with the velocity of about 186,000 miles per'second. 
Light. waves, according to this theory. are, therefore,—electro- 
magnetic waves, They are transverse electromagnetic waves, the 
electric and magnetic and magnetic vectors referred to above being 
at right angles to the direction of propagation of the radiation. 
The electromagnetic theory of radiation isin conformity with the 
Newtonian mechanics, and is commonly referred to as the classical 
theory of radiation. 


(2) The Quantum theory.—According to the electromaenetic 
theory, a body whether it emits radiation or absorbs it, does so 
continuonsly, the amount depending on the temperature. Though 
the electromagnetic theory seemed to be firmly entrenched towards 
the close of the nineteenth century in view of its comparative 
success in explaining many outstanding facts in our physical 
sciences, the above noted fundamental feature of it could not be 
reconciled with certain aspects of distribution of energy in the 
emitted spectrum of ahot body. The problem which it failed to 
answer is that it is experimentally found that the energy associated 
with the different parts of a spectrum is different, rising to a 
maximum at certain wavelength for each tempétature. To explain 
such phenomena, Max Planck in Germany proposed a revolutionary 
theory in 1900, called the Quantum Theory. According to his 
theory. a body absorbs energy, not continuously as assumed in the 
electromagnetic theory but in bundles or units whose sizes are 
dependent on the temperature. This was, therefore a modification 
of the Corpuscular Theory—a modification because here tbe size of 
the energy particles is a variant dependent on the type of the 
radiation. Such units of energy Planck called quanta of energy. 
Einstein later assumed a similar idea in the case of emission of 
radiation, The quantum theory of radiation, therefore covers both 
the acts of emission and absorption of radiant energy. The energy 
e associated with a quantum is proportional to the frequency v of 
radiation and is given by, e=hv, where his a universal constant, 
called the Planck's constant (6:554 10°27 ergs-secs), Thus the 
energy, whether emitted or absorbed by a body atagiven tempera- 
ture, cannot be any amount of energy but must be an integral 
multiple of a fixed quantum, the multiple being greater the greater 
the frequency of radiation, ie. the smaller the wavelength of 


radiation (ef. v=.) For example, the energy associated with X- 


rays will be greater than that of visible light. The theory has met 
with spectacular success in explaining the facts about atomic struc- 
ture, spectra, emission of electrons from metals, and, in fact, most 
of the phenomena connected with interaction between matter and 


energy. 
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Comments.—On the whole it appears that the phenomena like 
refraction, interference, diffraction, and polarisation lend them- 
selves for easy explanation in terms of the electromagnetic wave 
theory, but the quantum theory becomes invaluable if any pheno- 
menon concerning interactions between energy and matter, suc! as 
in the production of the different kinds of spectra, photo-eleztric 
emission, etc. is to properly understood. Our’ present knowledge 
is limited to-day to this dual aspect of radiant energy, the wave 
aspect and the particle aspect, often combined in one as the wavicle 
theory. How energy can behave as corpuscles and also as waves 
under a different set of things is embodied in a new branch of 
Physics, called Quantum Mechanics, a subject which is beyond the 
scope of this treatise, 


206. Olaus Römer (1644—1710):— He was born at Aarhus, 
Denmark, where he studied Science and Mathematics, He was 
employed at the observatory in Paris where, from bis twenty-eight 
to his thirty-seventh year, he engaged himself in observing the 
movements of the satellites of Jupiter which Galileo previously 
discovered. From this work he discovered for the first time that 
light has a finite velocity which he actually calculated. His view 
met with a severe opposition 
which resulted from Descartes’ 
opinion that propagation of 
light is instantaneous. Huygens 
and Newton, however, effec- 
tively supported him. 
Bradley's discovery of aberra- 
tion and the direct determina- 
tiin of the velocity, of light 
over terrestrial distances by 
Fizeau proved beyond doubt 
the correctness of his conclu- 
sions afterwards. 


In 1681 he returned from 
Paris to Denmark where he 
became the Director of the 
observatory, and finally the 
Burgomaster of Copenhagen. 
The credit for the general 
introduction of the telescope 
as a means of astronomical —. 
measurements should chiefly Oalus Romer 
go to him. The Meridian 
Circle, now-a-days indispensabl 
invention. 

207. Albert Abraham Michelson (1852—1931) :—He was born 
in Germany and educated there. His attempt to determine the 


von, m (L)—17 


e in an observatory, is also his 
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motion of the earth with respect to ether is an important experi- 
ment which he carried out in 1880 at Berlin. The result was a 
negative one. He performed a more delicate experiment with 
Prof. Morley at Cleveland. With an ‘interferometer’ devised by 
him, and which bears his name, the wavelength of light can be 
determined very accurately. In 1893 he determined the number 
of wavelengths of red cadmium light in a length of a standard metre 
and he thus succeeded in defining the unit of length in terms of 
wavelength of light. He systematically engaged himself till the 
last day of his life in improving the methods for the determination 
of the velocity of light. A high resolving power spectroscope, 
known as the Echelon Speciroscope, is also due to him. He won 
the Nobel Prize for Physics and Copley Medal of the Royal Society 
of London, He died in 1931. 


Questions 


1. Describe Rómer's method of determining the velocity of light, 
What is its value? What is the velocity of light in vacuum ? 
(C. U: 1944, '50; Pat. 1932) 


i vel. of lieht in vacuum € 

[Hints. ekale iaar oe Hair=1-00029} 

2. Describe an apparatus which can be fitted up in a laboratory for 
determining the velocity of light. Does the velocity of light depend upon 
the nature of the medium? Do you know of any optical property of a 

medium to which the velocity of light can be related ? (Pat. 1935) 

[Hints—The refractive index of a medium is related to the velocity 
ef light in that medium.) 

3. Describe, with a neat sketch, a terrestrial method of determining 
the velocity of light. (C. U. 1956) 

... 4 Describe Fizeau's method of determining the velocity of light. 
Explain the principle and give a diagram of the apparatus. 
(Pat. 1920; R. U. 1949) 

&. Describe Foucault’s method of measuring the velocity of light. 

(R. U. 1946 ; A. B. 1952) 

6. Give reasons for the statement that light travels in straight line 
with a finite velocity. 

7. Show how the laws of reflection and refraction of a parallel pencil 
of light at a plane surface may be deduced from the wave theory. 

è (C. U. 1934, *37 ; Dac. 1941) 

8. Explain how the refraction of light is accounted for on the wave 
theory and point out the physical significance of the refractive index 
of light. (C. U. 1945 ; cf. C. U. 1952) 


9. Prove that at a plane surface of separ&tion between two media B = 
1 2 


where vı and v:are the velocities of light in the two media, ani i and r are the 
angle of incidence and refraction respectively. (Dac. 1942) 
10. Refractive index of water is 1:33. The velocity of light in 
vacuum is 3X10* kms. per sec. Find the velocity of light in water. 
(Dac. 1941) 
[Ans. : 2-26X10' kms. per sec.] 
11. Show that the observed facts regarding the refraction of light 
coupled with those relating to the velocity of light in different media do 
not support the corpuseular theory of light. (C.. U. 1951) 


PART V 
MAGNETISM 


CHAPTER I 


Natural and Artificial Magnets: 
Magnetic Induction 


1. Natural Magnets :— í 4 

A dark-coloured ore, composed of iron and oxygen (FesO,), called 
Magaetite, first discovered in Magnesia in Asia Minor, was known from 
ancient times tə possess the following two characteristic properties— 


(i) Attractive property.—When dipped into filings of iron, a lump 
of magnetite picks up some fillings chiefly at the two ends. 


(ii) Directive Property.. —When suspended at the end of a fine 

thread so as to turn freely, a bar of magnetite oscillates to-and-fro and 

. finally comes to stay with its two ends always directed along the north 
and the south approximately. 


This direative property was used by the ancient sailors to guide the 
course of ships on the sea. Hence they called magnetite a lode-stone, 
which means a leading-stone. The word magnet, which means a body 
possessing attractive and directive properties, owes its name to the 
magnetite, which was the forerunner of it. fut 


A natural magnet may be defined as a substance which ocours in 
nature as an ore and possesses attractive and directive properties. Such 
substances are found in many placeg, e.g. Canada, Finland, Norway, the 


Urals, ete. 


In ancient times, there were different stories sbout the discovery 
of magnet. It is'said that ab Crimea in the Asia Minor, one day when 
a shepherd, called Magnes was tending his sheep on the Mount Ida, his 
iron stick and the shoes under which there were iron nails were stuck to 
a stone. Perhaps, this kind of stone was called magnet from his narae— 
Magnes. Pliny described that the roof of a temple at Arsinoa was made 
of magnetite, where the iron statue of the queen was seen to be hanging 
in air. This is only proverbial, the truth in it is to be disclosed by the 


historians. 
2. Artificial Magnet :— 


Natural magnets like the lode-stone are irregular in shape and have 
weak attractive and directive properties. These two properties, cau 
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however, be very strongly developed in some metals or alloys. Such 
an act of imparting the properties of a natural magnet to a body is 
called magnetisation. Magnets so prepared, called artificial magnets, 
are commonly found in the following types :— 


(i) The Bar-Magnet.—This is a bar of uniform cross-section, 
rectangular or circular. Two such 


N f bar magnets placed side by side, 
with opposite polarities towards the 
fame end, haying two cross-pieces 


à (called keepers) placed on two ends, 
Fig. 1—The Bar-Magnet is shown in Fig, 1. 


(ii) The Horse-shoe Magnet.— 
This is a magnet bent so as to resem- 
ble a horse-shoe. The speciality here 
is that the two ends haye been 
brought close together ( Fig, 9), 


(ii) The -Magnetic needle.— Fig. 2—The Horse-shoe 
This is a short and thin strip of Magnet. 
maguetised steel (or a suijable alloy) having two pointed ends. 
This is balanced horizontally in the 
N S. middle on a point about which it can 
freely turn (Fig. 3). 


(iv) Ball-ended Magnet—It is a 
modified form of a bar magnet of cir- 
cular cross-section ending in two balle 
(Fig. 4). Its speciality is that the two 
polarities sre localised at the centres of 
the two balls. 


Fig. 3—The Magnetic N.B.—Besides the above well-known 
Noodle. forms magnets are found in other 

shapes as well, .€.g. ring magnets, etc. Sometimes specially 
Shaped  pole-pieces are fitted on E 
. to the two ends to produce desired ; 
- fields in a confined space, : T 


3. Some Definitions— 


Pole.—If a magnet be dipped ge X 
into iron filings, some filings are Pigs A Polen Me 
bound to adhere chiefly at two regions near the two end&of the magnet. 
These two regions of a magnet, where the attraction appears to be 
the strongest, are generally termed its ‘poles’, The nature of the cluster 
of iron fillings that are picked up by a magnet, shows that the ‘pole’ 
property really extends over quite a large region at each and. Esch 
part of this region experiences an attraction or repulsion, as the case 
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may be when another magnet is brought near; and the line of action 
of the resultant of all these individual forces always passes through one 
point. Sofor all practical purposes, we regard each pole as being 


concentrated at a point somewhere near but not exactly at the end of . 


a magnet, just as we regard the mass of a body as being concentrated 
atits centre of gravity. These two points are referred to as the poles 
of a magnet, 


The attractive power of a bar-magnet along its length.— 
The change of the attractive power of a bar-magnet along its length 


may be invesigated very simply as follows: Place the magnet ona. 


sheet of paper and draw its boundary. Take a soft iron ball and hang 
it from a spring balance, From one end of the magnet to the other 
touch the ball at the magnet and find out from the balance what pull 
(or force) i3 necessary at each point to detach the ball from the, magnet, 
Representing the force on the ball at different parts of the magnet by 
the height of perpendiculars drawn at those points a distribution curve 
will be obtained as shown in 
Fig. 5. The pull, i.e, the 
attraction will be found to be 
the, maximum near about (but 
not exactly at) the two ends 
and minimum or nil at the 
middle, 


If the magnet be suspended 


by 8 thread so as to be free to 
turn in a horizontal plane, one - POLE MAGNETIC AXIS; POLE 
end of it always points towards - Fig. 5 


the geographjcal north, and 

the other towards the south. The pole which points towards the 
north is called the north-seeking pole or north pole, and the pole 
which points towards the south is called the south-seeking pole or 
south pole. 


Magnetic Axis :—The straight line that joins the two poles of a 
thagnet is called its magnetic axis. 


Neutral Region.—On examining the cluster of iron filings picked 


up by a magnet, it is found that the maximum quantity of filings sticks | 


atthe ends and there is s rapid decrease towards the central part ' 


where there are practically no filings. This shows that a, magnet hag 
no attracting power at the middle. ‘This is also shown by the graph 
in Fig. 5 which represents the variation of the attractive power of the 
magnet along its length. If a belt be imagined round the magnet at 
its centre normal to the magnetic axis, no attracting power will exigt 
in this belt and so it is known as the neutral region. 
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If a line is drawn in the outline of a magnet transvarsely to the 
magnetic axis of the magnet at the neutral region, ie. where the 
magnet has no attracting power, the line is called neutral line of the 
“magnet, 


Effective Length of a Magnet.—It is the distance between the 
poles of the magnet. In a good magnet the effective length is also 
called the equivalent length, magnetic length, or simply the length of 
the magnet. In a good magnet, the effective length is about 85% of 
the length of the magnet. 


Magnetic Meridian,—It is an imaginary vertical plane passing 
through the magnetic axis of a freely suspended magnetic needle placed 
at a place, t.e. it is a vertical plane containing the direction of the 
earth's magnetic field at a place. 


Geographical Meridian at a place is an imaginary vertical plane 
passing through the given place and the geographical axis of the earth, 
i.e. it is the vertical plane, imagined st the given place, containing the 
geographical north and south poles. 


4, The Laws of Magnetic Atiraé- 
N SN tion and Repulsion;—If the north 
pole of a bar-magnet be presented to, 
the north pole of a magnetic needle, 
repulsion takes place, but, if presen- 
ted to the south pole of the magnetic 
needle, there will be attraction 

s (Fig. 6). The result is stated as— 
Like poles repel and unlike 

poles attract. y 


5. The Earth as a Magnet :— 
A magnetic .needle, or a bsr-ntagnet suspended horizontally at its 
centre of gravity, invariably sets itself in a particular direction, with 
its magnetic axis pointing approximately along the north and south of 
the earth. Such behaviour of a magnetic needle indicates the exist- 
enca of a terrestrial magnetic field. From such observations and 
other considerations, the earth is regarded as a hugs magnet having 
its south magnetic pole somewhere near the north geographical pole, and 
north pole nsar the south geographical pole. As the result of interaction 
batween the earth as a magnet and any other magnet which is. free to 
move, the latter always tends to get itself parallel to the magnetic axis 
of the earth, For uniformity of nomenclature, the true south magnetic 
pole of the earth is conventionally called its magnetic N-pole, and the 
true north magnetic pole is called its magnetic S-pole. Thus the 
geographical N-pols and the magnetic N-pole of the earth, according 
to this nomenclature, are near each other. For further studies on 
terrestrial magnetism refer to Chapter IV. . 


í 


Fig. 6 


- 
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6. Methods of Magnetisation:—(a) Magnetisati 
Magnets (Mechanical method) :— . video ure 


(i) Method of Single 
Touch.—A specimen AB to be 
magnetised is placed on the 
table and one end N of a bar- 
magnet is placed on the end 
A LFig. 7(a)] of the piece and 
then drawn to the other end 
B, keeping the magnet in an 
inclined . position, as shown in 
the figure. The magnet is 
then lifted and the process is 
repeated several times, always 
beginning from the end A and 


Fig. T(a)— 
Method of Single Touch. 
ending in B. AB will then be:magnetised having polarity at B 
opposite to that of the stroking pole. 
(ii) Method of Divided Touch.—The specimen to be magne- 


tised is placed on the table 
(Fig. 7(b)]. The opposite poles 
of two bar-magnets are placed 
together at the middle of the 
specimen and the two are 
drawn towards the opposite 
ends of the specimen keeping 
the magnets inclined, as in - 
Fig, 7(b)—Method of Divided Touch. the last experiment, The 
operation is "repeated several 
times always beginning at the middle. The bar is then turned over, 
and the other side is also magnetised in the same way. Polarities 
developed at the ends of the piece are of opposite nature to that of 


the stroking poles. 

The magnetisation produced becomes stronger, if the two ends of 
the specimen be supported on the two poles of two other magnets, 
the poles of each being the same as that of the stroking magnet 


over it. 

(iii) Method of Double 
Touch,— This method is 
almost the same as the 
method of divided touch ; the 
only difference is thata piece 
of wood or cork is placed 
between the opposite poles 
of the rubbing magnets 
[Fig. 7(c)]. The magnets 
are then moved together 
from the middle to one end 


Fig. 7(c)—Method of Double Touch. 
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-of the specimen, then back to the other end and finished at the middle. 
This is repeated several timer. 


The polarities developed on the ends of the piece are of opposite 
nature to that of the nearer stroking pole. For strong magnetisation, 
the specimen is mounted on two bar-magaets as suggested under 
"divided touch’. 


(b) Magnetisation by Electric Current.—Suppose a rod is to be 


A B 


| 


Fig. T(d)—Magnetication by Electric Current. 
By The rod is placed within a thin-walled glass tubing or a 


zef LUE 


Fig. 7(e)—Magnetisation by Electric Current. 


eard-board cylinder having a spiral of insulated copper wire wrapped 

round it [Fig. 7(4)] The rod will be magnetised, if a strong eurrent 

` is passed through the coil. The end where the current flows in a counter- 

clockwise direction when looked at from that end, will be a north pole 

and the other end a south pole (Fig. 8). Ifthe rod be steel, then the 

magnetisation developed in it will 

be permanent; if it be of soft iron 

it will be a strong magnet as long 

as the current passes, bub will 

almost completely lose its magne- 

tism as soon as tbe current is 

rdi stopped. This is known as the 

principle of the eleetro-magnet (vide Art. 16 Part VII). Fig. 7(e) shows 
two common types of electro-magnets. 
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Strength of the polarities developed will depend on the quality of 
the specimen, and the number of turns per unit length of the coil times 
the strength of the current (Ampere-turns). uM 


(c). Magnetisation by Earth's Induction—A soft iron rod can be 
magnetised by the earth s magnetism, it it is placed for a few days 
parallel to the direction of the magnetic meridian, the end pointing 
towards the north acquiring north: polarity. The magnetisation 
acquired will, however, be very feeble. The method may be hastened 
by gontly striking the rod with a wooden hammer from time to time. 


Again, the bar may be miagnetised, if ib is kept in a vertical 
position ; in the northern hemisphere it will be found to be magnetised 
such that the top end will be south and the bottom end the north 
pole, This is due to the inductive action of the earth, which behaves 
as a huge magnet with its south magnetic pole near the north geogra- 
phical pole &nd the north magnetic pole near the south geographical 
pole (vide Ch, 1V). í 


7. Consequent Poles:—Due to faulty or irregular process 
followed in magnetisation s magnetic substance may acquire similar 
polarities at the ends and opposite polarities in the middle or additional 
free poles in between, besides the polarities at the ends. Thus, if similar 
. poles of two magnets are used as the stroking poles in the methods of 
divided or double touch two oposite poles will be produced at the 
two ends and two similar poles will appear in the middle. If a very 
strong pole is made to touch any part of a weak magnet, an opposite 
polarity will be localised there. Such irregular polarities other than 
those at the two ends of a magnot are referred to as consequent poles. 
They are, however, short-lived. 


8. Magnetic Saturation :—The degree of magnetisation developed 
in a piece of substance depends on the magnetising force and the 
quality of the substance. But there is a maximum limit to the magneti- 
sation which can be acquired by s magnet, however, much the 
magnetising force may be increased. The substance is said to be 
magnetically saturated when that maximum limit of magnetisation is 
reached. - jJ 


9. Magnetic and non-magnetic Substance :—All substances are 
acte1 upon more or less, when placed in s strong magnetic field, In 
ease of most of the substances, it should be noted thatthe effects 
cannot be easily detected. A few substances like iron, nickel, cobalt, 
manganese and some alloys, called ferromagnetics are, however, 
attracted even by & weak magaet. These substances are used for 
preparing permanent magnets. Though msguetism is a universal 
property of all substances, particularly the ferromagnetica are com nonly 

. galled. magnetic substances because of their very pronounced magnetic 
properties, All other substanges besides the ferromagnetics are 
ordinarily classed as non-magnetics, The subject of magaetic qualities 
of substances has been dealt with in more details in Art. 28. 
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10. A Permanent Magnet and a Magnetic Substance A 
magnetic substance is one which is attracted by magnets and is capable 
of being converted into a magnet. Nickel and cobalt, which are also 
magnetic substances besides iron, resemble iron in their magnetic 
behaviour but to a lesser degree. 


Many alloys, such as tungsten steel, Cobalt-chrom-steel, permalloy, 
Cobalt-steel, mumetal, Alnico, etc. haye. been prepared in recent years, 
which possess the qualities of a magnetic substance to a far greater 
degree than in case of iron, nickel, etc. 


A magnetic substance, which has been magnetised and has got 
a permament polarity at each end of it, is known as a permanent 
magnet. It retains its magnetism for a long time. 


Difference between a Magnet, a Magnetic Substance,— 


(i) A freely suspended magnet always points towards north and 
south, but a magnetic substance, when similarly suspended, points in 
any direotion ; that is, permanent magnet has definite poles, whereas a 
magnetic substance has no poles of its own. A magnetic substance can 
have only induced polarity. 


(ii) A magnet attracts magnetic substances, but a magnetic 
substance has got no such property. 


. (iii) Ifa pole of a magnet be presented to the poles of another 
suspended magnet, there will be attraction in one care and repulsion 
in another. A magnetic substance, when presented to the suspended 
magnet, will be attracted by both the poles. 


11. How to distinguish between a Magnet, a Magnetic substance 
and a Non-Magnetic substance :— i 


(i) When an auxiliary magnet is supplied, one end of it is touched 
to both ends of the three specimens successively. The one for which 
there is attraction at one end and repulsion at the other is the magnet, 
The other for which there is attraction at both ends is the magnetie 
substance. The third, which is unaffected, when the magnet is pre- 
sented to it, is non-magnetic. 1 


(ii) When no auxiliary magnet is supplied, but a thread is avail- 
able by which the specimen can be freely suspended at the centre, 
one after another, it is easy to identify the magnet ; for amongst the 
three, only the one which is the magnet will always ret itself ina 
particular direction (magnetic meridian), when so suspended. The 
other two will point to any direction in which they are suspended, 
Knowing the magnet in this way, it is then used to distinguish between 
the other two, as in (;). E 

(iii) When no auxiliary magnet or suspending thread is available, 
ie. when no external helping agent is to be used, ore of the speci- 
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mens is taken and one of it is successively presented to the middle 
point of the other two. The experiment is repeated, taking the other 
specimens too one after another. There will be one case only in which 
there will be attraction and in other cases there will be mo attraction, 
In the case of attraction, the specimen whose end is presented is the 
magnet, and whose middle part is touched at is the magnetic substance, 
The third specimen is non-magnetic. This is because the pole of a 
magnet can attract any region of a megnetic substance only. whereas 
at the middle part of a magnet, which is a neutral region, there is no 
attraction. 


12. Magnetic. Induction :—A rod of soft-iron will ordinarily 
have no action on iron filings placed in contact with it, but, if a 
magnet be made to touch, or brought near, one end of the soft-iron 
rod, the filings will cling to the other end of the rod. On removing 
the magnet the filings will immediately fall off, showing that the soft- 
iron rod was only temporarily magnetised by the influence. of the 
magnet. 


Such phenomenon in which temporary magnetism is developed in a 
magnetic substance by the influence of another magnet, with or without 
actual contact, is known as magnetic induction, 


Inthe above experiment the soft-iron rod is magnetised by the 
inductive influence of the magnet, and the iron filings adhere to the 
Boft-iron rod due to induced magnetism acquired by it. 


The magnet under whose influence magnetism is developed im 
soft-iron bar is called the inducing magnet. 


12. (a) Nature of Induced Polarities :—A pivoted magnetic needle 
is taken and one end of a soft- 
iron ber (Fig.9) kept on a 
suitable stand P is placed near 
the north pole of the needle m 
so as to be in tke same hori- 
zontal plane with it. The 
pole ig attracted to the bar. If 
now the north pole ofa bar- 
magnet (which does not affect 
the needle directly from that 
distance) be brought near the ig. 9 
other end of the bar, the needle 
is repelled. So, by induction a N-pole must have been produced at the 
end of the soft-iron bar near the needle and a S-pole at the other end. 
This shows that by induction opposite polarity is created at the end 
near the inducing pole and a similar polarity at the far end of a 


magnetic substance. 
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Thus the soft-iron bar is conyerted into a temporary maget whose 
magnetism will last as long as if is near the permanent magnet, but the 
bar will lose its magnetism as soon as the permanent magnet is removed. 


13. Features of Induced Magnetism.—{i) If several small soft- 
iron nails are taken and one of them is brought in contact with one of 
the poles of a bar-megnet, it will be 
supported there. Another nsil also 
can be supported from the free end 
of the first nail which will become & 
temporary magnet. In this way & 
chain can be formed by supporting 


The number of nails supported will 
depend. upon the strength of the 
inducing magnet. On removing the 
bar-magnet from the first nail, the 
chain is broken and nails fall down. 
This experiment demonstrates that 


nail by a magnet in contact with it 
: and that the inductive influence can be 
Fig. 10 carried through a mumber of mails, 
edch of which is turned into a temporary magnet. 


> 
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(i) In the above experiment, suppose, the inducing pole of the 
bar- nagnet is a north pole. . If the north pole of s similar second bar- 
magnet be placed over the north pole of the first magnet, the strength 
is increased and more nails can be supported. If the touth pole of the 
second magnet be pleced over the north pole of the first magnet, the 
nails fall off, When the two inducing poles are dissimilar ard are 
of equal strength, not a single nail can be supported. The above shows 
that induced magnetism can be strengthened or weakened by similar 
or opposite poles. 


14. Magnetisation through Induction :—If a steel rod be placed 
near the pole of strong magnet fora considerable period of time it 
acquires a feeble permanent magnetisation. This is due to the inductive 
action of the magnet. If long bars of iron or other megnetic substances 
be kept along the magnetic meridisn, or fixed up vertically (ard. gently 
hammered periodically), it is found after a long time that they get 
magnetised, though feeble. Here the magnetisation is due to the 
inductive action of the earth as a magnet. For the same reasons, the 
body of a ship acquires some magnetisation during construction, 


15. Induction precedes attraction :—Is can now be explained 
why both the poles of a magret attract an iron red. "When one end of 
the rod is brought near the pole of a magnet, the red no longer remains 
unmegnetised, but is turned into a temporary magnet by induction, 


one nail below enother (Fig. 10). ` 


magnetism can be induced in an tron. 


OE A SRN 
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opposite polarity being induced at the near end. These opposite poles 
attract each other. Thus induction always precedes attraction 
between a magnet and an unmagnetised body. 


16. Repulsion is a Surer Test of Magnetisation :— To . test 
whether s given specimen is magnetised or not, it is suspended at its 
middle from the end of'a string, and one pole of a bar-magneb is 
presented to one end of the specimen. If attraction occurs the specimen 
may be an unmagngtised magnetic substance or, in the alternative, it 
may, be a magnet having at the end under test a pole which is dissimilar 
to the testing pole. So, without further tests no definite conclusion 
can be drawn this way or that way. If, however, there is repulsion, 
the rested end of the specimen must possess a similar polarity. which 


"means that the specimen is magnetised. So repulsion is a surer test 


of magnetisation. That is why in testing whether & specimen ia 
magnetised or not, a pole of the bar-magnet is presented to one end of 
the spesimen and it is observed whether attraction or repulsion results, 
If attraction occurs, the other pole of the magnet is to be presented to 
see if repulsion now takes place or not. If there is repulsion, the 


_ specimen is a magnet ; otherwise it is a magnetic substance. 


17. Reversal of Polarity by Induction :—If one pole of a powerful 
magnet be gradually approached to the similar pole of a weaker magnet, 


-¢he two will repel each other, but when it is quickly brought very near 


to the weaker pole, attraction cecurs instead of repulsion. 


This is due to the strong inductive action of the powerful magnet. 
For example, when the N-pole of a strong magnet is suddenly brought 
very close to the N-pole of a pivoted needle, which is a weaker magnet, 
a strong S-pole is induced at that end. As consequence of superposi- 
tion of this induced polarity, a S-pole may be built up at that end 
wholly neutralising the existing N-pole. This inductive development 
of an opposite polarity at the near end (and.a similar polarity at the 
remote end of the needle) explains why attraction should occur where 


ordinarily repulsion is due. 


For a short presence of the inducing pole, this pole-reversing 
effect is temporary, but nevertheless injurious to the needle. That 


'is why a magnet is always to be presented very slowly to a magnetic 


needle so that the near pole of the needle, if facing a similar pole of 
the visiting magnet, may have sufficient time to move away. The pole 
of a strong magent, should not, consistent with the above reasons, be 
presented to the similar pole of a permanent magnet, for thereby injury 
will be made to the permanent magnetism of the latter through indue- 


tive influence. 


18 Degree of Induced ‘Magnetism :—The strength of induced 
magnetism in a substance depends upon (a) the strength of the inducing 


pole, (b) the distance between the inducing pole and the specimen, 
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(c) the quality of the specimen, and (d) the nature of the intervening 
medium, i ‘ 


19. Destruction of Magnetism :—The magnetism of a magnet 
may be weakened or destroyed in the following ways— 


- (iù) By rough handling.—A considerable portion of magnetism of a 
magnet may be lost by hammering or other rough uses. 


(ii) By heating.—A magnet may be made to lose its magnetism 
completely by heating it beyond a temperature characteristie of the 
substance, 


(iii) By the earth's induction —lIf a magnet be placed parallel to 
the magnetic meridian with its south pole pointing to the north, its 
polarity will be weakened by the inductive action of the earth. The 
north magnetic pole of the earth is similar to the south pole of a 
magnet, and so it induces north polarity in the near end of the magnet 
facing if; and thus weakens the strength of its south pole. A 


(iv) By the inductive action of another magnet.— If a magnet be 
placed by the side of another magnet with similar poles adjacent to each 
other, each pole will induce opposite polarity in the other, and thus wil: 
tend to weaken its strength, 


Every magnet has a tendency to demagnetise itself by the inductive 
action of its own poles. To avoid this, and also to avoid the demagneti- 
sing effect of any neighbouring poles upon it a piece of soft-iron is usually 
placed across the poles of a horse-shoe magnet (vide Fig. 2) and bar- 
magnets are kept in pairs with opposite poles side by side having a soft~ 
iron'piece placed across the poles at each end when the magnets are not: 
in use (vide Fig. 1). By this method the tendency of one pole acting 
inductively on the other, or on the steel itself, is prevented, as the effecti 
of each pole of the magnet is neutralised by the opposite polarity 
induced in the soft-iron piece in contact. Sych soft-iron pieces are 
called keepers, because they keep the magnetism of the magnets intact 
by reducing the tendency of the magnets to demagnetise themselves. 


Questions 


1. Describe an experiment which will show that a piece of iron attracts a magnet 
just as truly as the magnet attracts the iron, (0. U. 1920) 

[Hints :—A rod of soft-iron is suspended and one of the poles of a magnet is 
brought near it. The iron moves towards the magnet. If, on the other hand, the 
magnet is suspended and the iron is brought near the magnet, the magnet moves 
towards the iron rod. Hence, both iron and magnet attract each other mutually. ] 


2. Describe the various ways of magnetising a soft-iron. 
(Dac. 1932, '43 ; C. U. ’29; Pat. 1922, '23) 
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3. Enumerate the various methods of obtaining magnetising field for acer 


artificial magnets. (Pat. 1 
Explain how a north pole may be ol 


932; Dac. 1933 ; of. O; U., 43 ; cf. Utkal, 1947 


btained at a definite end of a steel bar. d 
(0. U, 1942) 


4. Describe a good method of magnetising a piece of iron rod. In what respect; 
‘does an electromagnet differ from an ordinary magnet 7 : (Pat, 1940) 


Explain ‘Consequent poles’. 
5. What is magnetic induction 


permanent magnet and a magnetic substance ? 


(Pat. 1946) 
? How would you distinguish betesen a 


(C. U. 1944 ; Pat. 1936 ; Utkal, 1941)" 


6. Distinguish between a permanent and a temporary magnet. (0. U. 1918) 


T. Doscribe suitable experiment: 
induction. 


8. You are given two exactly alike 


How would you find ont with them which of the two bars is the magnet, 


s illustrating the phenoména of magnetic 
(C. U. 1920 ; All. 1924 ; Dac. 1998) 


steel bars, and told that one only isa magnet, 
(0. U. 1947) s 


9, How would you determine whether a given steel rod is a magnot or not ? 


(0. U. 1915) 


10. ‘Repulsion is a surer test of the magnetic condition of a body than attraction.’ 


YExplain this. 


(0. U. 1925) 


;H. Why does a horse-shoe magnet rotain its magnetism better when a keeper is 
ı placed between the pole-pieces than without it ? (0. U, 1951) 


;13. Explain why wo store bar-mag: 
sand apiece of soft-iron across them. 


nets in pairs with their opposite poles togather 
(Utkal, 1953) 


‘ CHAPTER II 
Molecular Theory of Magnetism 


20. Isolation of a Single Pole is absurd :— When a bar-msgnet 
: x is broken into two parts each part 


5 becomes a complete magnet having 
d oe a north pole at one end and a 
JA MIR TTG Y (LEROY } south pole at the other, If the 
C r1 pieces are (e broken up, ub 
(Css) fs new piece becomes a complete 
n —— ——— magnet again (Fig. 11). In prac- 
tice it is impossible to produce a 
. single pole, i.e, & completely isc- 
lated pole. Even in a molecular magoet two poles will always occur 
in pair, that is they are inseparable, or in other words, it is not posstble 
to have a single or isolated magnetic pole. — 


Fig. 11—Breaking a magnet. 


21. Molecular Theory of Magnetism :—The inseparability of 
the poles of a magnet led to a theory of magnetism, due to Webber, a 
German scientist, which was afterwards developed by Ewing. The 
theory is called the Molecular Theory of Magnetism. According to 
this theory every molecule of a magnetic substance is itself a complete 
magnet. In an unmagnetised specimen the molecules are arranged 


cocceoooccceoe 
«45444545454» 4»4»5«» |S 
4^4 «445 4»4545 45454» 


Fig. 12 


either haphazardly [Fig. 12(a)], or in closed- groups of chains [Fig. 
12(5)], causing no resultant magnetic effect, the opposite poles neutra- 
liing each other throughout the piece. When a magnet is brought 
near the specimen, the molecules are swung around by the external 
magnetic force, and due to the prccess of magnetisation, these molecular 
magnets arrange themselves in definite lines, as shown. in Fig. 19(5). 
When all the little magnets are in line, the magnetisation is complete 
and the substance is then gaid to be magnetically saturated. 


On account of the linear alignment of the molecules due to magneti- 
sation, the magnetic effects are neutralised everywhere excepting at the 
free ende, one of which becomes a north pole and the other a south 
pole; that is a line magnet is formed, A bar-magnet may be looked 
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upon es a number of such line magnets lying side by side ; 
similar poles turned to each end. If that is Mio etare NR erede 
should be on the faces of the ends of the magnet. But it is common 
knowledge that the attractive action exists well away from the ends. 
This will be explained if the line magnets are supposed to be more and 
more carved towards the ends [Fig. 13(a)|. The curvature may be 


Fig. 13(a) 


attributed to the mutual repulsion of these line magnets at each end 
whore there are contributory similar polarities. 


According to Ewing the molecules of a substance are grouped 
together in "closed chains" [ Fig. 
13(b)]. Such an arrangement of 
molecular magnets is stable. The 
process of magnetisation consists 
in breaking up these chains and 
arranging them in a linear arrange- 
ment. ` 
It has been found that soft- Fig. 13(b)—Ewing’s 
iron is more readily megnetised Chain Theory. 
than steel, but it loses its magnetism more readily than steel. This 
is explained, by the fact that the binding force of closed chains of the 
molecules is weaker in soft-iron than in steel and therefore, it is more 
difficult to rotate the molecular magnets in a definite direction in steel 
than those in soft-iron, but after they are once rotated, it is more 
difficult to rotate them back again, i e. to demagnetise. 


[See also Art. 26] 


21 (a). Support of the Molecular Theory of Magnetism :— 
The Webber-Ewiog Theory of molecular magnetism hag found a strong 
support in the fact that many of the ordinary magnetic phenomena can 
be successfully explained in the light of this theory. 


(i) Induction—When a particular pole of a magnet is presented 
to one end of a magnotio substance, the Webber elements (the molecular 
magnets) sre acted on according to the ordinary laws of attraction and 
repulsion. They however, cannot leave their places owing to the high 
rigidity of the substance but can turn about their positions of the 
equilibrium just as pivoted needles can. So the dissimilar poles of the 
Webber elements will tend to pointtowards the inducing pole overcoming 
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their mutual actions: Thus the end of the substance facing the inducing 
pole will contain an excess of free dissimilar poles resulting ina 
polarity of opposite kind. Consistently, a stronger inducing pole will 
-rotate a larger number of Webber elements into linear alignments and 
will cause a stronger magnetism fo be induced. When the inducing 
pole is withdrawn, the Webber elements if they can easily turn (as in 
the case of soft-iron), will turn back into their normal positions under 
mutual actions. 


(ii) Magnetisation by Rubbing.—Rotation of the Webber elements 
due to an external inducing pole is necessarily very small and $0 tho 
induced magnetism is feeble) When a magnetic substance ia rubbed 
along its body with a strong magnet, the Webber elements are under 
the strongest action because of the closest vicinity of the inducing 
pole, and so the rotation of the elements is more complete than under 
ordinary induction. So rubbing is considered to be a more quick and 
effective method of magnetic induction. 


_ (üi) Laminated (or Compound) Magnets.—' When the specimen 
is a thick bar, magnetisation even by rubbing is also nob satisfactory, 
for the Weber elements well within 
the body are not appreciably acted 
on by the rubbing pole. So, in 
practice, thin bars, called lamina- 
tions, are separately megnetised 
e ET NES placed one upon 
, another with their similar poles at 

Fig. 14—Laminated Magnet. the eame end (Fig. 14). The lami- 
ynated magnets are then rivetted together at the ends. A more uniform 
magnetisation throughout the body of the magnet is in this way 
.engured than in the cage of a thick singla magnet. A thick magnet: so 
made ig called a laminated or compound magnet. 


(iv) Magnetic Saturation.—'Msgnetie saturation’ is reached when 
no further magnetisation can be induced in a specimen. This can be 
readily explained by the molecular theory ; for, as the inducing action 
is increased, more and more of the Webber elements will be oriented in 
the direction of magnetisation, When finally all the elements have 
turned into linear alignments, the amount of free polarity at either 
end is maximum and no further magnetism can be produced by 
inereasing the magnetising force after that limiting state is reached. 


(v) Equality of Poles of a Magnet.—In the act of magnetisation, 
according to the molecular theory the Webber elements set themselves 
in lines’ along the direction of magnetisation. On either side of the 
neutral region there should thus be equal numbers of free poles of 
the opposite kind. That is, the two poles of a magnet should be of 
„equal strength. 1 
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(vi) Demagnetisation at Curie-Point—If & magnet is gradually 
heated, a temperature is finally reached when its magnetism is wholly 
lost. This temperature, which is different for different specimens, ig 
known as the Curie-point or the temperature of recalescence for the 
specimen. Curie-point for iron is nearly 750°C. : 

With increase of temperature the molecular agitation increases, 
and at Ourie-point the acquired freedom of the rotation probably 
enables the Webber elements to return to their normal configurations 
forming closed chains again. 

(vii) Demagnetisation by Rough Treatment.—4 magnet may 
suffer considerable loss of magnetism due to rough treatments like 
rough handling, hammering, etc. 

These mechanical processes partially destory the linear arrange- 
ments formed by magnetisation. 

(viii) Heat produced by rapid Magnetisation and Demag- 
netisation.—When a substance is subjected to rapid process of alter- 
nate magnetisation and demagnetisation coneiderable heat is generated 
init. This is what it should be, for the Webber elements are thereby 
alternately brought into lines and flung back iuto closed chains ata 
rapid rate. This is equivalent to a vibratory motion of the elements. 
This vibratory motion is the cause of generation of heat in a body 
according to the kinetic theory of heat. 


21 (b). Magnetostriction :—-Magnetisation of magnetic materials 
causes dimensional changes both parallel to, and perpendicular fo, . 
the direction of magnetisation. This phenomenon is called magneto- 
striction. The changes are, however, very small but are of some 
importance. Magnetostriction is a cause of noise in power transformers 
(vide Art. 121, Current Electricity), and rods of magnetic materials are 
maintained in supersonic vibration in a alasa of oscillators hy means of 
magnetostriction. 

22. Magnetisation of Rings and Discs :—An iron ring may be 
magnetised in two ways—(a) By rubbing a bar-magnet several times 
in the same direction along its circumference. 

In this way the molecules are arranged in a definite direction 
forming closed chains having no 
free poles Fig. 15(a)]. It can also 
be magnetised by winding an 
insulated coil of wire round the 
whole length of the ring and pass- 
ing an electric current through 
the wire. In this case also there 
‘ia no free polarity. Note that no 
external magnetic effect is pro- Fig, 15—Magnetisation of Rings. 


duced. But, on cutting the ring 
at one place, north pole appears at one end, and south pole at the 


other [Fig. 15(5)]. 
Vol. II(M)—8 
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(b) By placing the ring within the pole pieces of s strong horse- 
shoe magnet, or of an ordinary electromagnet, such that a diameter of 
it is parallel to the axi», two opposite poles are developed at the two 
ends of that particular diameter ani the ring will then behave as an 
ordinary magnet. Hach pole will induce opposite polarity where it 
touches the ring. 


23, Maguetic Shell: —A thin flet disc of some ferromagnetic 
material, magnetised in such a way that its faces possess opposite 
polarity is known asa Magnetic Shell. For it, the lengsh of the 
magnet is very small compared to its other dimensions, So in order to 
produce a magnetic shell the ferromagueti: sheet musi be magnetised 

: everywhere a& right angles to the surface. Here 

- the distribution of magnetism, that is developed 
Over sn extended surface, is supposed to be uniform. 


In Fig. 16 is represented a lamina of a ferro- 
maguetic material p: operly magnetised at right angles 
to its surface ares A so as to form a megnetic shell. 
Let c be the uniform surface density of magnetism 
of the sheet, +ve on the left {aco and —ve on the 
other and ¢ be i-s thickness. The total +ve (n-pole) 
and —ve magnetism developed on the faces are 

Fig. 16 respectively +cA and -c4. Hence the total magne- 
tic moment of the shell is given by M—cAxX:—IAt where I-the 
intensity of magnetisation-—c, the surface density, numerically. The 
strength of the shell is defined as iis magnetic moment per unit area and 
ig generally designed by $. 


M 
s $=7 =el, 
A A 


Hence the moment of the shell is M=¢4, i.e. equal to the product 
of its strength and surface area, 

No magnet has applications like a magnetic shell.. The palorities 
care located at the ends of a magnet bat they are on the two 
faces of s shell. In Fig. 17, suppose the space within the 
current carrying coil AB is 
filled with some magnetic 
Substance. The face of the 
thin dise (coil) thus formed 
in which current flows in a 
elockwise direction is a south 
pole (as seen from Z4) and 
she other side is a norih pole 
in which it flows in an 
anti-clockwise direction. 

The importance of the Fig. 17 
eoncept of a magnetie shell lies in the fact that the magnetic field 


ea 


——— M 
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produced by a current circuit is the same as that due to a shell’ of . 
strength numerically equal tə the current in emu, the contours of 
both the shell and the circuit being identical (Ampere's Theorem). 
The following cases may be cited as examples :—- 


(i) Potential at any point in the field of a circular coil carrying & 
Ear i e.m.u. is V=i 2, where, 2 is obtained from the geometry of 
e coil. 


. (ii) Magnetic moment of a circular coil carrying i e.m.u, of current 
is M — (area X strength) — zr? Xi. 


Explanation :—Suppose zyz is a closed circuit in which current 
flaws in an aati-clockwise direction. If the space within this circuit 
is divided into a number of small squares and if current flows anti-clook- 
wisely through the sidey of each of these squares, then the resultant 
effective current will flow through the periphery of the circuit zyz. 


Fig. 18 (b) 


Through the adjacent sides of the squares A and O current flows in 
upward and downward directions respectively, and they cancel each 
other. Similar will be the case with the other adjacent squares. The 
currant through 4 is thus zero, Similarly the currents through the 
sides of all the small squares are zero. Hence the effective current is 
found to flow through bhe onter boundary of the figare formed by the 
squares. If tte number of these small squares b» very large, then the 
outer boundary of them will eoineide with the periphery of any circuit 
(like zyz). Hach small square may thus be considered. to ‘be a small 
magnet, which forms the magnetic shell 2yz. 


E.M.U. :—The electro-megnetic unit of current is the strength’ of 
that cucreat which when flows through a closed circuit proouces & 
magnetic field equal to that produced by a magnetic shell of unit 
gtrength, the contours of both the shell ani the circuit being identical, 
i.e, the strength of a magnetic shell is equal to .the current strength 


in e.m.u. 


20 ^" INTERMEDIATE PHYSICS 


24. Potential at a point due to a Magnetic Shell :— 


Let AB (Fig. 19) represent a magnetic shell whosegleft-hand face 
has acquired a +ve, i.e. north polarity and let P be a point facing 
this north face of the shell, The magnetic shell may be 
) considered to be made up of a 
good number of elementary 
magnets, each of length t equal 
to the thickness of the shell 
and placed side by side. Let 
ds be the cross-sectional area 
of such an elementary magnet. 
Evidently the n-pole of this 
elementary magnet lies towards 
the point P under considera- 
tion. If c be the surface 
density of magnetism on the 
shell, the strength of the shell 

Fig. 19 is $= vl. 
.', The magnetic moment 
of the element ds is M, =¢.ds and it is directed along the normal NON’ 
to the ares under consideration. 


Now if r be the distance of P from the centre O of the element 
and X the angle between the radius vector y and the normal, the 


potential at P dus to ds is aV = Pot, 


But ds 008% do, the solid angle subtended by the elementary 


area ds at P. 
4 dY — do, 


Now as ¢ is constant, the potential at P due to the whole shell is 
VaSedo=42 


where Q ig the solid angle subtended by the contour of the shell at 
P,V is-kvs if P faces the positive pole of the shell, and — ve if it lies 
on the side of the negative face of the shell. 


Now 2 at & particular point is the same for all shells haying the 
same periphery irrespective of their actual shapes. Consequently, all 
shells of the.same strength and periphery give rise to the same poten- 
tial at points subtending the same solid angle with the shell. So the 
potential at a point due to a magnetic shell is solely decided by its 
contour line and strength. 


— 
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Note:—(a) If HM be the 
permeability *of the medium 
between the point P and the 
shell, then potential —do/u. 


(b) The angle subtended 
at any point by the magnetic 
shell depends only on its 
periphery. If the shell be 
almost a closed one, then the 
angle subtended at an external 
point is very small (Fig, 20). 
It is evident from Fig. 20, that 
the solid angle subtended at P 
by the almost closed surface 
AB isdw; .', The potential at 
P=¢do, So, like a spherical 
shell, the potential at an 
external point due to a closed 
sbell ig zero ; because do — 0. 


(c) But the solid angle 
subtended at an internal point, 
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Fig. 20 


O by an almost closed shell is equal to4%. Hence the potential at 
this interral point due to such a shell is 4%4, but the intensity of the 
magnetic field at an internal point of the closed shell is zero, 


25. Magnetic potential and intensity at a point on the axis due 


to a circular shell of strength $ :— 


Fig. 21 


se V 9x6 (1—c0s 6) 
=2x¢(1-2) 
T 


Let @ be the radius of 
the circular shell of strength 
¢, and æ the distance of the 


‘axial point P from the centre 


O of the shell (Fig, 21). 

The potential at P is 
evidently, V — $0 where o ig 
the solid angle subtended by 
the shell AB at P, This o ig 
equal to ?z(1— cos 0) where 
0 is the semi-vertical angle 
subtended by AB at P, 


=a 4 t] T. apud) 
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[ Catewtation of o :— . 


We know that the area of a spherical surface =4rr? — 9zr X 9r 
= (circumference of section through the centre)X (length along a 
diameter). 

The area of cap ACB (Fig. 2?) forming the part of the spherical 


surface of radius r(=AP) is the normal area 
bounded by the shell AB. This area ACB 


^ is normal to r. So the solid angle sub- 
tended hy AB at P is equal to this normal 

c ™ srea ACB divided by r*. 
Since area ACB is subtended by & 
length (r—2) alorg the diameter, the 
B value of this area according to the general 


relation is given by 2zr(r —2)—2z7*(1— z ) 
Fig. 22 —9zr* (1 — cos 0). 
s idi 
/. The required solid angle e 22r eoe 0) — 92(1-— cos 0) ] 


Since the expression (1) for the potential is a function of z, the 
intensity at P will be given by — x and will be directed along the 


axial direction (a-direction only). The magnitude of this intensity 
at P is, therefore, 


SECS UON ST VERNA Mir AMET 
Hier a cmo celos teh oe] 
Ba Ppt n us L 2ra? 
Ind (eta) (a? Fa") 


26. The Modern Theory of Magnetism :—The molecular theory 
of magnetism has been superseded by the domains theory. The modern 
theory has arisen from the modern concept of the atom, According to 
this, an atom consists of a nucleus (containing neutrons and protons) 
* with electrons orbitting round them, the number of electrons in a 

neutral atom being equa! to the number of protons in the nucleus which 
gives the atomic number of the atom in the periodic table, The electrons 
revolve in different orbits. Hach revolying electron, being equivalent 
to a circular current, constitutes a magnetic shell exerting its magnetic 
effect in the adjacent ‘space. These shells may or may not be parallel 
and even when they are parallel the sense of rotations of the electrons 
may not be identical So ap atom may baye a relatively strong field, a 
weak field or no field at all when considered ss a whole depending on. 
the orientations and strengths of the shells. 
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The modern theory of ferro-magnetism, as developed by Weiss 
and later by Heisenberg supposes that the atomic magnets in a ferro- 
magnetic material are strong enough to form stable groups or ‘domains’ 
(which have been visualiy sighted) of crystalline matter containing a 
large number (10'" to 10**) of 


such elementary magnets. All the LA 

elements in a domain are arrang:d rr N 
with their axes parallel (Fig. 

23). In the absence of any 

external magnetic field the diffe- 

rent domains are oriented in all mm 


possible manner and as such no 
resultant magnetism exists in an 
unmagnetised specimer, When a 
magnetising field is spplied, the Fig. 28 

domains whose magnetic axes are nearly parallel form bigger domains 
with similarly oriented ones and align their axes slong the field. The 
degree of alignment increases till the ‘magnetic saturation is reached, 
With the withdrawal of the magnetising field, the initial stable arrange- 
ments of the domains are never got back and so a residual magnetism 
remains in the specimen. 


The domain theory Fas been supported by the observations of 
Barkhausen and Bitter. Barkhausen observed that the process of mag- 
netisation is discontinuous and jerky, the jerks being assumed to be due 
to the rragnetisation of one or more domsins at a time. This jerky 
discontinuous process of magretisation is Known as the Barkhausen 


effect. 


Diamagnetism :—According to Langevin's theory the planes of 
the electronic orbits of a diamagnetic atom are relatively so oriented 
that the atom as a whole is magnetically neutral, i.e the algebraic sum: 
of the moments of the magnetic shells is zero. When subjected 
to a magnetising field, the balance of the magnetic moments is 
disturbed and the electronic orbita shift relatively to each other in 
such a way as toinduce a negative magnetic moment of the atom as 
a whole resulting in a repulsion of the stom from the strongest part 
of the field. This explains why a diamagnetic specimen tends to set 
itself transverse to the magnetic flux. 


Paramagnetism :—According to Largevin's theory, in a pars- 
magnetic atom, the electronic magnetic moments of the shelle do not 
quite sum up to zero but to & small positive value which of course does 
not enable the adjacent magnetic atoma to form stable grovps or 
domains. But in a strong megnetising feld the alignment of the shells, 
proceeds though feebly ; the intensity of megnetisation being propor- 
tional to the applied field. With the withdrawal of the inducing field. 
the magnetisation falls to zero leaving no residual magnotism in the 


specimen. 
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$ Questions 


1. What are the reasons for the assertion that a magnet cannot be produced 
which has only one pole ? (C. U. 1933 ; Pat. 1934) 


9. What do yon find when a magnet is successively broken into a number of 
pieces ? What conclusion does it lead to ? (cf. Pat. 1939) 


What do you expect in a bar of magnetic substance, if the magnetising field by 

which it is magnetised, is gradually increased from a very low value to a high ono ? 
(Pat. 1939) 

3. Explain why poles of a magnet cannot be separated from each other. 

(Utkal, 1953) 
4, Givean outline of the molecular theory of magnetism and show how it 
accounts for the (i) magnetic saturation, (ii) differences between the behaviour 
of soft-iron and hard steel when under magnetising influence. . (Pat. 1981) 


5. Explain why a bar of iron cannot be magnetised beyond a certain limit. 
(Utkal, 1952) 
6. Explain the molecular theory of magnetism and mention any experiment 


which in your opinion supports the theory, (cf. Del. H. S. 19544 O. U. 1940) 
7. Diseuss Ewing's theory of magnetism. (E. P. U. 1950, '52, '58) 
8. Write a short note on the “molecular theory of magnetism’, (Pat, 1955) 


9, Two circular rings of iron are magnetised, tho first by being placed betweon 
the poles of a strong horse-shoe magnet so that the line joining the poles of the 
magnet is a diameter of the rings, the second by having one pole of a bar magnet 
drawn round it several times. Describe the magnetic state of each ring. 

(Punjab, 1931 ; Pat, 1951) 


DOSE 
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CHAPTER III 
Magnetic Field and Lines of Force 


27. Magnetic Field :—The magnetic field of a magnet is the space 
surrounding the magnet in which the influence of the magnet is exerted. 


Magnetic Lines of Force. —If an isolated north pole be supposed 
to be situated at any point in a magnetic field due to s magnet it will 
experience a force of attraction by the south pole of the magnet, and a 
force of repulsion by the north pole. It will also experience a force 
due to the earth acting as a magnet. These forces together will 
produced a resultant force and the isolated pole, if free, will move in 
the direction of the resultant force at the point. At every point of the 
magnetic field, the magnitude and direction of the resultant force will 
dep:nd op the position of the pole relative to the magnet and so the 
direction of motion of the pole will change. By changing the position 
of the isolated north pole from point to point in the field, the path 
followed by it will be found to be a curve starting from the north and 
terminating at the south pole of the magnet. Such a curve, which 
represents the path of motion of an isolated N-pole of the magnetic 
field, is called a line of force. From a point on the N-pole of the 
magnet one line of force starts, and passing through the magnetic field 
ends on & corresponding point on the S-pole ; from the S-pole it travels 
through the body of the magnet and ultimately returns to the same point 
on the N-pole from which it originated. That is, a line of force is a 
continuous closed curve. But it must be remembered that these lines 
of force do not really exist. They can be only imagined and area 
means of studying the nature of a magnetic field. So it may be defined 
as follows— 4 line of force is a continuous curve drawn in à magnetic 
field such that the tangent at any point on it shows the direction of the 
vesultant force at that point." The positive direction of a line of force 
is the direction in which an isolated free north pole will move. 


Properties of Lines of Force.— 

(i) They are closed curves. 

(ii) They always start from a N-pole and end in a S-pole and are 
continuous through the body of the magnet. 

(iii) They never intersect one another ; for if they did, it would 
mean that at the point of intersection, the resultant magnetic force 
would act in two different directions, which is impossible. 

(iv) They are like stretched elastic threads and are always in a 
state of longitudinal tension, and naturally repel each other pidewise. 


(v) They start from, end end on, a surface normally. 
28. Maps of Magnetic Field :—It has been found in Art. 27 that 


the direction of magnetic lines of force can be traced by means of an 
isolated north pole, but, as it is impossible, to obtain a single pole, the 
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above method cannot be practically applied. The lines of force can, 
however, be practically traced by meaos of a small compass needle 
which, placed at any point, will set itself with ity magnetic axis in the 
direction of the resultant magnetic force at that point. 


It follows, therefore, that it is possible to indicate the directions 
of the lines of force at all 
points of a field by means of 
a compasé-needle instead of 
a single pole (which is im- 
possible to obtain) Such a 
diagram is called a map of 
the magnetie field. The 
idea ia due to Michael Fara- 
day, the celebrated a 
of London (1791-1867 

Yi: 34—Map of the Magnetic (a) Methods of Plotting 

Mug: cus tow sipil Bai magai, Magnetic Maps —The follow- 
ing two methods are usually adopted for mapping magnetic fields— 

(i) Tron-Pilings Method and (ii) Compass-Needle Method. 

(i) Iron-Filings Method.—This method is suitable only for strong 
magnetic fields, and not for weak fields Jike the earth's horizontal 
field. Tron-fitings are scattered on a glass plate, which is placed over 
a magnet. On gently tapping the glass plate, the iron-filings will be 
arranged along oertain lines due to the magnetic action of the magnet 
taking place across tho glass plate (Fig. 24). The setting of the iron- 
flinga gives the nature cf the resulting magnetic field and this gives the 
map of the magnetic field produced. From one end of the magnet to the 
other, the filings set themselves along definite lines which give the lines 
‘of force ; the tangent at any point of such a line representa the direetion 
of the resultant magnetic force at the point. i 


(ii) - Compass-Needie Method.—When & compass-needle (Fig. 


Fig. 95 Fig. 25 (a)—Compaas-needia Mothod. 


25) ia placed nesr s bar-magnet. the direction in which the needle rests. 
is the direction of the resultant field due to the two sources, one due to- 
the magnet, and the other due to the earth. 


OO E ee i 
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A ber-magnet NS is placed on s shoot of (Pig, 96(4)) fixed 
on a drawing board in such a way that It lies in tibi c meridien, 
Its outline is then drawn by s pencil. A compaseneedie ia placed in 
position A near one end N of the magnet ; and two penell marks are 
puton the paper exactly at the two enda S and N of the needle The 
needle ia then moved to the position B so that ite frat pole is placed 
onthe second mark N, and another mark is putat the other end, | 
In this way the needle is shifted from one position to the next tl the 
other pole of the magnes is reached, as shown in Fig. 25). 


[The axis of tho compars-needlo will really set along the tangent 
to aline of force end so the smaller the nordle the more sceurately 
le saath drawn on the paper, coincide with the troa path of à line 

foroé. 


This "procena: ja continued until the whole field is mapped ont. n 
will be noticed that near the magnet the forses dua to the earth ate 
negligible in. comparison with those dae to the magnet and «o the lines 
ere. in reality, duo to the magnot only; but at more remote polnts, 
the earth's field predominates, and we get the lines due to the earth, 
which are, however, slightly modified by the presence of the magnet. — 


(b) Neutral Points —Fig. 26 represent, for one side of the 
magnet, tho resultant field due to the eartb and a bar-tnagc ot placed 
ia the magnetic meridian with ite N-pole pointing north Ie will be 
seen that the lines of force doe to the magnet (passing from N to 8) 
and those due to the earth, ara in the samo direction st all 
along the axis of the magnet produced ; #0, on thie line the resultant 
field ie - stronger, p 
whereas those two 
folds are in opposite 
directions at all pointe 
on a line rawn 
through the centre of 
ihe magnet at right 
angle to ite sais, 
where these two 

there! 


felda lore, 
weaken esch E 
LJ strength 
earth’s Geld i» nni- 
form, aud that of the 
ot varies from 
point to point, being 
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Hence at some point, as at A (Fig: 22), the two fields will be equal and 
opposite, the resultant being zero. Such a point is called a neutral 
point. Notice that at 


^ ^ the neutral point A, the 

| i * resultant field E due to 

| Id the magnet exactly 

i H balances an equal 

\K N " A and opposite force H 
Né 


due to the earth's 
w—Le horizontal field. Another 
SING m similar neutral point X, 
x Q » p S like that of A, must be 
cle on the other side of the 
2 \ magnet, as shown in 

Fig. 27. 


Tf, however, the magnet 
is placed N-pole pointing 
I H - south, the direction of 

i its lines of force will be 

À reversed ; here the two 

d 5 fields will agree in the 

ETT a Sr direction on the line 

Gr pole Laer drawn through the centre 

ofthe magnet at right angles to the axis and will oppose each other 

along the axis. Thus the neutral points will now be on the axis, as 
‘shown in Fig. 28 

A neutral point may, therefore, be defined as a point in a magnetic 
Geld where the resultant intensity is zero ; so, a small needle placed 
at the neutral point will be : 


at rest in any direction in 
which it is kept. There are 
P 


E REED 


two such points in the map 
of the magnetic field of a 
bar-magnet placed in the , 
earth's field. At each of [ 
these points, the field due 
to the bar-magnet is equal $ 
and .opposite to the hori- \ 
-zontal field due to the carth. 
In figures 27 t3 30, maps Y 
of the magnetic field of a 
bar-magnet placed at di- 
fferent positions relative to 
the earth have been given. Fig. 28 
The points marked X show "B 
the positions of the neutral points. 

(e) Some Important Maps.--(i) Fig. 27 represents the complete 
resultant field due to a bar-magnet with its N-pole pointing north. 


== 


1 
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(ii) Fig. 28 represents a complete field where the N-pole of the 
bar-magnet placed in the magnetic meridian is pointing south. 

(iii) Fig. 99 repre- ; 
sents the resultant field 
due to the earth and a 
bar-magnet placsd in east- 
west direction. 

(iw) Bar-Magnet in 
any position :—Fig. 30 
shows the position of 
neutral points (marked 
X and A) in a field due 
to  bar-magnet when 
placed in any position 
with respect to the earth's 
field. In this particular 
case the axis of the magnet 3 
makes an angle of about Fig. 99—Resultant Field 
75^ with the direction of (N-pole pointing East). 
the earth’s field. 

(d) Some More Cases of Lines of Force.—A few important cases 
of lines of forces are indicated diagrammatically in Figs. 381—393. Fig. 3L 
shows the map of the lines of force due to a horse-shoe magnet ; Dig. 82 
that due to two bar-magnets with their like poles facing each other ; 
and Fig. 33 that due to two bar-magnets with unlike poles facing , 
each other. 

N. B.—From the above mapa it might appear that the lines of force 
around s magnet all lie in one 
plane, but in fact they extend 
throughout all space around the 
magnet. 


29. Lines of Force, Lines 
of Magnetisation and Lines of 
Induction :—When a long rod 
of a magnetic substance is 
placed in a magnetic field 
parallel to the direction of the 
field, it is magnetised by 
induction. The number of lines 
of force per aq. em. of the ¢rons- 
section of the field in the space 
occupied by the specimen , is 
increased due to a number of 
- lines of force added by the 

Fig. 30—Resultant Field induced magnetism of the rod. 
(Bar-magnot in any position). Thus, within the magnetic 


substance, we may make a distinction ag follows — 
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(i) There are lines in air, which are due to the magnetising field 


Fig. 31 Fig. 32 Fig. 33 


y 


and which would exist if the magnetic medium were not there. They 
are called the lines of force. š 


(ii) There are additional lines within the magnetic substance which 
are due to the induced magnetism of the rod. These lines are referred 
to as the lines of magnetisation 


(iii) The total lines comprising the lines of force and the lines 
of magnetisation are referred to as the lines of induction. The strength 
of the magnetic field within a magnetic material is due to the lines of 
induction, de. to the joint effect of the lines of force and the lines of 


magnetisation. 


80. Intensity of Magnetisalion :—In the case of a magnet which 
is uniformiy magnetised, that is, in which the amounts of free magnetism 
on the opposite sides of a cross-section: taken perpendicularly to the 
axis at any point are exactly equal but of opposite signs, the intensity 
of magnetisation at any point is known as the magnetic moment (vide 
Art. 88) per unit volume taken about that point. Thus, if M be the 
magnetic moment, m the pole strength, 27 the length in centimetres, 
a the cross-section in sq. cms., V the volume in cubic centimetres, we 
have, the intensity of magnetisation, 


ge meam 
Y ax% a 


“Hence the intensity of magnetisation is also defined as the pole 
strength per unit area. 


81. Alteration of a field of force due to magnetic substances :— 
Magnetic lines of force can pass more easily through magnetic 
substances than through non-magnetic substances like air, ete. For 
example, a piece of soft-iron is more permeable to magnetic lines of force 
than air or it is said to be of greater permeability. If a piece of soft- 
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iron is placed ina magnetic field (Fig. 34), it causes a shrinkage of the 
lines of foree from sir into the soft- 3 1 
iron piece, which has a very great TS en 
permeability. The permeability of a 
substance is always compared relative 
to air.* Thus permeability cao be 
defined as the conducting power of a 
medium for magnetic lines of force as 
compared with that for air, and is 
measured by the ratio of the number 
of lines of force passing normally Fig. 34 
through a unit area placed within the 
substance (i.e: the lines of induction) to the number of lines of force 
passing through the same area placed in the same position in air when 
the magnetic substance is removed. a 

If B denotes the number of liaes of induction per unit area of & 
substance, when placed in a magnetic field (sir) H, then B measures 
the’ magnetic induction and H the megnetic force. The ratio of B to H 
measures the permeability of the substance. Thue, 


permeability, pak Itis greater for.iron than for nickel or 


:cobalt. 

The susceptibility of a magnetic substance is measured by the ratio 
of the intensity of magnetisation Z of a substance to 77, the magnetising 
force. Thus, . 

I 
" 

[Note. It can be proved that for a magnetic substance placed in & 
magnetic field, B —H 427, 

Dividing both sides by H, B/H — 1-FAx7/H ; or, n 7 1-F 4xK. ] 


32. The behaviour of a magnetic material subjected to a 
gradually increasing magnetising field :— 

Generally speaking, ell magnetic materials follow s common pattern 
of behaviour when subjected to a gradually increasing magnetic field. 
The general nature of the relation between the intensity of magnetisa- 
tion I and the magnetising field H is given by the branch OABB' of 
Wig. 34(a. It will be noticed that so long as the magnetising feld is 
weak, the magnetisstion Z develops slowly (from O to A) with the 
increase of the field M. After some value corresponding to A the 
induced magnetism grows more rapidly (from A to B). But asthe field 
is further increased after some value H, corresponding to B, the 


susceptibility, K= It is greater for soft-iron than for steel. 


xStrictly speaking it should be relative to ‘free spaco', d.e. vacuum, Ordinarily 
the Serrada bilidled of yacuum as well as of air which differ very little are taken as 


the same and equal to 1. 
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intensity of magnetisation assumes a steady value Iı. The specimen 
cannot be magnetised more strongly than this however much the 
magnetisirg field H be increased. At this stage the. specimen is said to 
have reached the saturatzon limit. The curve OAB representing the 
magnetisation of a specimen from zero value of field to a value of field 
corresponding to the saturation limit ia called .the virgin curve of a 
specimen, 


Cycle of magnetisation,.— 


If the magnetising field H applied to a magnetic material is gradually 
changed from zero value to a 
it B value corresponding to the satura- 
| Resp. - "am tion limit for the specimen in one 
diree'ion of magnetisation (say, 
positive ), and the field is then 
decreased in the same way to zero 
value, and then reversed in ditec- 
tion (negative), increased to the 
saturating value in that direction. 
decreased to zero value again, and 
again reversed till the saturating 
value in the positive direction is 
reached again, the magnetisation 
EEE nonen | li of the specimen follows a curve, 
OAB, BODE, EFGB as depicted 
y in Fig 34(a). The msgnetisation 
Fig. 34(a)—Cycle of Magnetisation. as represented by the cycle 
BODEFGB is called a cycle of magnetisation. 


i 


I 
= 


Some Terms Common in Magnetisation.— 


(i) Hysteresis.—Referring to Fig 34(a) it will be observed that 
the demagnetisation curve BOD lies above the magnetisation curve 
OAB and hence the zero value of I does not oceur at the zero value of 
H but at a later point of the oycle of magnetization. To such lag of 
magnetization behind the magnetising field Ewing gave the name 
hysteresis. The area of the loop enclosed by the cycle of magnetisa- 
tion BODEFGB is called the hysteresis loop for a specimen of magnetic 
material for a given maximum value of the applied field, 


The consequence of hysteresis is that when a specimen passes through 
rapid cyclic change of magnetisation, energy is expended which is not 
recoverable. The expended energy appears as heat and is wasted. The 
energy lost per unit volume of the material per cycle is termed the 
hysteresis loss of the specimen. The area of the hysteresis loop is 
directly proportional to this loss. The smaller the loop, therefore, the 
better is the material suited for use in alternating magnetic fields as in 
the case of the core of a transformer, 
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(i) Residual magnetism.—The value OO [Fig. 34 (a)] of the 
intensity of magnetisation when the magnetising field H is reduced from 
great values down to zero is called the residual magnetism of a. 
specimen. 


(iii) Coercive Force.—The value OD [Fig. 34(a)] of the reversed 
field required to reduce the intensity of magnetisation to zero is called 
the coercive force. 

Remarks,—A knowledge of the intensity I of magnetisation near 
saturation, together with the values of the residual magnetism, and the. 
coercive force, enables one to draw the approximate cycle of magnetisa- 
tion, and so even when the complete cycle is not available, these three 
quantities provide ua with a very good estimate of the magnetic: 
Properties of a material, 


33. Ferro-magnetie, Para-magnetic and Dia-magnetie subs- 
tances :—From a study of the behaviour of substances in a magnetic 
field if has been found that they may be classified under two distinc) 
classes—para-maguetic and dia-magnetic. 


(1) Para-magnetie bodies (P), such as Pt, K, Al, Oa ete. when 
freely suspended in a magnetic field, ultimately set themselves parallel 
to the direction of the field, i.e. they move 
from the weaker to the stronger parts of 
the field (Fig. 35). Magnetisation takes N 
place in them in such: a way that the N 
acquired magnetism increases the field Yj SS 
within them. That is, for them the induc- à 
tion B is greater than the magnetising field 


H. So for them permeability & is greater Fig. 35—Para-magnatie 
than unity (cf. t — B/H), for Pt, u=1,00002 body. 


and suseepibility K is positive but small 

for Pit. K=171X 107° (cf. t= +42K). So, when such a body is put 
into uniform field, the lines of force become more closely packed 
within the body than in the space outside, ag in Fig. 84. i 


(2) Para-magnetie liquid.—A watch glass is filled with some 
Separated about v 
apart. The liquid , will 


para-magnetio liquid and 
— €— ` be collected at the centre 


placed on the. two poles 
of a magnet which are. 
Fig. 36 . of the watch glass. ` 
Vol II (M)—8 Va 


c 


` 
D. 
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A'U-tube ig filled up with a para-magnetie liquid. The rarrow 
portion of the tube passeg 
between two pole pieces 
of an electromagnet, the 
meniscus being ina region 
where the field is uniform. 
When the field is applied, 
the liquid experiences a 
pressure, due to which, 
the liquid surface rises. 
(8) . Para-magnetie 
gas.—If a para-magnetic 
We: 87 gas be placed within the 
poles of an eléctromagnet, it will spread along the direction of the 
magnetic field. 


(4) Intensity of Magnetisation is proportional to the magaetising 
force. So, the value of # and k remang coastant in a variable field. 


Effect of Temperature and Curie's Law.—Susceptibility varies 
inversely as the absolute temperature, for a c nstant magnetising force, 
So the para-magnetie bodies obey Carie's Law. If the temperature ig 
increased, the value of susceptibility decreases and becomes negative 
after a certain temperature, called the Curie Point, and para-magnetics 
pass into a dia-magnetic state. 


Tron, Nickel and Cobalt should be considered belonging to the 
general class of para-magnetics judging them by the above character- 
istics. But, ia their case the induced magnetism, when placed in a 
magoetie field, and hence susceptibility and permeability, are so great 


in comparison with others that it has been thought fit to group them: 


into a separate class. This is why they have been given a special 
name—ferro-magnetics. Curie's experiments show that for the ferro- 
magnetics, magnetisa'ion in a magnetic field varies inversely as the 
absolute temperature, and above a certain temperature called the curie- 
point for a ferro-maguetie body, ferro-magnetics pass into the para- 
magnetic state. It must not, however, be understood that para- 


. 
i 
i 
; 
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magnetism and ferro-magnetism are only two aspects of the same 
phenomenon differing from each other only ia cegree. The difference 
is really a difference in kind. Ferro-magnetism is not shown by 
substance which have no definite crystallina structure. Girce liquids 
and gases have no definite structure, they can never be ferro-magnetio. 


Dia-magnetie bodies (D), such as Bi, Sb. Hg, Ag, Zn, Cu Pb, water, 
quartz, ete, when freely suspended in a magnetising field, tend to get 
themselves at right angles to the lines of 
force (Fig. 38), though the effect is generally 
only too feeble. In a magneti-ing field 
they acquire such magaetism that they 
move away from the stronger to the weaker 
parts of the field, 4e. the polarity created 
ina dia-magnetic body is the reverse of ; ; 
that created in a para-magnetie body pleced Fig.-88—Dia-magnetio body, 
in the same position. The ines ‘set up within the body due to acquired 
polarity oppose the magnetising lines of force, and hence the induction 
B is less than the magnetiring field H, i.e. the permeability is less 
than unity and susceptibility negative. For bismuth K=-14x107°, 
So, when such a body is introduced in & uniform magnetic field, the 
density of the lines of force within the body becomes lees than that in 
the surrounding space. Unlike ferro-magnetigm, dia-magnetism ig 
independent of temperature. 


strong part cf the field and will be 
accumulated in the weaker portion, 


Dia-magnetie liquid.—Some d'a-nsgnetie Jiquid is poured into a 
Bo the level at the centre will be 
lower than that at the two edges. 


ES If the distance between the poles 


very close magnetic poles. . The 

liquid will move away from the 
$ ` be ineréased, the effect will also 
SED be changed. 


If the experiment described in Fig. 37, he repeated with a dia-mag- 
netic liquid, the liquid meniscus will fall. 


Dia-magnetic gas —Such gases, ‘when placed within a strong: 
magnetic field, will spread at right angles to the lines of force, 


K does not vary 
with temperature, 


s. Magnetisation Curves :—1f the strength of the current de 
imeressed gradually from sero, corresponding to each value of i e 
pertieular value of the magoetisiog feld, I= SEM, la obtained and so 
also & value of the intensity of magnetisstion J, Now plotting the 
different valson of J against the corresponding values of H, the 
magneMsation curve (T-I) ie obtained as shown in Fig. 40. Here 
for small values of 7T, the slope of the curve is elo small; bot it 
sbeopens with the inerease of H and finally the curve resches the 


la the general sepete, flere also the magnetic seturetion ie reached 


n 
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The B- H Curves of Soft-Iron and Steel.—Though the 7—H loop 
has been referred to as the hysteresis loop above, the B-H loop is 
more commonly known: as 
*B the hysteresis loop. As H, I 
Iron and B are interrelated the 
values for B-H can be 
directly obtained from the 
experimental data on the 
I-H curve, the B-H 
E TH curve is also characteristic 
of the material of the 
Specimen under test. Tho 
area of the B-H loop of 
Bteel is much greater than 
that of soft-iron as shown 
“8 in Fig. 43 The permeability 
Fig. 43 of soft-iron is much greater 
X than that of steel, as the 
magnetic induction B is greater for soít-iron than for stéel for a 
constant magnetising field H. 


From the consideration of the above qualities steel is always 
preferred to iron for making permanent magnets, 


Any kind of steel which is capable of being hardened can be used 
as a permanent magnet. Now-a-days tungsten-steel (8'8 per cent of 
tungsten and 0'6 per cent of carbon), cobalt-chrom-steel (cobalt 1570, 
ehromium 90, molybdenum 155, carbon 10 and iron 73'5 per cent), 
cobalt-steel (carbon, tungsten and cobalt), Alni, Nial, "Alnico" (10% 
Al, 18% Ni, 12% Co, 6% Ou, and 54% iron) ete. are used for good 
permanent magnets. The introduction of cobalt, and lately aluminium, 
has greatly improved the quality of the steels for making permanent 
magnets. 


For electromagnets, however, goft-iron is preferred because here for 
a small magretising field saturation is attained and the intensity of 
magnetisation Z, (or induction, B) acquired ig much greater than that 
in the case of steel. 


Silicon-steel — Hysteresis loss and eddy current loss (see Chapter IX, 
Current Electricity) are important considerations for steel laminations 
used in-transformer cores, and field and armature cores in dynamos. 
With the increase of silicon content in the laminations hysteresis loss 
reduces and the electrical resistivity increases. Due to the latter reason 
the eddy current losses also decreace. But the laminations become 
harder and more brittle. Since the core losses are not predominant in 
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dynamos, a softer grade of steel (silicon content varving from 1% for 
field cores to 24% for ordinary dynamo grades) with which the punching 
of poles and armature sheets is facilitated is ured. For extra high 
efficiency motors, 34% silicon steel is ured. With transformers the 
corelo:s predominates and so a harder grade of steel (silicon c ntent 
4 to 6%) is used, the extra cost of punching being justified by the 
reduced losses, 


Tt should be noted that steel, containing about 13 per cent. of 
manganese is non-magnetic. 


36 Magnetic Screening —By placing a sheet of soft-iron D 
between a body P and a bar- a 
magnet, as illuetrated in Fig. 

44(1) the body JP. can be 


D 
A ( 
Bhielied from the magnetic THE NES 
v 


effect of & magnet. This will 
be so because the lines of, 
force after entering the iron (a) (b) 
willnot pass out of it in the 3 
initia! direction since they will 
traverse the iron, as shown in 
the figure which is more permeable to them than air, 4e. a path of 
much lower resistance for their passage. The lines of force being thus 
deviated along the iron path, the body P will be made free from the 
influence of the magretic field. Similarly, by placing a hollow spherical 
shell of s»ft-iron in a magnetic field. it will be seen that there are no 
lines of force and therefore, no magnetic force inside the shell, So the 
space enclosed by the shell will be entirely free from the magnetic 
effects of the outside field, If a magnetic needle is placed inside a soft- 
iron ring, as at R in Fig. 4:(b), near a magnet, the needle will be 
screened from the action of the magnet. In the above cases, the magnetio 
material through which the lines of force crowd. leaving the exclosed 
space free from their action, acts as a magnetic screen. A sereen like 
this should be a sudstance of high permeability and suitably designed. 


Fig. 44—Magnetic Screening. 


So, magnetic screening is a method whereby „a certain space can be t 
protected from magnetic action. It is usually obtained by surrounding 
the desired space with a magnetic material of high permeability wherely 
the magnetic lines of force find an easter path to thread through 4 and 
are, sn effect, diverted away leaving the enclosed space free from magnetic 
influence, 


37. Localising the Poles of a Bar-magnet :—A compass-needle 
is placed oa a sheet of paper fixed on a drawing board Two large 
pins (P and P,) are fixed vertically on the table ( outside the drawing 
board ) so that the piece of thread joining the heads of the pins is 
parallel to the needle in its position of rest. The thread, thus ses up, 
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represents the magnetic meridian at the place of the experiment. 
Now the compass-needle is removed to some distance, the bar-magnet 
AB is placed on the papsr and its outline is drawn by means of a pencil 
(Fig, 45). 1 
The needle is then placed near one end of the magnet, ' In this 
` position, neglecting the effect of the other pole, which is at some 
distance, the needle is acted upon by two eouples,—one due to the 
earth's field, and the other due to the adjacent pole of the magnet. 
The board is then turned until the needle becomes parallel to the 
thread, i.&, until it is in the magnetic meridian. In this position, the 
` couple dye to the earth's field vanishes, and the needle is acted on 
only by the adjacent pole of the magnet. The positions of the two 
ends of the needle are then 
marked on the paper, and 
the experiment is repeated 
by placing the needle in 
different positions 1, 2, 3, 4, 
etc. near the same end of 
the magnet. The magnet 
snd the needle, are then 
remeved and straight lines 
are drawn through each pair 
of points. These lines, when 
produced inside the outline 
of the magnet, will meet 
Fig. 45—Localising the poles almost at a point near the 
of a Bar-magnot, end of the magnet. This is 

i T the position of a pole. 
Similarly, placing the magnet again on the outline and repeating 
the experiment, with the needle placed near the other end, the, posi- 
tion of the other pole can be located, The distance between the poles 
N and S, is called the magnetic length of the magnet. The magnetic 

. length is usually about 859, of the length AB of the magnet. 


38. Laws of Magnetie Force :— When two magnetic poles are 
Placed hear each other, thére is & forca between them (attractive or 
repulsive): whose value depends on their distance apart, the nature of 
the medium in which they are Placed, and the strengths of two poles. 
-The famous French scientist C, A. Coulomb (1735—1806) first deter- 
mined the magnitude of such a force. The following laws govern the 
action between two neighb.uring poles. . 


l. Like poles repel and unlike poles attract, 
2. (a) The force between two magnetic poles varies directly as 


the product of their pole strengths, when the distance teiween them: is 
constant. 1 X 3 
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. Thus if m, m' denote the strengths of the poles, d the distanee 
Wefween them, and F the force between the two poles, then, 

F= mm’, when d is constant. f 

Té is evident that if the pole strengths m, m' sre increased, the 
Force will be greater. 

(5) The force between two magnetic poles varies inversely as the 
dquare of their distance apart ; 

or, F« 1d? when m and m' are constant. 

Thus, if the distance is doubled, the force between the poles is 
weduced to z of its former value; when the distance is trebled, the 
force reduced to $ of the initial value, and 80 On. 


This law, viz. Fo E is known as the Law of Inverse Squares. 


Combining the two laws [(a) & (b)] we have Fo ma Ee 


mlaced and also on the units in which the pole strengths and the 
distance are measured. 


39. Unit Pole :—The unit pole (in the C.G.S. system) is defined 
me a pole of such strength as will be repelled with a force of one 


"digne when placed in air (or vacuum) at a distance of one centimeter 


from an exactly similar pole. Thus, if m=m'=1, and d=1 em. of 
wacuum or air, F becomes equal to one dyne ascording to this system 


æf measurement. Putting these values in the equation Fai k 


weduces to unity. That is, in the C.G.S. system, the force of action 
Ühefween two poles placed in air takes the form, ca 


z dynes, If 
She medium is other than air or vacuum and has permeability 4 
JI —1 X m'/uà* dynes. : 


40. Strength (or intensity) of a Magnetie Field :— 

"The strength or intensity of a magnetic field at a point is defined 
am the force exerted on a unit north pole placed at that point. 

A magnetic field has unit intensity when it exerts a. unit force on & 
wmit norih pole placed in it. 

In the C.G S. system, the unit of intensity is called an Oersted.* 
The strength of the field at a point is 1 Oersted, if. a unit north pole 
Se acted on with a force of 1 „dyne at that point. Thus, if a unit 
pole, placed at a point in a magnetic field, is: acted on by a force of 
10 dynes, the-intensity of the magnetic field at the point is 10 Oersted. 


** The anit of magnetic intensity used to be called a Gauss previously. The name 
Gauss ís now-a-days used to represent the c.g.s unit of magnetic flux density. 
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Remember that if a field has a strength of H Oersted, then the 
force exerted on 


a pole of 1 unit strength = H dynes ; 
a pole of 2 units strength =2H dynes; » 
a pole of m units strength mH dynes. 


Thus, if F be the force in dynes on a magnetic pole of strergth 
m units ata point in a magnetic field of strength H Oersted, then 
F=mH dynes. 


Note —The field strength H is a quantity which possesses 
direction as well as magnitude, i.e. it is a vector quantity, the direction 
at any point being determined by the direction in which a N-pole 
points there. When it is necessary to indicate the direction as well as 
the magnitude of this quantity, term magnetic force is used in place of 
field strength. 

t 

Examples.—1.¥ Two N-seeking point-poles, one of unit strength and the other 
of strongth 2 units, are placed at A and C of a triangle ABC having sides AB, BO 
and CA equal to 3, 4 and 5 respectively. * Determine the resultant force on a nnit 
N-polé at B, 3 


Ans. Since 5*—9* +4", the angle at B is a right angle. 

Repulsive force at B due to 4-2} dyne, and that due to c- ETE 
dyne, Produce AB and CB and draw the parallelogram of forcesaí B. The 
parallelogram will be a rectangle, and hence the resultant force is given by 


Ves Q - Vargo dyne. 


2. Two exactly similar poles are placed at a distance of 8 ems. apart in air 
end the force between them is 9 dynes. Calculate the force in gram-weight when 


they are 4 cms. apart. (Rajputana, 1943), 
Ans. Let the strength of each pole be m units. Then, by Coulomb’s law, the 
force yam dynes. Hence r=" (^ mem) - 9-7; < m=} 24 units. 
The + sign’ shows that both poles "may be north poles, or both may be south 
poles. The force F’, when they are 4 cms. apart, "ICI Lgs dynes. Now, 981 
dynes—lgm.-wi  . 1 dyne- 1. gm.-wt. .. 86dynes— :96..4 gm.-wt. 
981 981 109 


41. Magnetic Potential:—A magnetic pole placed ata point in 
the field of another magnet possesses potential energy ; for, a single 
N-pole, if free to move, would move along the line of force, the work 
being done by the sytem ; again work will be done against the system, 
if the pole is brought to the point against the magnetic field. 
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The potential eneray of a writ N-pole placed at a point in a magnetie 
field, i.e. the work done in bringing up a unit N-pole from infinity (a 
point of zero magnetic intensity) to a point against the magnetic field is 
called the magnetic potential at the point. If the magnetic potential 
at a point is such that 1 erg of work is needed to bring a unit N-pole 
to the point from infinity, such a potential is called a unit magnetic 
potential in the C.G.S. system of measurement. 


42. Potential at any point due to a pole :—Suppose there is a: 
single N-pole of strength m placed at a point O. Let us find the 
potential at the point A at a distance a from O in its field. Join O to 
the point A and produce the straight line up to B at a distance b from 
O. Let the distance AB be divided at a large number of points 
Ax, Av, As,...dn. whose distances from O are 41, 42, ds.. an res- 
pectively, each being equal but infinitely small. 


€——— Mà =] + 


VEI pee Sm 
quA CUI Des EUR pu ees E eet SOROS 


Fig. 46 


The magnetic intensity at A (being near to O) is greater than that 


at 4, and so on. According to the Laws of Inverse Squares, MMe ; 


but here ms —1 and m; =m. 

The force acting on a unit pole at A=m/a* 

» » » . > eh mla,” 
-. The average force between A and 4; 
=i m j- ete) ; ^ 
9 a? a í x 

-n[ 2ta? — 9024 za] 
2 a*a“ 
an o =] 
2 Gay i 
But as 6, —a is infinitely small, the term (a, —a)* may be neglected. 


Thus, the average intensity = ; or the geometric mean. 
1 
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‘The work done in bringing a unit N-pole from' 4 to A c (la-a) 
1 


agna. 
9, 


WM e RE ae it oy dg bo cmm (LL 
1 G2 
di UNS E ANS w. " "OTI ds to da=m( 1-1 
a Qs 
| "The work done in bringing a unit N-pole from 

An to An-1 m aa 

Mom woe no mn Boden mph-1 

" 


The total work done in bringing a unit N-pole from 
I 
A-ml|t-). 
B to m ae 


Now, if the point B beat infinity, b= = ; or i-i-e 

The total work done in bringing a unit N-pole from infinity to 

A= 
But the work done in bringing a unit N-pole from infinity to A =the 


x + distance 
Remember— (1) If an S-pole is placed at O, the pole strength 


is—m ; and the potential at A= se n 


813 


Potential at A so the magnetic potential at A -- 


(3) Potential is a scalar quantity. If at O, there be another 
N-pole of strength mi, the total potential at A [etm] 


48. Intensity and Magnetic Potential ata point due to a Bar- 

magnet :—Case I. End-on position (A-vosition of Gauss) :—The end- 

on position or A-position of Gauss 

s oS Tee s PRE > represents any point on ar axis of 

EN. eee Ake the magnet NS produced both ways 

SEZRLN $ P to any distance. Let P be a point 

end-on with respect to the magnet NS 

Fig. 47 of effective length 91 (Fig. 47). Let 

` its distance from the centre of the 

magnet bed and let the strengths of the n- and s-poles be respectively 
+m and —m. 


+---21---> 
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+m 
(d4-1)° 


a) 
The intensity at P due to +m at N= slong OP and that 


> 


— m along SP. Hencethe resultant intensity: 


tPd = = Oo 
at P due to -m at S xl 


(Pis Pag Pegg = 
a He a-y Gp" m-re (eo , where M(= 9ml) 
is the moment of tha magnet. 

If the magnet be very small so that d*2- 71^, then the intensity at 
P will be given by F=2M/d*. The potential at P due to n-pole : 


is Vai and that due to s-pole is Vs =- . Hence the resultant 


i dci 

1 LOL. hai TA 2 2m. _ M 
potential (acalar)at P=V=Vat V, "(ii ins ae: 
When d» 1, YA. 


Oase II. Broad-side-on Position (B-position of Gauss) :—Any 
point on the equatorial line (i. the line along the perpendicular 
bisector of the magnetic axis of the magnet) 
represents the broad-side-on position or B 
position of Gauss . 

Let NS be a magnet of length 2l. and P 
any point on the equatorial line of the mag- 
net at a distance d from ifs centre (Fig. 48). 

Let 6 be the angle subtended by the lines 
PN or PS with the axis of the magnet where 

"ONT l Ay = [gp 
cos 0 PN Jam PN-Jd'-ci*) 
Intensity at P due to +m at N 

— 


m 


VERA AU aeons 

=pyt atti? along PT. PTET 
> E 

Its components along OP and PR ` which Fig. 48 


` " m 5 m 
is | to NS, are respectively @+p 6 and Pa COs 0. 


E$ 
Again the intensity at P due to — at eier = dud slong PS 


C^ mis —v6). 


xd. ay > 
Ita component along PO= Pis sin 0 and that along PR= 


e cos 9. 
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As the sine componenta of the two intensities are equal and 
~-Oppositely directed along the same line, they cancel each other, So 
-the resultant intensity at P is F=sum of the two cosine components 

2m 2m i 
rod C EL he ees 
d) @ +) sx 
oM as 
CH He 
It @°> >1?, (for a very small magnet), 
M 
F= d* 
The potential at P due to N-pole=+m/PN and that due to 
8-pole = —m/PS. X 
As PN-— PS, the resultant potential at P is 


Pa 0 potential is a scalar quantity). 


Examples 


1. If the feld at a point on the equatorial plane, 15 cms. away from a magnel of 
tength 6 cms., is 02 oersted, calculate the moment of the magnet, 


PAD PUES ae ? 4 12)3/1 20: ?.4.9*)3/3 «71:5, ; 
Ans, H: weep’ Hx (d* 4-07)3/* 20:2 x (15 SEM 7158 units, 


2. How much work would be done in turning a magnet of moment 600 c.g.s. 

units through an angle 30° from its equilibrium position im the-meridian, i 
70730 oersted Li ( Utkal U. 1953 
Ans. W=MH (1—cos 0)=600x ‘8(1—'866) =180 x 194—24'12 ergs. 

4t. Intensity and Potential at any point due to a Short Magnet 
for a Magnetie dipole) :—This problem can be solved as a corollary 
to the previous article, if we accept the magnetic moment to be a 
vector quantity. Let NS be a short 
magnet of effective length (1, and P any 
point in its field having coordinates (r, 6) 
with respret to the centre of the msgnef 
lie 8 the distance OP=r and the inclination 
ô of OP with the magnetic axis is 4), 

To calculate the potential and intensity 
st P due to NS, let the moment X(—2mi) 
of the magnet be resolved into two compo- 
nents, Mı =M cos 9 along the radius vector 
r,and Ma M sin ô at right angles to OP, 
MW, may be supposed to bea short magnet 
" of moment ‘cos 8. P is end-on with respect 
Fig. 49 to Mı. Hence the intentity at P due to 


this component is 
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Similarly, P is broad-side-on with respect to Mz component. Henee 
the intensity at P due to this component, 


proe Meint slong pr. 


So the resultant intensity at P is, by parallelogram law, given by, 
COA PET A LUTE OAS 
e go (08 cos ‘) [Ese 4) =i cog" y -sin*d 


- (3 cos*0-- 1) 


Its direction with the radius vector is given by <, 
tan 4 


where tan PTT : 
So «—tan * (9. 


Hence the direction of the resultant intensity is such that it cuts 
the axis of the magnet produced at X, the perpendicular XQ from which 
dropped on OP.dividing it in the ratio OQ/QP — 1/2. 


Similarly, the potential at P due to a - =M aan 9 
T 


and tha 


due to My —0 (brod-side-on position), 
/. The resultant potential at P due to the short magnet of 
moment M is 
M cos 0 
Ve RETE ° 


Questions 


1. State the properties of lines of force, and explain how they are plotted. 
(G. U. 1951) 
2. Describe what is meant by a line of force due to a magnet. Two bar-magnots 
aro placed end to en? with their north poles towards one another, separated by a fow 
inches. Draw the lines of force in the plane of paper, neglecting the effect of the 
earth’s field. ` (O. U. 1924, '49) 
3. A bar-magnet is placed in the magnetic meridian with the S-pole pointing 
north. Explain why neutral points are produced. (0. U. 1946) 
4, Draw roughly the lines of force due toa bar-magnet placed with its north 
pole towards east, and indicate the position of the Neutral points, (All. 1944) 
5. Exp'ain why carpenter's tools are sometimes magnetised. How will you 
protect a watch from magnetic disturbance if you have to work for a long period. 
near powerful magnets ? (Pat. 1994) 
[Hints.—Carpenter's tools are sometimes magnotised due to the inductive action 
of the earth's magnetism.) . 
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8. What wonld be the effoct of magnetic field on placing a smalI ring of soft 


iron (with its Plane parallel to the Plane of the Paper) in the space botween twe 
morth poles ? (C. U. 1924 ; of. 1933, ‘Bap. 


7. Explain permeability, susceptibility and coercivity. Explain magnetic 
aereoning, . 


(è) strength of the magnetic field. 3 
Draw lines of force Surrouading a bar-magnet when it is placed with F 


North pola pointing north, (b) North pole pointing sonth. (0. U. 
9. Describe how you would proceed to datermine the position of the polea of a. 
bar-magnot. (C. U. 1992, "96, ^80, '81, ‘Sa 
10. State the inverso Square law between magnetic ‘poles. How does it depemd 
en tha nature of tho medium » (East Punjab, 1953) 
11. What is the force exerted between two magnetic poles of Strengths 94 enë 
86 unifs at a distance of 12 ems. from another ? (C. U. 19287. 


(Ans. : 8 dynes.] 

12. Two poles one of which is 5 timos As strong as the other exert on eacli: 
other a force equal to the weight of 800 mgms., when placed 10 cms. apart. End 
the strength of each pole. (Rajputana, 1940), 

[4ns.: 4Jg; 204g] 


13. Explain what is meant by saying that the Pole-strength of æ ma, ot iis 
50 nita. (U4 1949). 


Find tho force betwoon two like magnetic poles each of Strength 90 nnits amd 
placed 5 oms. apart. What is the intensity of the T'ainetic field due to these polen. 
at a point 5 cma. from each ? (€. U. 1957). 

[4ns.: 16 dynos ; 1:39 Oersted.] 

15. Stato tho laws. of action “between magnetic poles, Two north pol , 
ono another with a ‘force of 9:4 dynes, when their distance apart ia. 2 ene What 
will be thoir distance apart, when the force js 9'6 dynes? Find also tho ropn]sive- 
forco when their distance apart is 3 cms. ' (C. U. 1916, '25 + Dac. 1985). 

[dns.: d=163 ems. ; P=1°07 dynes.) Y r d 

16. Mngnetio N-poles of strengths 50 and 90 units aro placed at the cornors. 
B and Q of an Dib ara triangle ABO of sidos 10 cms. If a S.pole of strength 
80 bo placed at 4, find the resultant force on A, (Pat. 1948). 

[4ns.: 988 dynes.] 


1T. What do yon understand by the.terms * notic intensity’ and tui 
How aro the two rolated to one another ? PLU 7 (Dol. P rur 


— 


(Pat. 1958). 
8. Explain the meaning of the following terms : (a) Mugnotic momant, , 


CHAPTER IV 
Magnetic Measurements 


45. Uniform Magnetic Field :—A magnetic field is said to be 
unifótm when the strength of the field ig everywhere the same, both 
in magnitude and direction. Such a field is represented by s aystom 
of lines of force which are parallel In such s field a compass acedle 
will vibrate at the same rate everywhere. Zhe forces exerted on a 
magnet in a uniform field form a couple. 


Expt.—Suspend s bar of steel in a suitable carrier by a long unspan 
silk thread, Allow the thresd to pass through a hole (without touching 
any side) iu s horizontal plate fixed to the. suspension frame. Now 
take away the bar, mapnetise it and carefully replace it in the carrier 
in exsetly the same position as before when the thread will be found to 
hang in the same way (ie, without touching the plate), Is will, how- 
ever, turn to-apd-fro about the thread, and finally sot itself along the 
magnetic meridian at the place. This shows that no resultant hori- 
zontal force acts on the magnet as a whole, but the forces form & 
couple. They tend only to rotate the magnet and nob to move ib 
bodily in any direction. Hence the action of the uniform field is not 
translatory but only directive. 


46. Equality of the two poles of a Magnet :—Tho two poles of a 
magoet may be proved to be of equal strength. Let m aud m' be the 
pole-strengths of the north and south poles of the magnet. Then the 
forces acting on the poles, when placed in a uniform field of strength H 
(e g. the horizontal component of the earth's fiela), are mH and m'H. 


Now, if a magnet is freely suspended at ita 
centre of gravity, it will be found to set itself 
in the maguetic meridian and there will be no 
tendency of the magnet to move as a whole along 
the direction of the reld, This tect can also be 
Bhown exoerimentally by placiog a magnetic 
needle on a cork floating in a large bowl of 
water (Fig. 50). T'he cork wall be found to rotate 
until the needle lies sn the magnetic meridian. 
ġe., points north and south, or, in other words, Fig. 50 
there will be a motion of rotation of the needle and not of translation 
(vide also Ch. V). 


In the position of equilibrium the forses, acting on the needle dup 
to the earth's magnetic fi-Id, neutralise one another, $e. they are equal 
in magnitude and opposite in direction ; 


‘ ie mH=-m H; or, m--m, 
Vol. II (M)—4 
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t.e. the poles of a magnet are equal in strength but opposite in kind. 
This experiment also proves that the earths field at the place is only 
directive. 


47. Non-uniform field :—In a non-uniform field the forces acting 
on a magnet are equivalent to (i) a couple, and (ii) a force acting sb 
its centre of gravity, the result being s motion of translation and not 
merely a directive one. 


In the above experiment it is seen that floating magnetic needle 
aimply rotates into the meridian as the field in this case is uniform. 
But if another magnet is brought near, the needle will rotate and also 
move towards the magnet, the latter movement being due to the force 
acting on the needle as a whole, 


48. Magnetic Moment :—The magnetic moment of a magnet is 
defined as the product of the strength of one of its poles and the 
distance between them. 


It m be the pole strength of a magnet of length 91, the magnetic 
moment M=2ml. 


The effect of a magnetic field in causing a magnet to rotate about 
an exis depends upon the product 2ml, ie. the magnetic moment of 
the magnet. 


49. Couple on a Magnet placed in a Uniform Field : -Suppose 
a magnet NS of pole strength m and length 2} cecillates in the earth's 
aniform horizontal field (Fig. 51). j 


Let the axis of the magnet make an angle ð with the megnetie 
meridian af any instant of time, and 
let H Gaues be the inter sity of the 
uniform field. Then the force acting 
on the north pole of the magnet is mH 
dynes in the direction TN, and on the 
south pole there is a force mH dynes 
in the direction PS. These two forces 
are equal and parallel and constitute 
a couple. 

The moment of the copule en 
NS —one of the forces X perpendieular 
distance between them —mH X PT 
3 =mHX2} sin N=2mH sin 6 
Fig. 51 —MH sin 9, (2ml =M. the moment 
of the magnet). 

This expression is equal to M, when 9=90° and H=1. 


Thus, the moment of a magnet ts mumerically equal to the 
moment of a mechanical couple required to be exerted on ihe magnet 
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to keep the magnet at right angles to a uniform field of unit 
strength. ) 


50. Work done in Deflecting a Magnet :— 
When a magnet CD placed in a uniform field 
of strength H is deflected through an angle 0 
(Fig. 52), the pole C moves through an are AO, 
which is equivalent to the distance AB along 
the direction of the field; the work done in 
moving the pole C against the magnetic force= 
force X distance=mH X AB, 

Hence the total work. done on the two 
poles=2mH X AB=2mH (40— BO) , 
=2mH (1—1 cos 0) -9mlH (1—cos 60) where 9l 
ia the length of the magnet 


= MH (1-— cos €). n 
So, when 1=90°, work done— MH, and when 
8 —180', work done=2MH. Fig. 52 


51. Two Magnetie Fields at Right Angles to each other: 
Tangent Law :—Suppose a magnet NS (Fig.51) is hung up in two 
¢rops-magnetic fields, one being the earth's magnetic field of intensity 
H, slong the meridian and the other of strength F acting at right 
angles to the meridian. The magnet will take up a position of equili- 
brium making an angle ô with the direction of the earth's magnetic , 
field under the action of two couples (one consisting of two parallel 
forces mF, acting at each end of the magnet due to the foce F, and 
the other of two parallel forces mI, due to the earth's field Z7). The 
moments of these two couples-are equal and opposite when the needle 
is in equilibrium. 

The moment of the couple due to the forces mF 

=mF X 9l.cos 6= MF cos 0. 

The moment of the couple due to the forces mH — ME sin 0. 

Since the two couples balance each other, MF cos 0 — ME sin 6, 

Hence, F=H tan e. 
$e. in this case the tangent of the angle of deflection is equal to the 
ratio of F to H. 

Again, if H is a constant field (it is constant if it is taken to be 
earth's field), we have, F œ tan 0. 

This is the Tangent Law. 4 

Note —(a) The law is applied in many instruments where a 
eompass-needle is deflected away from the magnetic meridian by a 


uniform magnetic field acting at right angles to it. In these cases each 
pole of the needle is acted on by two forces— y 
(i) a controlling force parallel to the meridian. The foree is 
generally due to the horizontal component H of the earth's field. 
(sa deflecting force F acting at right angles to the meridian. 
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(b) It should be noted that in d»ducing the Tangent Law, the 
moment, and hence the pole strength m of the needle cancelled out 
and so, in applying this law to magaetie experiments, the actual 
strength of the needle used is a matter of no importance. 


Examples.—1. A freely suspended magnet of moment 980 c.g.s. units is deflected 
through 60° by a couple. Calculate the magnitude of this couple. (R. U. 1951) 


Ans. Here moment M of the magnet =980 c.g.s units. Let the uniform field be 
H Oorsted. When deflected through 60°, the deflecting couple which equals the 
restoring couple is given by, y 
MH sin 0—980 x Hx sin 60° 
7490 x ./3H dyne-cms. 


2. A magnet 8 cms. in length lies in a field of intensity H=0°18, and the 
strength of each of its poles is 5. Find the moments of the couple required. to deflect 
$t at right angles to the magnetic meridian. (C. U. 1932) 


Ans. The moment of the couple is given by MH sin 0. In this case 
M=8x5; H-018; sin 0=sin 90 —1. Thus the moment of the couple 
=8x5x018x1=7'2 C. G. S. units. 


8. A magnetic needle of moment 900 and pole strength 50' C. G. S. units is 
pivoted so that it is free to move in a horizontal plane where the earth's mag- 
netic field is 0'36 Gauss in this plane. It is in equilibrium at an angle of 30° 
from the meridian where it is pulled by a string attached to its north pole in the 
easterly direction. What is the tension of this string ? (Pat. 1932) 


Ans, If H be the horizontal field and T the, tension of th» string the moment 

of the couple due to the pair of forces (mH'=MH sin, where 9 is the angle of 

, deflection and M the moment of the magnet (vide Fig. 51). This couple is balanced 

by the force due to the tension 7, the moment of which about the centre of the 

magnet=T x} cos, where 21 is the length of the magnet. Hence, for equilibrium, 
Tl cos 0— MH sin 0 ; Here M=900; H=0'36; 0=30° ; 


M _ 900 


Em Ox On, 


and l= 


^o TX9x 43900 X086x3, whence T=208 dynes. 


4. (aY A magnet is suspended horizontally in the magnetic meridian by a vertical 
wire which is untwisted. In order to deflect the magnet through 45° from the 
meridian the upper end of the wire has to be turned half round. Show how much the 
upper end has to be twisted to deflect the magnet 60° from the meridian, 


Ans. For equilibrium two couples act on the magnot when itis deflected 
through any angle #,—(i) a deflecting couple du» to the torsion of the wire tending to 
turnit out of the meridian, the moment of this couple being proportional, within 
limits, to the angle of the torsion, (ii) a contro'ling couple the momen: of which is 
MH sin 0 tending to bring the magnot back into the meridian. So, we have— 


(i) Angle of torsion=(180°—45°), because the upper end of the wire is 
turned through 180°, while the deflection is 45° 


- (180° = 45°) œ MH sin 4:9 ak X Aa No (ap 
(i$) Again, it oc be the required angle of torsion, 
(«°-60°) oc MH sin 60° aa i ir 6r gy 
alis: RÀ 
A 2) (4-60) _ sin 60°_ J/3/1 2N9.4. , 
From(1) & (35.5 sin459 9 AT dari 


s. «° = (135x 1°23) +60° — 226", 
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(b) Another magnet B is similarly suspended by the same wire as the magnet A 
in the above example and in order to deflect B through the same angle the wpper end 
of the wire has to be turned once round. Compare the moments of A and B. 


Ans. For the magnet A we have (180* —45^)oc M , H sin 45° and for B, 


we havo (860°—45°)ocM,H sin 45°, ., Ms __180°-45° 195 9 

; M, 360°- 45° 315 7 

52. Magnetic Field due to a Bar-Magnet in Two Standard 
Positions :— . 


(i) End-on Position,—At this position the point P at which the 
intensity is to be measured is on the magnetic axis of the magnet 
(Fig. 53). 

The intensity of the field a& the point P is measured by the force 
exerted on an imaginary unit N-pole placed at P. 


A unit N-pole placed at P will experience (i) a force Fp due to the 
N-pole of the magnet repelling it from the magnet and (ii) a force Fs 
due to S-pole drawing it towards the magnet. 


Because Fy and F, act in 
the same straight line, but in 
opposite directionr, and since 
the N-pole is nearer to P than 
the  S-pole Fn is greater 
than P, The resultant force 
F will act in the direction 
SN, snd wil be equal to 
F-FQ- Fs. 

mx1 


We haye Fa= pt and P,— 


EL Les 06, 
Then F WP?” sp? 
Let d denote the distance cf P from the middle point O of NS, and 
2i the length of the magnet ; then, we have, 


mxl 
SP?‘ 
(where m is the pole strength). 


ERMS One! quer ur [erm et 
(4-1?  (d+i)* (d-1)*(d-+1)* 
iml .. 2Md — —— LL (1) 


-gt-my qn-ry 
since 2ml — M, the moment of the magnet. If/ is very small compared 
with d, 1% may be neglected compared with d°, and the force 
becomes, P= ie d units of intensity ht er (2) 

Thus the intensity F of the magnetic field at a distant point P due 
to a short magnet in the end-on position is given by, 


=M E N (3) 
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(i) Broad-side-on Position.—In this case, the point P is on PO, 
"the perpendicular on the axie of the magnet at its middle point (Fig. 54). 
The magnetic force Fn at P due to N-pole— m/NP* in the direction NP, 
and F, due to S-pole=m/PS? in the direction PS. 
Then the resultant force F acting on an imaginary unit N-pole, 
situated at P is to be calculated to 
find the field strength there. 


Denoting the two forces, Fn and 

F, by the lengths PA and PB res- 
pectively and completing the para- 
llelogram, the diagonal PK represents 
in magnitude and direction the result- 
ant force F at P. Since the two 
triangles NPO and SPO are equal, we 
have NP=SP. Therefore, the forces 
Fn and F, are equal in magnitude and 
so the lengths P4 snd PB of the 
parallelogram PAKB must be equal. 
Since PA=PB, the diagonal PK, 
- which is the resultant, must bisect the 
Ag. B4 angle APB and will be parallel to NS. 


^. It Z APB —0 the resultant PK*=PA*+PB*+2PAX PB cos 6. 
That is PK? 22PA*-F2PA? cos 0—2PA* (1-4-cos 6) : 


-apAt (i-a cos* $1 ) 


6 2 3 
“enrol 
4PA* X cos 5 (77. x (sos AP) 
m_\* ( ^ m V./NOY*. 4m*i* 
x =4 —— i| eB 
us cos PNO) di) XIND) (NPF 
92ml . 
NP 
M. M 
NP* NP FT) 
ET WIW 
V (a+r) (ato 


If lis very small compared with d, this becomes, 


=4( 


S PK=F= 


, since NS=2l, and PO=d 


dou. units of intensity TT X (4) 


.'. The intensity of the magnetic field at a distant point P due to 


a short magnet in the broad-side-on position is given by, r-K. 


—————: 
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Note.—(i) The force at a point on the bisector of the amis is only 
half as great as ihe force at an equally distant point on the prolonga- 
tion of the azis. 

(ii) The force depends on M. So the force remains unaffected 
by replacing the magnet with another of different length, but of equal 
moment, the axes being placed in the same direction. 

53. Determination of Pole Strength and Magnetic Moment of a 
Magnet :— 

(i) By means of Neutral Points.— 

When s bar-magnet is plated in a certain position relative to the 
magnetic meridian (Figs. 27-30), neutral points are obtained due to 
the neutralisation of the earth's horizontal magnetic force H at the 
points by the forces due to the poles of the magnet. 

(a) In Fig. 28, the field F at the neutral point A due to the 
magnet = 77. 


Bat V absit (Art. 5$3()). ^. Ho ge and 
_ H(d* -1*)* ; 
M= —— — —-, where d is the distance of A from the centre of the 


9d 
magnet. But M=pole-strength m length of the magnet 2} ; 


(o gioHat-mrs on omar pt 
i 2d epi 4id j 


Knowing, the value o' H, the value of M or m can be found from 
the above. 


(b) In Fig. 27, di [Art 52(5)). .. At the neutral 
(d*--19) 
point, 
H= M... or, M2 B(* IS, end m 
(2* 1*)* 

(ii) Another Method.—In the end-on position, when the magnet 
is long, the force F at the neutral point may be regarded as entirely 
due to the north or south pole which is near to it and the force due 
to the other pole may be neglected. 

A X PTS Aoi ei . 

t the neutra! point, F=H. But saga mut | 

or, m=d"H, where d is the distance of the neutral point from the 
pole. Thus, knowing H, m can be found. 

(ii) By applying the Principle of Triangle of Forces.— 


The following two examples will explain this— 
(1) A bar-magnet with its poles 10 cms. apart lies along the mag- 
melio meridian with its north pole pointing north. A neutral point 


Hat 
ai. d 
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is obtained 15 cms. from each pole. Find the pole-sirength of the 
magnet. The intensity of ihe earth's field is 018 Gauss. 


Ans. By Arb. 52(ii), the resultant fcree = =H, at the 


i (a° +1"? 
8 
neutral point. Here (2* 4-1*) -(48)* ; or, (AN)* 5 15*. (d? F1? —15*. 
and M-mX 10, where m=pole-strength. .'. eo 18; 


d 3 
orn m Tix 60 75 units. 


Otherwise thus :—This can alro be done by the application of 
the principle of ‘the triangle of forces. Ifa unit north pole be placed 
at the neutral point A (Fig. 26°, it will be in equilibrium by the action 
of three forces, two due to the two voles, which are in this case equal, 
and the third due to the earth. These three forces can be re presented 
in magnitude and direction by the sides NA, AS and SN of the triangle 

_ASN; of which SN drawn. parallel to the horizontal field Hin the 
direction S to N represents H, and similarly NA and AS drawn parallel 
to the directions cf the other two forces represent the forces m/16* 
and m/15 respectively, According to the principle of triangle of force 
the forces will be proportional to the sides to which they are parallel, 4.6. 


m/15° _ AS , m/5* 15 . L15X15* X018... c0. 3 
H AN! on od) 95 ie hay Oak 60°75 units. 

(2) In Fig. 30, where the magnet is placed in any position with 
respect to the earth's field, the pole-atrength can be calculated thus.— 
As in the last example, draw the sides CA, AB, BO oí the triangle 
QAB, parallel respectively to the directions of the forces m/d,*, 
ml/da? and H, the earth's field, where di=NA, dg=AS. S89, we 


" í 
have, midih OR ng mide ŽAB, from any of which m can be 


HERO: RIS BENRO 
calculated after actually measuring the sides of the triangle and also 
the distances of A from the poles of the magnet. 


(iv) By Oscillation Magnetometer,— [vide Art. 63(i2)]. 


54. Action of a Magnetic Needle in two Magnetic Fields at 
Right Angles :—The combined effect. of the earth's horizontal field 
H and the field due to & distant bar-msgnet lying east ard west on 
s“ small pivoted or suspended magnetic needle is considered, and of this 
the following two important cases arise. 

_ (a) Tangent A-position of Gauss.—A _bar-magnet NS is placed 
niger its axis is perpendicular to the earth's field, and is so placed that 

e axis ia in line with the centre cf a small suspended magnetic needle 
N'S (Big. 55), če. the centre O' of the magnetic needle is at an end-on 
position’ with respect to the magnet NS, 
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If mba the pole-strength of the magnetic needle N'S', the needle 
will experience two couples—one consisting of two parallel forces, mH 
dynes due to the earth's field 
H acting on N' and S' parallel 
to the meridian, and the other, 
of two parallel forces mXF 
dynes, dae to the field F of the 
par-megnet acting on N’ and S’ 
perpendicular to the meridian. 
N’S' being small, the field at N’ 
and S’ due to NS may be taken a 
as equal to that at O'. The Fig. 55 
latter couple tends to get N'S' at right angles to the meridian. 


When the needle is in equilibrium making an angle 0 with the 
direction of the earth's magnetic field, the moments of the two couples 
are equal and opposite (vide Art. 51). 


-- The moment of the couple due to the forces mH, called the con- 
f trolling or restoring couple— M'H sin 0, where M' ig the magnetic 
moment of N'S' and that due to the forces mF, called the deflecting 
couple — JF cog 0. 
Since the couples balance cach other, M'F cos 6=M'H win; 
or F=H tan 9, 


H 
4 
| Bat F= E. [Art, 520), 
i (where M is the magnetic moment of N8). 
i oMa d. 
Cr Garp H ten 0; 
Mes 9.12)? 
E 2 uar y PEU, CH 
bj It l be small compared with Hn 
mH i? may be neglected, and equation (5) 
pi becomes M_4 tano LENG) 
tot H 2 
N 9o ut S I. 
PORE EN (ii) Tangent B-position of Gauss.— 


In this case NS is placed at right angles to, 

Big. 56 the earth’s field and the centre of N’'S' is 

in line with the normal through the middle point of NS (Fig. 56), 4.6. 

ithe centre of needle N'S' is at & broad-side-on position with respect 

to the magnet NS. 

As before, the moment of the couple due to the forces mH, i.e. the 

restoring couple=M'H sin 0 and that due to the forces mF, ie. the 
deflecting couple= M'F cos 0. 
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Since the couples balance each other, M'F cos 0— M'H sin t. 
or F=H tan 8. 


But in this case F= pete ie) (Art. 62(é)] 


(d?+1")3 
(where is the magnetic moment of NS), 
P MU M. (aspi 
Re ——, =H ten 0; or, F=(d +1")? tan o ANY 
(a? FP) 
If } be small compared with d equation (7) becomes, 
t M_ gs 0 i 
; H tan "t RENT CE 


Note.—The above two cases are known as Tangent positions of 
Gauss as in each case the forces are at right angles, and, therefore, 
the Tangent Law (Art. 51) applies. 


Problem.—Two. magnets of the same type, but of moments 'M` and 
‘2M, are mounted on a frame so as to forma cross: If the combination 
ts su: pended, at the centre with a vertical fibre, find the direction in which 
it will set in the earth's magnetic field. 

Calculate also the intensity of the field at a distance ‘d’ from the 
centre of the cross on the prolongation of one of the arms. (Pat. 1928) 

Let NS be the magnetic meridian, and let < be the angle which the 
axis of the magnet NiS; makes with NS, and P the angle which the 
axis of the other magnet NsS2 makes with NS-(Fig. 57). 

Let the couple on the magnet N18: (having moment 2M) be 2M 
sin 4 tending to rotate the system counter- 
clockwise, and that on the other (having 
moment M) be MH sin Ê tending to rotate 
the system clockwise into the magnetic 
meridian (vide Art. 49). For equilibrium, 3 


2MH sin 4=MH sin Ê PACI) 


^. 9 sin 4=sin D. But, because the angle 
between the two magnets is 90°, we have, 


sin B=cos 4, 
i <. Qsin X-cos %...from (1); 


or, tan <=§. 
Hence the system sets with the magnet 
3 of moment 2M at an angle with the meri- 
Fig. 57 dian whose tangent is $. 
(a) Intensity at the point P at s distance d (supposing d to be 
large) from the centre of the cross on the prolongation of the axis of 


$ 
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8N, is 2M/d® in the direction of NaP produce*, and that due to 
N.8, is 2M/d? in a direction parallel to the axis NaSi (vide Art. 52, 
4 and ii), 
MM 11MM D 

.. The resultant intensity n- AJ «(2 LEM 

(b) When the point P is placed at a distance d on the prolonga- 
tion of the axis NiS;, the intensity at P due to N38, is 4M/d^ in 
the direction of N,P produced, and that due to NeSs is AM/d* in a. 
direction parallel to the axis of S2N2. 


2 2 
.. The resultant intensity n-A/ ma TEA asmu 
Examples.—1. A compass needle is placed 30 cms. to the east of a small magnet 
and the meedle'is deflected through 45°. Calculate the moment of the magnet and 
Be pole strength, if the length is 6 ems. The value of H may be taken as 0'354 
AUSS. 


ae 
2d 
M (83-3) x1 

0352 2x33 


Ans. We have, ue tan 0. In this case, H=0'352 ; d=80+3=38 ems. ; 


l=3 cms. .", or, M=6220'8 units. Pole strength x length == 


moment of the magnet. .. Pole strength= = 10368 units. 


6220 8 
V 6 
2. There is to be found a neutral point on the prolongation of the awis ef a bar- 
magnet at the distance of 10 cms. from the nearest pale. If the length of the bar be 10 
ems. and H=0'36 C.G.S. unit, find, the pole strength of the magnet. 
(Pai. 1931) 


Ans. The resultant force F= i —— m 


But this force F is exactly neutralised by the earth's horizontal field H, i. e. by 
the force 0:36 dynes. 


Thus, om =0'86. 3 m= 100x038 ...18 units ; or, Pole strength 48 units, 


Otherwise :—By Art, 52), Fo 2d =H, Hore d=10+5=15 oms. 1-6 ems, 


wh 
0:36(15* —5*)* $ M_480_ ? 

s. Mf 0 8615" —9) ..480. ,. mm. —— —48 unita. 

2x15 480. m a1” 10 units 


3. An unmagnetised steel needle is pivoted at its centre of gravity and rests 
horizontally. It is then magnetised and it is found that it no longer rests horizontally 
when pivoted at the same point ; when a load of 0'05 gm. is placed on the needle at 
a distance of 5 cms. from ats centre of gravity, it becomes horizontal again. Calculate 
the magnetic moment of the needle. [H=0:25 Gauss ; g=980 cms./sec.? ; Angle of 
dip =30° | (Pat. 1948) 

Ans. et m be the pole strength and 21 the length of the magnet, and V the- 
vertical component of the earth's field. 

Taking moments of the two forces about the C.G. of the needle, after it it- 
xaagnotised, we have, 0'05g9x5=Vml ; or, 0'05 x 980x 5—H tan 30° x nie x mi. 


+, mi-980,/8. Hence M=Iml=1960,/3 0.4.8. units. 


60 INTERMEDIATE PHYSICS 


55. The Magnetometer :—It consists of a small compass needle 
pivoted, or suspended, at the centre of & graduated circle, divided 
into four quadrants each reading from 0° to $0°. The needle carries at 
its centre a long aluminium pointer at right angles to it, The needle 
is enclosed in a wooden box provided with a glass top through which 
the movement of the needle can be watched. The coyer glass prevents 
air currents from disturbing the needle. The compass box is mounted 
on & wooden base provided with two collinear long arms on either side, 
each being fitted with a metre ecale so that the zero marks of both the 
Scales begin from the centre of the needle (Fig. 58). Usually there is a 
reflecting mirror at the bottom of the circular scale, The position of 
an end of the pointer is read against the scale ; when looked at vertically 
downwards, it coincides with the image produced in the mirror. This 
instrument is known as a Deflection Magnetometer. 

A magnetometer can be used for (a) comparing magnetic moments ; 
(b) comparing magnetic field strengths ; (c) verifying the law of inverse 
squares, 

56, Comparison of Magnetic Moments of two Magnets by 
Deflection Magnetometer :—This can be done by using a deflection 
magnetometer in the Tangent A-position, or Tangent B-position of 
Gauss. 

(a) Tangent A-Position:—(i) The magnetometer is placed so 
‘that its arms (i.e. the metre scales) are at right angles to the magnetis 


mii 
———4 


Fig. 58+-The Tangent 4-Position of Gauss. 


“meridian shown by the dotted line NS, and the ends of the pointer read 
zero-zero (Fig. 58). The experiment requires the determination of the 
ratio M/H at the same place for each magnet, from which the ratio of 
the moments is obtained. Suppose two magnets, preferably of the same 
length having moments M; and M2, are taken for comparison, Place 
‘one of the magnets, east to west, on one of the arms of the magneto- 
meter (as shown in Fig. 58), the centre of the magnet being at a certain 
distance d from the centre of the needle, and read the deflections for 
both the ends of the pointer. Reverse the magnet so that its north 


and south poles interchange their places and again reed both the ends 
of the pointer. 


Now place the magnet on the other arm of the magnetometer 
:80 that its centre is atthe same distance d from the centre of the 
meedle and repeat the above four observations. These eight observa- 


ek 
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- tions may be repeated by placing the magnet upside-down in the above 
two places once again. Note the mean deflection 91 of these sixteen 
readings. 


Then the second magnet Mo is placed so that its centre is kept 
exactly at the same distance with respect to the needle and the above 
sixteen observations are repeated. Let 0 be the mean of these sixteen 
readings. Then from formula (6), Art. 54, we have, 

LI 
Er er , the distance d being the same in both the 


cases, So, knowing tan 91 and tan 0» the moments can be compared. 


Note.—1. M is directly proportional to tan 0. 


9. Iflisnob very small compared with d, then use formula (b) 
instead of (6), Art. 54. 


(ii) Null Deflection Method.—In the arrangement of the previous 
experiment place one of the magnets on one of the arms of the magneto- 
meter with its centre at a distance d; from the centre of the needle. 
Place the other magnet one the other arm of the IN 
magnetometer in such a way that the needle is T 
brought back to its zero position, £e. the 
deflection is made again zero, the distance of the 
second magnet being (say) d em. 

Beeavse the value of # is the same, we have 
from formula (6) Art. 54, 


M, di? tan 0. di* 
M, ds*tan® da* 
From formula (5), Art. £4, the relation 
becomes, 
M, dth") k ds 
M: (49*—4,")* di 
(b) Tangent B-Position —(i) The moments 
ean be compared also by using the tangent 
B-position of Gauss. The magnetometer is’ so 
arranved that the arms are in the maynetic 
meridian and the ends of the pointer real zero- 
sero Fig 59) The magnetis placed across one 
of the arms, the centre of the magnet being 
placed ata particular distance d from the centre 
of the needle (as shown in Fig. 59). The defleo- 
bion ^; is noted and the other magnet is also 


placed at the same place in the same way and ah Es 
deflection v2 is noted. Then from formula (8), 

8 Fig. 59— 
Art, 54, we have, ih cients The Tangont B- 


M2 tang Position of Gauss. 
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(sii) Null Deflection Method.—Using the Null Deflection Method 
pase : M, det 
as in case [Art. 56a (ii)], we have, M. d. 


Note.—1. Tf long bar-magnets are used, then the full formulae, (i.e. 
$ and 7, Art. 54) must be used in the above two cases, (a) and (b). 


2. In experiments with the deflestion magnetometer, the tangent 
A-position of Gauss is preferable to the B-position, as the adjustments 
in A-position can be carried out more accurately and also the deflection 
obtained with any given magnet for a given distance is greater. 


3. In both the positions, [tan A and tan B]. the bar-magnet should 
always be placed east to west on the arm of the magnetometer. 


Note.—For convenience of measurement, the zero-zero line of the 
circular scale is fixed in lioe with the two arms in the Tangent 
A-position magnetometer, whereas it is fixed at right angles to the two 
arms in Tangent B-position magnetometer, 


57. Errors in Experiments with Deflection Magnetometer and 
thein removal— $ 


(1) Error of Eccentricity—The axis of rotation of the magnetic 


needle may not pass through the 
centre of the circular scale. To 
correct this error, the readings of 
both the ends of the needle are to be 
taken because as evident from Fig. €0 
the reading of one end of the needle 
is greater tnan the true reading 
and that of the other end smaller 
by the same amount. 

Let X,—6—98and X2—04-8; 
Dads. 

2 


Fig. 60 -.  % +42 =29 ; or, O= 
x» 


" 


ie. the average of these two readings is to be taken. 4 |.) 


(2). Error of Magnetic Axis—The magnetic axis of the magnet may 
not coincide with its geometrical axis and so the magnet placed on the 
arm of the magnetometer will not be at right angles to the magnetis 
needle. To correct this error reverse the magnet upside down-(Fig. 6B. 
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Thus, the bisector of the lines passing through the magnetic axis in Hs 
two positions’ will be at right angles to the needle. 


as 


Fig. 61 Fig. 62 


(8) Unsymmetrical Position of the Poles.— The poles of the bar- 
magnet may not be equidistant from the centre. The pole nearer the 
and of the bar will produce greater deflection as it is more close to the 
needle. Also the distance, d. of the needle measured from the centre of 
the bar is not equal to that measured from the true msgnetie centre. 
This distance, d should be measured from the maguetic centre instead 
of measuring it from the geometrical centre. To correct this error, 
the magnet is to be reversed on its position so that the opposite pole is 
towards the needle now (Fig. 62). 

(4) Zero of Arm-scales may not coincide with the centre of the 
Circular Scale—In this ease, the distance of the magnet when placed on 
one arm will be lees than that when placed on the other arm, and so 
the deflection will be greater or less than the true value, To correct 
this error, the magnet is placed at equal distances on the two arms and 
the mean of the two readings is taken, 


(5) Unequal Initial Readings —One erd of the pointer is inclined 
more in one direction, ie. if one end is brought to zero, the other will 
not be zero, then the initiel readings of the pointer are to be taken. 
When the pointer is deflected, the readings on each end will be less 
by the initial reading. To correct this the readings on both the ends 
cof the pointer are to be taken. 

58. The Oscillation Magnetomeler :—This instrument (Fig. 63) 
onsists of a short magnet M enclosed in a wooden box having glass 
windows. The box has a narrow tube fixed on its top at the middle. 
The magnet is held horizontally in a double-loop freme ruürpended by à 
silk thread which passes centrally down the tube and is provided with 
a torsion-head at the top of the tube. The glasr-cage prevents air 
currents from dieturbing the oscillation of the magnet. 


Before beginning the experiment see that there is no torsion in the 
thread. The magnet is placed in the magnetic meridian and is made 
to oscillate by bringing another magnet at a ruitable distance. The 
magret oscillates in the earth’s field of intensity, ray, H. Take the 

time ¢ for a com plete oscillation by means of s stop-watch. It can be 
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shown theoretically that the period of oscillation t is given by the 
formula, 


NA. TW vi (1) 


where I-moment of inertia of the magnet; 
M-magnetio moment of the magnet; H= 
horizontal component of the esrth’s field, We 
have, ; 
(4a e abun d. (2) 
MH i H 
If n be the number of oscillations of the 


magnet in a second and i the time for one 
oscillation, then 


1 a_l fd 
ml. or, n*--; so, t=. 
a n=; on n° = iq so RE 
ig, 63— . 
‘An Oscillation vy = n* =a (3) 
Magnotometer. Note.—The constant J in formula (1) is 


called the moment of inertia, which can be determined thus. For 
a rectangular bar-msgnet of length a, and breadth b, oscillating 
about an axis passiog through its centre of gravity and perpendi- 


; [at +b" ^ 
eular to its length, Izn , where m is the mass of magnet. 
For a cylindrical bar-magnet of length J and radius r, I=m 
a r) 
[e ; 


59. The Time Period of Oscillation of a Magnet in the Earth's 
field :—Lst H be the intensity of the earth's magnetic field. Suppose s 
magnet oscillates in thia field and in course of its oscillations, it 
subtends an angle @ with the direction of H ata partienlar instant. If 
M be the moment of the magnet, the restoring couple acting on it will 
ba given by MH sin 0— MH when 6 is small. This couple acts in 
opposition to the defleeting couple dus to its angular acceleration 
ao 
a 

j jo nid A = a 
«ouple is I e In the equilibrium condition of oscillation, 


IfI be the moment of inersia of the magnet this deflecting 


s 
127. Mm; 
di 


d ?, MH, 
P iplo. 
det I 9; 


ae = = JZE 
or, mee 0, where E 


or, 
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This is an equation of simple harmonie motion whose angular yelo- 
city is o. ' 


o= T (vide Vol. I, Chap. on S.H.M.), where T= time period, 


a= AL or, T= gx f I|MH. 


60. The Searle's Magnetometer:—This form of the magneto- 
meter (Fig 64) consists of a small cylindrical 
magnet (about 1°5 ems. long) fixed at the lower 
end of a massive brass cylinder which is suspen- 
ded by a fine thread of unspun silk so that the 
effect of torsion may be negligible. A long 
aluminium pointer (about 10 ems. long) fixed 
below the magnet enables the oscillations to be 
observed more easily. The heavy brass cylinder 
serves to increase the moment of inertia of the 
system so that the period of vibration may be 
large enough to be accurately measured. 


61. Comparison of Magnetic moments of Fig. 64—Tho 
Two Magnets by the Oscillation! Magneto- Searle's Mag- 
meter :— notometer. 

Method 1,—We have from equation (1), Art. 58, 

Em 42*Is Ms Tg ds 

Mer Mau t QAMhofydas 

1 n? aud Mo 5 Hence, Ue n us 


So the moments of two magnets can be compared by calculating 
their moments of inertia and finding the time for a complete oscillation 
of each magnet at the same place. 


Method 2.—The disadvantage of the above method is that’ it 
necessitates the determination of Jy and Is which may however, be 
avoided by causing them to oscillate together as one system by placing 
them in. two slots ent in a small wooden block, one above the, other, in 
the same vertical plane, first with their like poles and then with their 
unlike poles, pointing in the seme direction. In this way the moment 
of inertia of the whole oscillating system remains the same in both the 
cases. We have, 


iym 3a IAE, M31H 5 and t2=2% JIM, — Ma) ; 


taio Ji Me., Mi-Ms.üh*, 
Su qs urinam. SEC aar Ma tg” f 
or, Mat Ma+Mi~ Ma itti". EO ae Sep ae) (3) 


MM-M Ma tt 7 M. tt 
Vol. II (M) 5 i 


1 
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But n=} ; so the above relation can also be written as 


t 
Mi 2m Tus 
Ma n-m" 

Examples.—1. A small magnet oscillates in the earth’s field (0:36 C.G.S. unit). 
Atbar-magnet placed end-on to it and east of it deflects through 60; what will be 
the strength of the resyliant field # Tf the rate of oscillation in the earth's field was 10 
por minute, what will be the new rate of oscillation ? 

(Pat. 1926) 


Ans. The two fields, one H due to the earth and tho other F due to the bar- 
magnet, are acting at right angles to each other (vide Fig. 51). Then the resultant 
field R is given by R?=F* +H. 


Here F=H tan 0 —0:36 x tan 60° =0'35 x /3, 
S. R'-—(036x4/8) 2-038, —(080x2,* .. R=0'36x2=072 


C.G.S. unit, 
In this field H, the number of oscillations, was 10 per minute. Then, H«10*. 
TE n be the number of oscillations in the new field R, then R cc n’, 
Row 072. n Y 2 
engem T. Qu Tus, Wh 21042. 
H a 16 065 100 whehce n—10 V. 
8. An iron bar 100 cms. in length and. 1 mm. x 1 mm. in section, is. uniformly . 
metised and its geriod of vibration is found to be 5 seconds. It is then broken 
indo two equal halves, What will be the period of vibration of each half f 
(Pat. 1940) 


Ans. Wa havo (Att, 58), tear VJ um and iege l# E 


where £, is the period of the iron-bar and £s is the period of each half. 
 ((000)* + (071)* 
i ( 12 ) Hs 


DOR 


* 1L (0* ; 
Here notre dnm. M,-100m; M,=50m (where m is the pole- 


[e E ot 


-—- IL i ence 
== Viper an 


strongth and W is the mass of the magnet). 4°. 


#=2 5 secs. 


3. Two bar-magnets, the moment of one of which is double ihat of the other but 
otherwise similar, are arranged parallel one above the other first with their like poles 
dn contact and then with unlike goles in contact. Find the ratio of periods of 
vibration of the combination in the same magnetic field. (Pat. 1941) 


: : ty 2M-HM. VR 
. 61. 2). Xy esi co E 
Ans, Proceedasin Art, 61. (Method ) Here i aMYM 5 
eu furis IAS. 
62. Verification of the Law of Inverse Squares.— 
(i) By Method of Oscillation: Vibration Magnetometer.— 
Expt—A magnetic needle, say a Searle's magnetometer (Fig. 64), 
is made to oscillate at a point under the action of the earth's field H 
elone. Letn be the number of oscillations per minute. Then we 
- have. * 
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He n? MS oes evn 00} 
Let & long magnet, preferably ball-ended, be placed vertically to 
the south of tne needle with its north pole turned downwards (Fig. 65), 
The magnet being long, the south pole of the magnet will have very 
little influence on the deflection of the needle, and the field at the point 
may be regard -d as due to the norjh pole only. The north pole of the 
magnet is to be placed in the same horizontal plane ag the needle and 
‘at a distance (say) d. from the needle, 


So the needle- is oscillated under the joint influence of the field due 
to the magn-t and that due to the 
earth's horizontal field H. Here the 
total field at the point is the rum of 
the two fi-lds. The maguet being 
long, the etfect of the other pole on 
the ne dle is ne gl cted. 


Liat the number of oscillations 
under the action of the combined 
field be nı sud let F, be the field 
due t» the pole of the magnet, then 
(F, +H) = n,’ in NEAN DT] Fig. 65 


The magnet is then moved fo s distance do from the needle, and 
let "a be the corresponding number of oscillations per minute, If 
F3 be the fi:ld due to the magnet in this position, (Fa +H) = na’...(3) 


a tuaa 
From (1) and (2). Pinot ; or, Penin Foes KS) 
2 ORAE S 
Again, from (1) and (3), PW or, A 2. o. (5) 
qnis PF. ni-n’ 
-. From (4) and (5), amare: 


But by actusl experiment it will be found that, 
A, tim bull dada nex 


meow d, C FQ dy? 
or, F,:Fe:: i 1 ám which proves the Law of Inverse Squares. 
1 
[Note.—If the magnet had been placed south of the needle vith 
its S-pole turned down wards, the field due to the magnet at the placa 
would have oppose? the earth's field, 7.6 the total field would have 
been F, — H, instead of Fı+H, ascumi»g F: to be greater. ' 


(2) By Coulomb's Torsion Balance —It consists of a cylindrical 
glass-case G (Fig. 66) (graduated in degrees along its middle) haying 
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» co-axial glass-tube fixed at the middle of its top. The tube is pro~ 
vided with a screw-head P by which any rotation can be given to 
a magnet ‘AB, which, is suspended from it horizontally by means of 
a fine silver thread. The rotation of the magnet is read from the sesle 
on the glass case and that of the screw-head from a scale provided at 

2 the top of the tube. Through a slo& 
on the top of the caging another 
magnet C is introduced vertically so 
that its lower end is in level with the 
suspended magnet. 


On removing C, the balance is 
set up. 80 that the suspended magnes 
is in the magnetic meridian and the 
wire is without twist.. From thie 
position, the top-serew is slowly 
turned until the magnet is deflected 
through one degree. The controlling 
force of earth as a magnet is thus 
determined in terms of the torsional 
couple in the wire. Suppose 6 
rotation of the screw-head corresponds. 
to 1° rotation of the magnet against 
f the earth's field. The torsion on the 

Fig. 66—Torsion Balance wire is (9—1)° and this balances the 
earth's action when the deflection is 1°; let (6—1)—? ; hence the 


earth’s action for 1° deflection is equivalent to 7^ torsion on the wire. 


Bring the suspended magnet back into the meridian by rotating: 
the serew-head in the opposite way. Next introduce the similar 
pole of the magnet C such that it is just in level with the magnet 
AB. Suppose now that the magnet AB deflects thereby through 4°, 
which equals (a7-++)° in terms of torsional eduple. Now rotate the 
gerow-head in the opposite direction until the deflection becomes 
one half, ie, «/2. If the necessary rotation of the screw-head be 6, 


the torsional equivalent of it will be (27). Now i$ may 


be supposed that for small rotations, € is proportional to the distance 
between the two poles. From the experiment it will be found that 


a,ay 
Pet. 
ay+a 


the poles, is made half. This proves the inverse square law. The 
effect of the distant poles being small is negleoted in this experiment. 


-i when the angular separation, i.e. the distance between 
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(8) Graphical Method.—A bar-magnet NS is placed on a sheet of 
paper fixed on a drawing board, and its outline is drawn by a penoll, 
Let N and S be the positions of the north and south poles respectively. 

- of the bar-magnet (Fig. 67). A compass needle is now placed with ita 
centre at a point P in the field due to the mabnet, In this position the 
needle is acted on by two opposite couples—one, due to the earth's 
field acting parallel to the magnetic meridian, and the other due to the 
bar-megaet. The board is now turned until the needle becomes parallel 
to the magnetic meridian (the direction of which should be determined 
in the beginning by stretching a thread between two long vertical ping 
fixed outside the board). In this position 


the couple due to the earth's field vanishes A 
and the direction of the needle, say. PK, ay 
indicates the direction of the resultant of NS k 
the two magnetic forces due to the two Ns A 
poles, Join NP and SP, and produce Yen Bh 
NP to A. 4 


We know that if a unit north pole 
be placed af P, and if m be the pole- 
strength of the magnet, then, by the law Fig. 67—Graphical 
of inverse squares, the force of repulsion Method 
Fi=m/NP*. This force acts in the 
direction NP, Again the force of attraction fy=m/SP?. This force 
acts along PS, 


e Eva mm SP Ls wot) 
Fo NP*'SP* NP* j 
Take any point X on the resultant, and drw KA and KB parallel 
to SP and NA respectively. Then Fa « PA and Fa œ PB; 


FERA C. PA, Sp* | 
T. PB From (1), 5,7, Np T TB) 


Equation (2) can be verified by actually measuring the distance 


3 s 
NP, SP, and PA, PB. So ibis proved that 32 8P* 42" (if NP 
4 s 1 + 


F. NP* d*' 
=d, and SP=d,). Thus F,; maz ; i . Prove this for other 
1 s m 


points also in the field of the magnet. 
This proves the Law of Inverse Squares. 


^ (4) Deflection Magnetometer Method.—(i) First Method: It 

has been proved in Art. 52 that the field F, due to a small magnet in 
` the "end-on' position is twice the field F's due to the same magnet in 
the "broad-side on” position at the seme distance, and this result was 
obtained by assuming the truth of the Law of Inverse Squares for a 


magnetic pole. k 
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IZ have, n-M. Fa= m when d is large compared to the 


E 
length of the magnet. em Bci, ] 
2 
Place a magnet in the "end-on" position in a magnetometer aes 
rt. 


ment, and let #1 bd the mean of the sixteen readings 88 taken in 
56(a). Place the same magnet in the “proad-side-on” position, and le 
9 be the mean of sixteen readings. 
. tan 0, Pi.2 
Now. Fi- 0, Fa= 031) 7. 08D 3 eo 
ow. F,—H tan 01 ; Fa—H tan 02 er ERU MEI 


So, if it can be proved experimentally that tan 0, and tan 0» are 
in the ratio of 2 : 1, then the Law of Inverse Squares is proved. 

(ii) Second Method—Using a Ball-ended Magnet :—Use the 
deflection magnetometer in Tangent A-position and place @ ball-ended 
magnet in a block of wocd in such a way that one of the poles is in the 
plane of the magnetic needle and the other is just abcve the pivot of 
the needle, This is done by a plumbline. The pole on the arm of the 
magnetometer ie placed at a distance, d so that the deficetion is nearly 
80°. The poles are reversed and the deflection is again noted. 

The above observations are repeated with the magnet placed on the 
other arm of the magnetometer. The distance and the average 
deflection is thus determined. 


I Fig. 68 

Again, all the above observations are repeated by shifting the 
magnet to different positions so that the deflections increases from 80° 
to 60° at an interval of 10°. These observations are also repeated with 
the magnet on the other arm- 

Theory.—The pole just above the pivot of the needle has no 
influence over the deflection of the needle, and it tries to depress the 
pivot downwards. The pole placed on the arm, only deflects the needle. 
So it may be said that a single pole is used. 

Tf m be the pole-strength of the magnet which when: placed ats 
distance d, produces & deflection 6, then the force on the needle due to 


th magnetic pole, etm (1) 
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But as the magnetometer is in tangent-A position, 


F-—H tan 8 ze Hor (3) 
m : 1 -H 4s. UH, 
P H tan 0 ; or, um med ; or cot oo a? a. (8) 


or, coh 0 « d*. 
Ifcob 0—y and d*=z, then 
from (3), we get, 
y=ka ; where iT. So the 
graph plotted with d* along the 
X-axis and cot 0 along the Y-axis 


is a straight line passing through 
the origin, O. 


But as F=™ ig based on the 


d? ^ 
principle of the Laws of Inverse 
Squares, the graph in Fig, 69 prove Fig. 69 


the above law. 
Note: Fron the graph, i-- tan ¢ (say) ; 80 the value of P may 


be found from the graph. If the horizontal intensity of the earth’s field, 
H is known, the pole-strength, m of the magnet can be determined. 

63, Comparison of the Earth's Fields at two Places :— 

(i) By the Deflection Magnetometer.—Use a- deflection magneto- 
meter, say, at the tangent A-position and note the deflection 05, the 
centre of a bar-magnet beiag placed at a distance d. Again, let 09 
be the deflection with the same magnet placed in that position at a 
second place. If 77, and Hs denote the field strengths of the earth 
at the two places, we have, from eq. (6), Art 54. 
2M 1 2M 1 

;Ha-—X j 
d*' tan 6, 2 a® tan Us 
Since, the magnet is used in the two places in the same way. 
H, _tan 93 
M and d are the same. Hence, ae i 

Note.—H is inversely proportional to tan 0. 

(ii) By the Oscillation Magnetometer —By noting the number 
of oscillations nı of the needle in a given time at a place where the 
earth’s field is H, and alto noting the corresponding value for n2 at the 
second place where the earth’s field is Z7» we have from Art. 58, 

No eae 

Hian,” and Hean,” t. Has 


Again, if t: be the time of one pics oscillation in a field of 
tat 
DE LA ee 


intensity H: and t2 that in Hs, we have. Hin 
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63, (a) Comparison of Pole-strengths of two long Magnets by 
the Oscillation Magnetometer :— From ea. (4), Art. 62, we get, 
EE Y 
giunto 
n 
It mi be the pole-strength of a long magnet, d the distance of 


the long magnet from the oscillating needle, ES. Hence 


28 
m,—d*H Por The pole-strength mı may, therefore, be known 


if IT be known. Again, repeating the above experiment for another 
long magnet of pole-strength m2, keeping it in the same position and 
i n;*-n* 


at equal distance d, we have, ms—d^*H if, n2 be the number of 


m, m?n? 
oscillations per minute now. Therefore A= —,; 
ms Na -n 
(b) Determination of, Pole-strength of a Magnet.—By using any 
‘method for determining M/H, M will be known whea H is known, 
from which the pole-atrength m of a magnet can be calculated by 
relation M=2ml, Where QI is the length between the two poles. 
Examples.—1. Two magnets A and B are caused to oscillate in the same 
magnetic field. A performs 15 vibrations per minute and B 10 vibrations per minute. 
The magnet A is then caused to oscillate in one magnetic field and B in another. A 
now performs 5 vibrotions per minute and B 20 vibrations per minute. Compare the 
intensities of the fields in which A and B now oscillate, and compare also the magnetic 
moments of the magnets.» . 1 (Pat. 1931) 
Ans. Lot the intensity of the first field in which both A and B oscillate 
bo H,, the intensity of the second field in which only A oscillates be H,, and that 
in which only B oscillates be H, ; then for 4, H, œ 15* and H, œ 5’. 


anbal mA aoe DH eb ine 
As H, io 9° imilarly, for B, H, œ 10* ; an PES m 

«RH AOS id vo Her Hes Hy 2118 S : DAR 

+ ENHD SAU sli eia HS Ha cuero uei aD euo 


That is the intensity of the second field where B oscillates is 86 times as great as 
that where A oscillates in its second field, 


‘The formula for the vibrating magnet A is given by t, =2r = nah m.) 
1 


where t, is the time for one complete vibration, M, the magnetic moment and H 
tha field in which A and B oscillate. " 


Similarly, for magnet B, ¢,=27 Woes gen ave “Ee 2) 
y 8 a inn (2) 
assuming the magnets to have the same Moment of inertia I. 
a a 
From (1) and (2), Mit" eee where n, and n, are the numbers of vibrations 
M, t’ om 
performed in one minute by 4 and B respectively. ~. M, 155. 9. 
? M, 107 4 


2. A small magnet vibrating horizontally in the earth's field makes ‘4 vibrations 
in 16 seconds, and when another magnet is brought near it, it makes 5 vibrations in 
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16 seconds. Compare the intensity of the field due to the magnel with the earth's 
ion, and (4i) when they 


horizontal field (i) when the two fields are in the same directi 
are in opposite directions. 
Ans, Let H, be the earth's ficld, and H, the resultant field. 


Here the number of vibrations per second nı in the field H, -ho 


and the number of vibrations per second n4 in Hg — 5/16. 
I da i. 35 . H, 35x10 95 
We have, Hyon, ( ia: and H, œn, ( Texte 39 A 18x16 716" 
(i) When both the fields are in the same direction, the field due to the magnet 
95 ". H-H, 2-16 _9 


Y H, 
only- H, — Hı We have H, dé 51 A, 16 16 
ons, the field due to the magnet 


(ii) When the fields are in opposite directi 
H, +H, 925416 4l 
=H er ee ELE e E. Td 

ANI H, i6 16 


3. A compass needle makes 10 vibrations àn 9 seconds in the eart/s field alone. 
It makes 10 vibrations in 12 seconds when a bar-magnet is placed near it and finally 
comes to rest in the same direction as before. What will be the period of oscillation 
of the needle when the bar-magnet is reversed ? 

Ans. Tet H be the field due to the carth andi that due to the magnet. 

We know from Art. 58 that the intensity the field in which the needle 
vibrates is proportional to the square of the number of oscillations per second. 


So the intensity of the field, which is the resultant of the two fields, is less than 
the first as the number of oscillations per second diminishes, and because the 


needle comes to rest in the same direction as before, HF. Bo, the resultant 
; 10. 10* 
field, (H—F) ec (8) ; and Ho (5) 
ORAE (S POEM d 
^ or, F= 15 H 


SERT Gar A 
In tho second case, the intensity of the resultant field =(H+F) 
Py EN ey aoa 9 i HERH 988 [9 s wel 
s nr (inl à or, —~ sH_B_( 2) n’; or, n=1'83. 


pi AeH 
-If t be the period of oscillation, we have rRNA 1 _=0752 second. 


n 13; 

64. Determination of the Earth's Horizontal Field H and of the 
Magnetic Moment M of a Magnet in Absolute Measure :—The 
measurement of the moment of a magnet, or the strength of any field, 
in terms of the units of these quantities, ia called an absolute measure” 
ment, and is quite different from measurements of the comparative kind 
as done in the above articles, where it has been determined how many 
times the magnetic moment of one magnet, or the strength of one field, 


waa greater than another. 
(i) To find H—Using è deflection magnetometer, an equation for 
M|H is obtained by formule (65, or (8), of „Arb. 54. Then M/H=a 


(say). 

Again by determining the moment of inertia, 7 and the period 
of vibration ¢ of the same magnet at the same place by using the 
oscillation method a value for MH is obtained from Art. 58. 
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Let MH=b, Now to find H, divide b by a, ie, MH+M/H=H* 


— bla, 
p H= /? 


(ii) To find M, multiply a and b, ie., M/E X MH — M? —ab. 
^. M- Jab - 
[M ean also be determined by means of neutral points (vide 
Art. 58]. 
Note.—The pole-strengh m of a magnet may be found by deter- 
bah as above, and by knowing the length 2l of the magnet; for, 
m= E f 


Questions 


1l. Describe the behaviour of a freely suspended magnet ina uniform magnetic 
fleld after it is disturbed from its position of rest. (Pat. 1989) 


2. What is meant by uniform magnetic field ? Explain why a magnetic 
needle does not tend to move bodily aloeg the lines of force in a uniform magnetic 
field, t (C. U. 1923 ; cf. All. 1930) 

3. What is meant by the st: ent that the strength of a magnetic pole is ‘m’ 
units? How would you show expe entally that the two poles of a bar-magnet are 
of equal strength ? 

4. Define the term ‘Moment of a magnet’. (Utkal, 1948 ; Pat. 1980 : All. 1946) 

How would you caleulate the moment ard the intensity of magnctisation of a 
horse-shoo. magnet ? - (Pat. 1930) 

5. Define the magnotic moment of a magnet. Find an expression for the 
moment of the couple acting on a magnet placed in the earth’s horizontal magnetic 
field when it is deflected through an angle 0 from the magnetic cinta 

©. U. 1932) 

6. A magnet 10 cms. long having a pole-strength of 20 units is deflected 
through 80° from the magnetic meridian, Given the intensity of the earth’s field 
= 0:32 Gauss, find tho value of the deflecting couple. (East Punjab, 1951) 

[ Ans.: 32 dyne-cms. ] 

7. A magnet placed atan angle of 30° with a uniform field of intensity 0'82 
exporiences a couple whose moment is 8; calculate the magnetic moment of the 
magnot, and, the length of the magnet being 5 cms., calculate also its pole-strength. 

(cf. Utkal, 1958) 

[ Ans. Moment of magnet 50, Pole-strength=10]- 

8, State and prove the law of magnots. How would you verify it 
experimentally ? (Pat. 1936) 

9. Prove that the magnetic force dus to a short magnet ata great distance 
compared with its length varies inversely as the cube of the distance for pointa 
along the direction of its axis orin the plane through the centre of the magnet 
perpendicular to the axis. How would you verify these results experimontally ? 

(Pat. 1991, ’23) 

(Hints, For verification place a magnet at two different distances d, and d, 
from the centre of a magnetometer needle. Let F,and F, be the corresponding 


forces, then FQ-—9M. P, =M 2 P, d.t 
d uude ie S rica Pr 


F, _Htan@, _tan ð, has d 6 i S 
Bat Fy. nal oa an ae $. where 0, and 8, are deflections corresponding to 


F, and F}. 
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Tt will be actually found that 58? 22 2055. This vorities the law- ] 
fan 0, d,* 

10, A compass needle is placed 30 ems. to the east of a short bar-magnet, The 
noodle is deflected through 45°. Calculate the magnetic moment of the magnot 
approximately. Given H=0'352 Gauss. (R. U. 1953) 

[4ns. : 4752 c.g.s. units. 

11. Find the strength of the field due toa bar-magnet at a point on the line 


bisecting the magnet at right angles. 
(U.P. B. 1943 ; P. U. 1918 ; Bom, U., 1928 ; Pat, 1944) 


4 Describe and explain the bebaviour of a ‘small compass needle placed at that point, 
if the bar-magnet is placed with its north pole pointing due east. 
(Pat, 1911) 


19. The strengths of the magnetic field at two points on the axis ofa bar-magnet 
at distances of 10 ems. and 20 cms. respectively from its centre are in the ratio of 
95:9. Calculate the magnetic length of the magnet. (Bom. 1954) 

13. A short bar-magnet is placed in the magnetic meridian with its’ north pole 
pointing south. The neutral point is 24 cms. north of tho south pole of the magnet 
and upon the prolongation of its axis. Find the intensity of the field at a point on 
the axis 20 ems, from the south pole and north of it (H=0'18). 

(Pat. 1929) 


I 
[Hints.—At the neutral point, F=H. But F=2M|24", 
a7 H-018 ; on y - OO .. "Tho intensity of the field (due 


to the magnet only) at a distance of 20 cms. from the south pole of the magnet of 


9M. 9x018x39* _ 9, : 
a8 90x 20° 0:31 Ganss, Bo, the resultant intensity (due to 
tho earth and the magnet) =0°91-0:18=018 cs. unit, Here the earth’s field ie 
opposite to that of the magnet.) 
14. AB isa thin magnet 20 cms. long, the strongth of each of its polos baing 
12 units, Upon AB as basean equilateral triangle ABG is constructed. Find the 
magnitude and direction of the force thata unit pole would experience, if it wore 
placed at C ; also the force upon the magnet cansed by the unit pole at C. 
(Pat. 1991) 


[4ns.: 0°03 Gauss] 

15. A thin magnet of 20 cms. length with its north pole pointing south just 
balances the carth’s field (magnitude 0'2 c.g.8. unit) in its plane at a distance of 20 
cms. from its pole. Find the magnetic moment and pole-strength. 

[4ns : M-2199'8 units ; m=106'6 units.) (Pat. 1994) 

16. A magnet whose poles are 12 oms. apart is placed in the magnotic meridian. 
The field duo: to this magnet counterbalances the earth's horizontal field (0°35 c.g.8. 
unit) at a point 10 ems. from each pole. Find the pole-strongth of tho magnet, 

[Ans.: 29°17 unit] (Pat. 1944) 

17. A bar-magnet having poles 10 cms. apart is placed in the magnetic meridian 
with the north pole pointing south. The neutral point is at à distanco of 20 cms.” 


from the nearer pole. Find the intensity of the resultant field at a point on the 
t and at a distance of 10 cms. from the 


moment M= 


perpendicular bisector of the axis of the magne! 
centre of the magnet. [H=0'4 Gauss] (Pat, 1915) 
[Ans. 246 Gauss] (Note that H should be added) 


18. A bar-magnot is placed on the magnetic moridian with its north pole 
If the length of the magnet is 10 cms, its magnetic moment 600 
if the neutral points are situated ata distance of 15 cms, from the 
tho intensity of the earth's magnetic field at the 
(M. U. 1950) 


pointing south. 
c.g.5. units and 
centre of the magnet, calculate 
place. 

[Ans.: 0876 Oersted.] 
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19. A bar-magnet is placed with its north pole pointing sonth. If the neutral 
point is at a distance of 20 cms, from each pole of the magnet and the magnetic 
lensth of tho magnet is 10 cms., calculate the moment of the magnet assuming H 
te be 0736 c.g.s. unit. 

[ Ans.: 2593 6.8.8. units, ] 


20. Deduce the expressions for the magnotie field at(i) a point on the axis of 
a bar-magnot, and (ii) a point on the equatorial plane of the bar-magnei, 


the centre of the magnot and the magnet be a short one... (C. U. 1952 ) 


91. What is meant by the. tangent positions of. Gauss ? Explain how, in one 
‘of these positions, the relation between tho moment of a bar-magnot and the 
horizontal component of the earth’s magnetic field is obtained, (Pat. 1988) 


29. A magnet whose poles are 10 cms. apart is placed in the magnetic moridian. 
tho field duo to the magnet counterbalances earth's horizontal fiold (0'36. c.g.a. 
unit) ata point 9 ems. awa from each pole. Find the pole-strength of the magnet. 

[ Ans.: 96°24 c.g.s. units ] . (Pat. 1952) 


22. A short magnet is placed on tho drawing board with its north pole pointing 
tral points ara found to be at ^ distance of 90 cms. from the 


contre of the magnet. What will be the distance of the neutral point when the 
magnet is reyorsad ? 


Ans.: 959 cms, ] 
24. Defino Magnetic moment. 
In an experiment with a magnetometer a small magnet A produces a detloction 
of 30° when it is Placed: at a distance of 40 cms. from the centro of tho magnetometer 
neodle in the tangent” A position of Ganss ; another small magnot B produces & 
deflection of 20° when it is in tho tangent B_position of Gauss, and at a distance of 
80 cms. Compare Hj moments of the two magnets. (Pat. 1997) 
“i 


25. Define tho Magnotic moment of a magnet. Describe how you would 
‘compare the magnetic momerts of two magnots, 


(C. U. 1944 ; Dae, 1948 ; Pat. 1943, 45 ; All, 1944) 


26. Describe somo form of magnetometer, and explain how you could use it 
to compare the magnotic momonts of two bar-magnets. (Pat. 1947) 


97. Two bar-magnets of lengths 10 cms. and 8 oms. produce deflection of 30° 
and 25° on a magnetometer needle when Placed 35 ems. and 40 ems, from the 
contre of the peedle in tan A-position. Oompare their magnetic moments, Tf the 
longer magnet be Permanently placed at 5 org. from the needle, find also the 
Position of the shorter magnot to produce no deflection, both being placed in tan 

position. 

[ Ans, M,/M,='95 ; dy=50°9 oms. ] 


28. Two short bar-magnets ara Placed one above the othor with thoir (a) 
similar poles, (b) dissimilar poles, together. The first combination is placod at a 
distance of 90 cms. from the needle of a deflection magnotomoter in tan 4-position. 
Tho deflection is observed to be 60°. The second combination is placed at a distance 
of 10 cms. in tan B-position of the magnetometer, the deflection being 30° 
Compare the moments of the magnot. (Pat, 1955) 


29. Describe the deflection magnotometer method of comparing the magnotic 
Moments of two magnets. Explain carefully the sources of error in the experiment 
and show how you would overcome them. (A. B. 1952) 

30. Describe an oscillation magnetometer, and explain its uses, 

(All. 1937 ; Pat. 1940, 45) 

31. A compass needle makes 10 oscillations per minute in the earth's field 
alone,.and 20 oscillations por minute when the north pole of a'long bar-magnet is 
placed to the south of the needle in the same level with it and at a distance of 
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a 4 inches from it. The distance of the magnet is then reduced to 3 inches, How many 
* oscillations per minute will the needle now make ? 
[ Ans.: 9513] 


32, A compass needle makes 30 oscillations per minate in the earth’s field. When 
^ bar-magnet is placed near it so as not to alter the direction of the needle, it makes. 
40 oscillations in one minute. How mary times will the needle oscillate per minute, 
if the magnet is reversed ? (Pat. 1944) 

[ Ans. 10/2] ` 

33. A small magnetic needle suspended. by means of a silk-fibre makes 20 
oscillations per minute in the earth's field. When a bar-magnet is placed in tha 
magetic meridian near the mnoolle, the number of oscillations is increased to 25 per 
minute. If the bar-magnet be reversed and replaced in its former position, how 
many oscillations will the needle make per minute ? (Pat. 1947) 

[4ns.; 54/7] 

34. Two bar-magnets are put together side by side and suspended so as to 
oscillate in a horizontal plane. Tho time of complete oseillation is 12 secs, when 
like poles nre together and'16 secs. when direction of one magnet is reversed, 
Compare the moments of the magnets. * (U. P; B. 3955) 

[Ams.: 95:7] 

35. How would you prove the law of inverse squares for magnetic forces ; 
givon (a) a magnetic rod of steel about a metre long, (b) a small suspended magnetic 
needle, (c)'a measuring rod, and (d) a stop watch? (O. U. 1910, cf, Pat, 1918, '44) 

96. How would you prove experimentally that the force of attraction or 
xepulsion between two magnetic poles varies inversely as the square of the distance 
between them ? (O. U. 1934, '87 ; Pat. 1948) 

87, Explain the method of comparing the intensities of magnetic fields by 
tho observations of the times of oscillation of a mágnetic needle, 

(All. 1927, '82 ; Pat. 1999). 

98. If two combined magnets make 2 vibrations per min. when suspended 
by a long silk-fibre but 80 vibrations per min. when one of the magnets be 
reversed, calculate the ratio of the magnetic moments. (B. H. U. 1950) 

[4ms.: 119:112] ; 

39. Describe. some form of deflection magnetometer and explain how you would 
use it to compare the earth's horizontal field at two places. (Pat. 1949). 

40. Describe a method of measuring the moment of a magnet. 

(All. 1982 ; cf. O. U: 1955) 

4l. How is the horizóntal component of the earth's magnetic field at any place 
determined in the absolnte measure ? (Pat. 1941) 

42. How would you determine the horizontal intensity in your laboratory 
with the help of a deflection magnetometer and a suspension arrangement? Give a 
complete theory. (Pat. 1944) 

43. How is the horizontal component of the earth's magnetic field measured 
in the laboratory ?. Give the full theory but not the practical details. Tf the 
horizontal and vertical. components at a place are 0' Gauss and 0'4 Gauss, what 
is the total intensity ? (M. B. 1959) 


44. A bar-magnet has a pole-strength of 50 units, and the distance between its.» 


poles is 10 cms. Mention and describe any method you would use to vorify the 
value of the pole-strength. (0. U. 1949) 
[Hints.—Use either method of neutral points Art. 53 (i), or the method 
described in Art. 64 to determine the moment of the magnef and see if if comes 
out to be equal to 50x 10, i.c. 500 units or not. | 
45. Define’ ‘pole-strongth’ and ‘magnetic moment’ of a magnet: Describe any 
mothod of determining the pole-strength and the magnetic moment of a bar-magnet. 
i d (G. U. 1957) 


CHAPTER y 
Terrestrial Magnetism 


65. The Magnetic Field of the Earth :—A compass needle, or a 
‘magnet suspended horizontally «at its centre of Bravity, always sets 
‘itself finally with its magnetic axis approximately north and south. 
This indicates the existence of a magnetic field on the surface of the 
earth. 


resultant maguetie intensity ig different at different pl«ce8 on the 
@arth’s sur!aoe, This angle of inclination, which is also known as the 
“angle of dip,” is Zero near the equator and {0° at two places, one of 
Which is near B otbi« Felis (in Chanda sbcus 1,000 miles from the 


Surface, are therefore, called the magnetic Poles of the earth, They 
are not the same as the geographical poles, The angle between the two 
lines, one loining the twò maguetic poles and the Other joiring the two 
Seogranhical poles że. the *u-le between the magneti axis and the 
geographical axis, is about 17. It will be seen in Fig. 70 that the 
needle is parallel to the earth's surface near the eq ator, where the 
anale of inclination is zero, and is Vertical at the two magnetia poleg 
where the. angle of inclination is 90°. The line joining the points where 
the angle of inclination ia zero, i8 called tne mag netic equator, 


The earth hehsyeg like & magnet, but as vet no Satisfactory 
explanation has been put forward as to the cause of the earth's 
magnetism. The magnetic behaviour of the earth, however, can be 


Southern regions north polarity, The actual cause cf the earth's 


maguetism may bedue to electric currents-in tke earth, or in the upper . 
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layers of the atmosphere, or it may be connected in some way with the 
aun. Bat these may again be only mere conjectures. 


n Magnetic N. Pole 
E Geographical N. Pole 


f WA Magnetic equator 
ham 7 | 


Geographical S. Pole 


Fig. 70—The Earth as a magnot, 


66. The Magnetic Elements of Earth:—In order to specify 
completely the maguetic fi-la of the earth at ary place, the followirg 
three quanti'ies are usually chosen: (i) the Declination or Variation ; 
(ii) the Dip or Inclination ; and (iii) the Horizomal Intensity. They 
are ch sen, for they lend themselves mest readily for experimental 
determination, They are called the magnetic elements of the earth 
at a place, 


(i) Declination’ (or Variation).—Zt is the angle which the magnetio 
meridian at a gwen place makes with the gecgraphical meridian, 


The geographics] meridian is taken, by convention, as the plane of 
reference. The angle which the magnetic meridian nakes with respect 
to thi» plane is s measure cf the declination of the place. If » is the 
declination at & plice. it is expressed as 6E or «°W., depending on 
whether the magnetic meridian, on the north of the place, is to the «ast 
or to the west of the geographical meridian. Declination, at Delhi ig 
2^E, means that the N-pole cf a horizoutal compass needle will point 
9° east of the geograpbical north and touth direction. 
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(i) Dip (or Inelination).—The dip or inclination ata place is the 
angle which the earth's resuliant magnetic intensity there makes with the 
horizontal direction. 

In Fig. 71, the resultant intensity I at a place D has been shown 
to make an angle? with the horizontal direction BD there. So it is 
the dip at the place, Is will be ô north or south according as the 
place B is in the northern or the southern hemisphere. For, a perfectly 
freely suspended needle at B would not in general set in the horizontal 
direction BD but along the direction BR of the resultant magnetic 
intensity I, where the plane BDC represents the magnetic meridian 
at the place B. Its N-pole will dip downwards if the place B is in the 
northern hemiephere, and ite S-pole will dip downwards if the place is 
in the southern hemisphere, That the dip at Delhi is 40°N means that 
a dip-needle will be inclined to the horizontal at 40° with ita N-pole 
dipping downwards at Delhi, 

(iii) Horizontal Intensity.—It is the resolved part of the earth's 
resultant intensity at a place in the horizontal direction in the magnetic 
meridian, 

Vertical Intensity.—It is the resolved part of the earth's resul- 
tant intensity at a place in the vertical 
direction. 


67. Resultant Intensity and its Com- 
ponent :—In Fig. 71, the plane ABC repre- 
sents the geographical meridian and DBC 
the magnetic meridian. Let BR represents, 
in direction and magnitude, the total mag- 
netic intensity 7 at a place B, and BE and 
BF represent the horizontal and vertical 
components of I in magnitude and direction. 
The horizontal component H — 7 eos ô, and 

Fig. 71 the vertical component V —I sin 9, where I 
is the resultant intensity and 9 the angle of dip. Thus, we have, ; 
A? — I? cos? 8, and V? — T* gip* 8. 


H^ --V* —I* (eos? 3-Fsin* 8)=I* ; or, I— / H*qy* .. (1) 
Voisin’ tans at ) X 
and, H To tan : D (3) 


68. The Directive Couple of the Earth:—The action of the 
earth's field on other magnets is simply directive. This can be shown 
experimentally as in Art. 46, by placing a magnet on a cork and floating 
it'on water contained in a large vessel. It will be noticed that the cork 
turns round until the needle is in the magnetic meridian. There is no 
tendency of the magnet to move bodily towards the side of the vessel. 
Therefore, the earth's horizontal force, which is acting on the magnet, 
is directive only. 3 

The action of the earth is unlike the action éxhibited by, other 
magnets, This may be explained by the fact that the msgnetie poles 
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of the earth being at very great distances from the poles of a magnet 
(as the size of the earth is very large in comparison with that of the 
magnet), the distances of both the poles of the magnet from either 
pole of the earth may be considered to be equal. In other words, the 
resultant forces acting on the two poles of a magnet are equal and 
Mose and hence form a couple directing the magnet to the magnetic 
meridian, 


69. Determination of the Magnetic Meridian:—(i) By a Bar- 
Magnet.—A bar-magnet is suspended horizontally over a table by a 
slip loop and unspun silk-fibres (Fig. 72). A short plece of fine wire 
is attached by wax at the middle of each end of the magnet so 
that the wires are vertical in this suspended position of the magnet. 
When the magnet is at 
rest, two brass pins A, A’ 
are fixed vertically on the 
table against the two ends 
such that the pins and the 
two fine wires appear to 
be in the same straight 
line. The magnet is then 
turned upside down in the 
same loop, and two more 
pins B, B' are fixed in the 
same way. In both the : 
cases, the magnetic axis ; Moridian, 


Fig. 79—Determination of Magnetic 


_ of the magnet lies in the magnetic meridian. In all probability;the 


line joining the fine wires at the ends of the magnet does not lie! on 
the magnetic axis. In that case, in both positions of the magnet, this 
line must be equally inclined to the magnetic axis. Therefore, the 
straight line bisecting the angle between the lines AA’ and BB’ repre- 
sents the magnetic meridian. 


It should be remembered that, strictly speaking, the magnetic 
meridian at a given point is not a line of definite direction, but an 
imaginary vertical plane passing through the magnetic axis of a freely 
suspended magnet placed at the point of observation, $e, it is the 
imaginary vertical plane through the above bisecting line which gives 
the magnetic meridian at the place. 

Magnetic Axis of the Magnet.—To determine the magnetic axis 
of the magnet, it is again suspended in the same loop and allowed 
fo come to rest. A line is then drawn on the face of the magnet in 
the same vertical plane as the straight line representing the magnetic 
meridian, This line on the face of the magnet indicates the direction 
of the magnetic axis. 


(I) By a Magnetised Steel Dise—The above method applies 
both to symmetrical and unsymmetrical! magnets. If a magnet has 
consequent poles, or is otherwise irregularly magnetised, the resultant 


6 
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` pole of the magnet may be far out of the centre line of the bar, as 
Assumed in the case of symmetrical magnets. 

The same method cf finding the direction of the magnetic axis is 
"also applied i» the ease cof a magneti+ed steel disc, Mark one of the 
“diameters of the disc as a reference line and suspend it in a suitable 
carrier. Draw a line on a sheet of paper attached to the table just 
below the dise exactly under the reference line when the dise comes 
‘to rest. N w inverti the dire aad draw a second line as before. The 
line bisecting the angle het cen the two lines is the magnetic meridian 
line, and a line d avn ou the dise exactly over the meriaian line is the 
magnetic axi- of the di-e 


N.B.—It should he noted that the same method can be applied for 
the determination of magn tie meridian, or m agnetic axis, even if the 
har-magnet. or the magnetised dise he enclosed in a wooden box. 


70 Determination of the Declination of a Place :— To determine 
‘the declination at any place it is necessary to determine both the 
geographical and magnetic meridians st the place. The determination 
of the magnetic meridian has been explained in Art. 69. The deter- 
mination of the Geographical meridian involves careful astronomical 


observation, but a simple method of doing this is as follows— 


Expt.- Fix a straight rod about one foot long vertically on a level 
ground where the sun can shine. Observe the direction and the length 
of the shadow about an hour or two before noon. Describe a circle 
round the rod with the rod as centre and the length of the shadow as 
ratius. Mark the direction of the shadow again in the afternoon when 
the’ shadow is of the same length, and touches the circle, The line 
bisecting the angle between these two marked directions of the shadows 
is the true north end south line and the angle between this line and 


the magnetic meridian line gives the declination of the place. 


It should be noted that in all places the magnetic and geographical 
meridians are nearly eoine:dent and, therefore, careful observations are 
necessary for their detern ination, 7 


7t. The Dip at a Place :—If a magnetic needle be freely sus- 
pended at its ‘crntre of gravity by a silk-fibre, the angle which the 
magnetic axis of the neecle makes with the horizontal line passing 
through its point cf support measures the inclination or dip at a given 
place. The cirection taken up by the magnetic axis of the needle, 
represents the direction of the total magnetic intensity of the earth 


at a place. 


A magnetic needle which is perfectly freely suspended at its centre 
of gravity will no doubt show the dip st s place, but the practical 
difficulty with such a device is with regard to the mechanical support 
which must influence the argle at which the needle will set. If, however, 
the needle is. mounted on an axle (passing through the C. G, of the 
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needle) resting on horizontal knife-edges, it will rotate in the vertical 
plane, and if this plane is made to coincide with the magnetic meridian 
at the plase, the inclination of the needle to the horizontal will give 
the dip. Such a needle is called a dip-needle. 

Measurement of Dip. — rhe cip at any place is determined by meang 
of an instrument ealied the Dip-cirele (Fig. 73). The üip-cirele consists 
of a magnetic needle AB mount-d on an axle which rests horizontally 
on two agate knife-edges aad can rotate in the plane of the vertical 
cirele S, which is graduated in degrees, 0° 0° being on horizontal line 
and 90°—90° on the vertical line The needle and the scale are 
enclosed in a glass case, whic. can he rotated about a vertical axis, 
the angle of rotation being indicated by a pointer P movicg on a 
horizontal graduated circle Æ The iastru uent ia supported by three 
levelling sere vs, by which levelliug cau be done with the help of a 
spirit level fized on the base (not shown in the figure). 

Suppose the Dip-circle is not in the magnetic meridian ABCD, 
moreover, it is in the plane AH FD, making an angle 4, to the magnetic 
meridian, Let the apparent dip be ¢ 

If the horizontal intensity, 77 be resolved along AZ, then this 
component. is equal to H cos €, but 

V/H=tan® .. V/H eos & —tan ¢, 

if 4=90", cos 4=0; or, tan $= œ ; or, $=90", 

Hence, if the needle NS of the Dip-cirels be vertical ($—90*), then 
plane of the needle is at right angles (X —90^) to the magnetic meridian, 
This is the principle of working of the instrument. 


In determining the dip. the instrument is first levelled and the 
ease is then turaed until the needle is 
vertical, ¢.e. points to 90° on the vertical 
scale. In this position the needle is acted 
on only by the vertical component of the 
earth’s field, and so the plane of the needle 
must be at right angles to the magnetic 
meridian. The position of the pointer P 
onthe horizontal scale is noted and the 
ease is rotated through 90' from the 
position. The plane of the vertical circle 
is now in the magnetic meridian and the 
needle points along the direction of the 
earth's resultant magnetic field. The 
angle (read on the vertical scale which the 
axis of the needle makes with the horizontal 
line i.e. zero degres line) gives the value of 
dip at the place. 

Errors in a Dip-circle.—The readings 
obtained. As explained above may not be 
accurate, as allowances must be made for 
. the following errors :— 
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(1) Error of Eccentricity.—The axis of rotation of the needle may 
not pass through the centre, O, of the vertical scale (Fig. 74). To. 
correct this error, the readings of both the ends of the needle are to be 
taken because as evident from Fig 74(;), the reading of one end of the 
needle (? in the figure) is greater than the true reading and that of the 
other end smaller by the same amount. 


(2) Error of Zero-Zero Line —The zero-zero line of the vertical 
scale may not be truly horizontal. To eliminate this error, turn the 
scale through 180° and again read both ends of the needle, In the 
original position if the 0 —0 , line be along OO (Fig. 74(i2)] whereas 
the horizontal line lies along HH the readings will be different at the 
two ends of the needle. When the scale is turned through 180°, the 
0^—0 line takes up the position O'O' and the new readings at the two 
ends of the needle together with the former two will give a correct. 
mean value of dip, 


(3) Error of Magnetic Axis —The magnetic axis of the needle 
may not coincide with its geometrical axis. As the apparent reading 
recorded by the needle is decided by the position of its geometrical axis 
GG, so if the magnetic axis be along n's’, the records of dip will be 
smaller than the actual values [Fig. 74(ii;). To correct for this error 
reverse the needle on its bearings and repeat observations (1) and (2) 
when the magnetic axis will be along ns. The mean of the readings 
will give the actual dip. 


(4) Error of Centre of Gravity—The axis of rotation may not 
pass through the centre of gravity of the needle > 80 a small couple G 
due to gravity may cause the needle to turn from its position of true 
dip and the readings may be either greater or smaller than the true 
yalue according to the position of the C.G. [Fig. 74(iv)). To correct 
for this error, remagnetise the needle in the opposite direction to the 
same strength, so that the end which dipped downwards previously 
now turns upwards, and repeat the above eight observations. 
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The mean of the above sixteen readings gives the true dip. Ina 
properly constructed instrument, the individual readings should not 
differ by more than a degree from the mean, 


The following. are the magnetic declinations, inclinations, and 
horizontal intensities at different places— 


————————— 


tad Horizontal 
Place inati Inclination n 
Declination (8) or Dip (2) pcc p 
Bombay 0° 41'E 24° 21'N 0'3648 
Calcutta 0° 33'E 30° 59'N 03725 
Madras 0* 10'W 34° 3T'N 0 3690 
Delhi 2° 02'E 40* 56'N 08400 
Paris 13° 31’V 64° 40’N 01972 
Greenwich 14° 18'W 66° 54’N 0°1850 
New York 10° 14^w 72 13'N 01822 


A 


72, Absolute determination of the horizontal intensity H, the 
vertical intensity V, and the total intensity I :— 


(a) Determination of -H.—The method consists of two parts as 
explained in Art. 64, In the first part, a bar-magnetis placed on the 
arm of a deflection magnetometer at the tan A-position. Finding the 
mean deflection @ of the needle, the ratio M/H is determined from the 


relation, ag EY tan 0 [ vide Art. 54 (a) ] m (1) 


The ratio M/H may as well be determined using the tan B-position 
[vide Art. 54 (ii) ]. 


In the second part of the experiment the same magnet is suspended 
in the stirrup of an oscillation magnetometer and the time period t of a 
vibration of the magnet is experimentally determined (Art. 68), from 
which the value of MH is obtained using the relation, 


9 
MH- z E ^^, (with usual notations) e n (2) 


laid a Oe, 24 X Im 
Dividing (2) by (1), H =a- "em 


Thus knowing ¢, d, l, Im and 0, H may be found. The determination 
involves only measurements of length, mass, and time and hence called 
an absolute determination. 
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(b) Determination of V.—The vertical component V may be 
determined from the relation V/H=tan ô, Art. 67, from which V=H 
tan 5, x 


Thus it also involves two measurements, those of H and 9 (the dip), 
at the place where V is required, 5 is determined with the help of a dip 
circle as explained in Art. 71. 


(c) Determination of I.—The total intensity is obtained from the 
relation, I= /H*+V* (vide Art. 67), Hand V being determined as 
explained above. 


73. Changes in the Values of the Magnetic Elements :—The 
magnetic field of the earth at any place is not constant but is subject 
to changes which may be classified as follows— 


(1) Secular Change.— The magnetic elements underto a gradual 
cycle of changes. which extend over a long interval after which they 
return to their original values. These changes are relatively large and 
take place steadily. 


(2) Annual Change.—Suċh changes are periodie and the value of 
an element varies gradually between & maximum value sand a minimum 
value in course of a year. As an example, suppose the declination at a 
place attains the maximum value in-February and the minimum value 
in August every year. 


(3) Daily Change.—A periodic change extending over 24 hours in 
the value of an element is also noticed. An element reaches the 
maximum value at some hour of the day and the minimum value at 
some other hour, characteriatic of the element. 


(4) Magnetic Storms.—It has been found that during volcanic 
eruptions, display of Aurora Borealis, appearance of’ sun-spote, ete., 
gudden and violent changes occur in the indications of recording ing- 
truments measuring the magnetia elements. These charges are said 
to be due to magnetic storms. They are obviously non-periodic. 


Example.—The value of the angle of dip at a place (A) is 45° and the total force 
of the earth’s magnetism is 0536 Gauss. At another place (B) the dip is 60° and 
the total force is 062 Gauss. At which place will a compass needle oscillate more 


rapidly ? 
Ans. Tho horizontal component of the earth's field, H= I cos ô 
At A, T=0'536 ; 8—45^; H-Ha; s. Ha=0°536 x cos 45° 


—0:586 e Gauss, 
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AtB, I=062; 8=60°; H=H,; 
Hy, =0'62 x cos 60°=0'62 x į 2031 Gauss, 
Now, H oc n*, i.e. in a stroagar field the number of oscillations of tho needle per 
unit time will be greater, and hence the time for one oscillation £ will be smaller, or, 


in other words, the needle will vibrate more rapidly. 
Here Ha is stronger than H, ; so the needle will vibrate more rapidly at A. 


74. Determination of the angle of Dip without bringing the 
Needle into the Magnetic Meridan —The angle of dip can be deter- 
mined by observing the apparent angles of dip taken in any two vertical 
planes at right angles to each other. 


Let 3, be the angle of the dip, i.e. the angle of inclination of the 
magnetic axis with the horizontal, in a 
plane OA making an angle 0i with the 
magnetic meridian OK, and ôs be the 
apparent angle of dip in another plane 
OB at right angles to the plane OA 
(Fig. 75), Let V and JI be the vertical 
and horizontal components of the earth's 
field. The conponent of H along OA 
is H cos 0, and along OB is H cos 02. 
The vertical component V is the same d 
for both the planes, So, we have ‘ Fig. 75 
[vide Art. 67]. 


us Y 
8,2 ———— LY AMADEUS, s= 90? —0 
tan 3, Hoots and tan ôg E oor di But cos ^s-cos ( m 
i ' H eos 0 LH sin 0; . 
—sin0,. .'. cot d, E and cot 89= E Ai 
PME 9 4149 A? 
or, cot? 8 bet e eS H! ig t= Es 


But if 9 be the truo dip in the plane of the magnetic meridian, i.e. 


3 
in the plane OK, cot è=, e cotti =E, =cot” 5; -- cot? ôs. 


Thus, knowing 5; and 52 in any two planes at right angles to esch 
other, the true dip 5 can be calculated. 


Example.—In an experiment for finding the value of dip at a place it is observed 
that apparent dip in one plane is 30° and that in a plane at right angles to the first 
plane is 20°. Calculate the true dip at the place, (Pat. 1927) 


Ans, If 6 be the true dip, cot?5 — cot?5, =cot*d, 
=cut? 20° -- cot? 30* — (2/75)* + (1:78)* =7'5625 + 2'9929 = 10'5554, 
cot ô= y 105554 —9'25, 


Reference to a table of natural cotangents will show that tho anglo whoso 
cotangent is 3'25 in 17°6’ nearly. ~. True dip=17°6" (nearly). 
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Fig. 77 
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75. Magnetic Maps:—The values of the magnetic elements at 
different places are cifferent, and magnetic maps have been d'awn by 
joining those places on the geographical maps in which a magnetic 
mon has equal values, In magnetic maps we have the following 

es— 5 


(i) Isogonic and Agonie Lines.—Isogonio lines (Fig. 76’ are lines 
joining places on the map of the earth where the declination is the 
fame. Agonic lines are those which pass through places having zero. 
declination. 


. di) Isoclinie and Aclinie Lines.—Zsoclinic lines (Fig. %7) are lines 
joining places on the map of the earth where the magnetic dip is the 
fame. A line passing through’ places having no dip is called an aclinic 
ine, 

The dip of the places situated on the magnetic equator (not the 
geographical equator) is zero. So the magnetic equator is a line of 
no dip. At the two magnetic poles the dip-needle points in a vertical 
direction, so the dip is 90°, Starting from the magnetic equator, the 
dip will go on increasing both towards the north pole and the south 
pole; but towards the north, the north pole of the dip-needle dips 
downwards and towards the south, the south pole dips downwards, 


(ii) Isodynamie Lines.— These lines join up places on the map 
of the earth where the value of horiz sntel intensity is the same. 

In addition to the above lines, there are as well other lines on the 
terrestria] magnetic map known as Duperrey's lines which are lines of 
magnetic longitude. These lines indicate the direction of the magnetic 
meridian, 

. The belt round the earth's surface passing through places of no 
dip is the magnetic equator. The portion of the earth's surface included 
between the magnetic pole andthe magnetic equator has been divided 
into 90 equal parte. Through each such point of divirion a circle hag 
been drawn round the earth's surface parallel to the great circle of 
mE ONDE equator, These circles sre known as the geomagnetic 
atitudes. 


76. The Ship's (or Mariner's) Compass :—This is an invaluable 
instrument (Fig. 78) to mariners for determining the directions in which 
to guide the course of their ships. 

It consists of a magnetised needle attached underneath a circular 
card which turns with it and the circumference of which is divided 
into thirty-two dircctions, called the points of the compass, 

The N-S direction on the card is marked slong the axis of the 
needle. To distinguish the N-pole it is crown-marked. d 

The needle with the direction-giving card on it reste horizontally 
on a vertical pivot fixed to the base of a hemispherical bowl BB. It 
ig essential to provide the instrument with a contrivance so as to keep 
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the needle always horizontal {rrespective of any movement of the 
supporting base caused by 
the rolling of the sea. The 
contrivance is called a 
Gimballs arrangement. 
What is done is that the 
bowl is suspended inside an 
outer ring A at two dia- 
metrically opposite points 
about which it can freely 
turn, while the ring, on its x 
part, is suspended at two Fig. 78—The Marinor's Compass, 
diametrically opposite pointe K and I sbout which it has every freedom 
nde een the two axes of rotation being mutually perpendioular to 
each other. J 


To find the geographical north at a place on the sea, the declination 
of the place is first determined ny referring to the Nautical Almanac. 
If it is 0” W, it meons that the crown mark lies 0° to the west of the 
true North, - 


For reliability of the indications of such an instrument, permanence 
of magnetization of the magnetic system, steadiness of the system 
under violent vibration, alignment of the N-S direction marked on the 
card with the magnetic axis of the needle, and quick damping of any 
oscillations imparted to the nevdle must be secured. In order that 
these conditions may be fulfilled, the magnetic system should be of short 
length, large magnetio moment, should have a large time period and 
should be quickly damped. Inthe Kelvin's Compass, the first throe 
conditions have been sought to be fulfilled by the use of a «et. of eight 
small parallel needles suspended from an aluminium ring which acta ae 
the carrier of the card. In the liquid compass, the oscillations of the 
needle are quickly damped because the needle ia immersed in a fluid 
which is s mixture of water and aloohol. 


The indications of the needle are liable to be affected by the 
magnetisation (both temporary and permanent) of the iron of the ship. 
Componration is made by the suitable placing of small magnets attached 
to the shaft carrying the neodle. The positions of these magnets are 
osrefully adjusted until all external fields exoept the field of the earth 
have been neutralised, Sometimes bollow spheres of soft-iron aro also 
suitably placed near the needle for exact compensation. 


Questions 


1. How would prove that the earth le a magnet ? 
Ls (C. U. 1945 ; All, 1924)- 


2. Givo a short account of the earth's magnetic field. (Dac. 1983). 
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3. What are the magnetic elements of a placo? Briefly describe a method of 
finding each of them. (Pat. 1930 ; cf. '82, '86 ; Utkal, 1948 ; All, 1946) 


4. A magnet makes 12 oscillations per minute at a place A where H=0°32 
Gauss. It is found to require 4 secs, per oscillation at another place B. If the angle 
of dip at the second place B is 45°, calculate the vertical intensity of the earth's 
field at B. (Nag. U. 1952) 


[dns.: 0*5 Gauss.] 


5. Find the magnitude of the couple required to keep a magnet of pole strength 

5 units and length 8 cms. (free to turn in a horizontal plane) at rt. angles to the 

' magnetic meridian at the place where the total intensity of the earth’s field is 0'5 
Gauss and the angle of dip is 60°. (R. U. 1955) 


[4ns.: 10 dyne-cms.] 


6. Show how from a knowledge of the horizontal component of the earth’s field 
and the dip, the total intensity of the earth's magnetic field at any place is 
calculated. (Pat. 1941) 


7. The apparent dip ata place ina plano 60° away from the magnetic meridian 
is 45° and the total intensity of the earth's field is 0'46 c.g.s, units. Explain clearly 
what are meant by the terms and the figures in the above statement. Calculate alse 
the true dip at the place. : (Pat. 1984) 


[Hints.—V]H cos 60? —tan 45° ~. tan ¢=tan 45° x cos 60° ; or, à—ían7! 1 


8, At A the total magetic intensity is 0'5 and the angle of dip is 68° while at E 


the total intensity is 0'55 and the angle of dip is 72°. Compare the horizontal 
intensities at the two places. (cos 72° —:3090, and cos 68° =0°3748) 


[4ns.: H: H=11:1) 

9. Ifthe horizontal component of the earth's field is 0°36 c.g.s. unit and the dip is 
42° at a certain place. What is the total intensity of the earth’s field at that placo ? 

[Ans. : 0°49 o.g.s. unit]. I (Utkal, 1953) 

10. Ata place A, the total magnetic intensity is 0'98 Gauss and the dip is 45° ; 


at another place B, the total intensity is 0'5 Gauss and the dip is 60°. The time 


period of a magnet vibrating horizontally at A is 3 seconds. Whatis the time 
period at B ? 


[Ans. : 5 secs. ] d (Pat. 1945) 
li. What is theearth's horizontal intensity ? Explain what observations are 
necesrary for the determination of total intensity of the earth's magnetic field at any 
"given place. (U. P. B. 1954 ; O. U. 1947 ; Utkal, 1947) 
12. The vertical component of the earth's magnetic field is 0°32 c.g.s. unit at a 
place. Tho dip atthe place is 45°. A bar-magnet of magnetic moment 1000 c.g.s. 


units and moment of inertia of 8000 c.g.s. units is allowed to oscillate ina horizontal 
plane. Find the period of its oscillation. (Bomb. 1952) 


[Ans.: 81°4 seos.] ` 


13, Prove that the earth’s action on a magnet is simply a directive one. 
. (C. U. 1928) 


14. A bar magnet is provided to you such that its poles are not in the axis ef 
symmetry. Show how you will use it to determine the magnetic meridian. 
(Pat. 1928 ; cf. Pat. 1930 ; cf. O. U. 1942) 


15. Describe an experiment for determining the magnetic axis ofa magnet fixed 
inside a fl:t rectangular wooden box without opening the box. (Pat. 1943) 


—— 
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. 16. Describe a dip-circle. How will you use it to determine the. magnetic 
inclination at a place ? (Pat. 1927, '37, 39, '40, 41, '48 ; All. 1981) 


Mention the errors that may arise and explain how they can bo eliminated, 
(Pat, 1948) 


real . What are the magnetic elements of a place, and how are they related to each 
ether ? 


How would you measure the ‘angle of dip’ at a place correctly ? (R. U. 1950) 


18. What do you mean by H'ofa place? How will you determine it in the 
laboratory ? (G. U. 1953; R. U. 1951; East Punjab, 1953 ; Del. H. S. 1953 ; 


Nag. U. 1951; U. P. B. 1951; Bomb. 1950, '01; And. U. 1952) 


19. Describe in detail with theory how to determine the horizontal component of 
tho earth's magnetic field. Explain the sources of error of the experiment. 


(Utkal, 1953 ; Del. U. 1951; Del. H. S. 1950 ; cf. R. U. 1954 ; Nag. U. 1955 ; 
Poo. U. 1953). 


20. What are meant by the terms: (a) magnetic equator, (b) isogonic lines ? 


A dip-circle is placed so that the needle sets vertical, The circle is then rotated 
throngh 0 about the vertical axis and the dip as measured in this position is found to 


be $. Find its true value. (0. U. 1945) 
[Ans. tan $ xsin 8.) 
91. Write a short note on Terrestrial Magnetic Lines. (Bomb, 1948) 


22, What is Mariner’s compass and how is it used ? 


PART VI 
STATICAL ELECTRICITY. 


CHAPTER I 
Fundametal Ideas 


1  Electrifeation by Friction :—Many substances such as glass, 
ebonite, sealing-wax, resin, etc. when rubbed with silk, flannel, catskin, 
or other suitable materials, acquire the property of attracting light 
bodies like bits of paper, pieces of pith, ete. The substances in such a 
state are raid to be electrified, or to possess electric charges, or they 
are si aply called charged bodies. 

The electricity so produced by friction is called Frictional 
Electricity. It is eslled Statical Electricity, when it does not mova 
from one place to another in the substanca in which it is produced. 
The study of the properties of electrified bodies on which the electric 
charge is at rest forms the subject-matter of a branch of Physics called 
Electrostatics. 

2 Two kinds of Electrification :—If a pith-ball is suspended 
bv means of a silk thread, and if a dry glass-rod is rubbed with silk 
and then held near the pith-ball, the pith-ball is attracted by the 
glass-rod. touches it, and is then repelled by the rod. If the glass-rod 
now a proaches the pith-ball, the pith-ball will move farther away 
instead of being attracted. If another pith-ballis similarly suspended, 
and if a rod of sealing-wax. rubbed with a piece of flannel, is held near 
it, the pith-nall is attracted by the rod, touches it, and is then repelled. 
Tf now the glass-rod is held near the second pith-ball, it attracts the 
pith-ball, and, if the rod of sealing-wax is held near the first pith-ball, 
it also attracts the pith-hall. This experiment clearly indicates that 
the charge of the first pith-ball received from the glass-rod rubbed with 
silk,’ is different in nature from that of the second pith- ball received 
from the sealing-wax rubbed with flannel. The repulsion of the first 
pith-ball by the glass-rod and the second one by the rod of sealing-wax 
shov that similar electrical charges repel each other; while the 
attraction between the charged glass-rod and the second pith-ball 
which recsived charge by contact with the rod of sealing-wax rubbed 
with flannel show that dissimilar charges attract each other. Thus we 
have the following fundamental Law of Electrostatics— 


Two bodies with like charges repel each other and with unlike 
charges attract each other. 

The kind of electricity or charge generated on glass by rubbing 
it with silk was called, by the ancients, vitreous, and that generated 
on sealing-wax when rubbed with flannel was called resinous. 
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‘These names are now obsolete. Now-a-days the vitreous electricity is 
callea positive, and the resinous, negative. 

Wat kind of charges would be generated in a material by rubbing 
with another, depends on the natures of the two materials concerned, 
A list of substances is given below where the substances bave been 
arranged in such a way that any of them becomes positively charged 
when rubbed with another coming later in the lis", which is negatively 
charged: 


Fur Glass Wood Amber 
Flannel Paper Metals Sulphur 
Shellac Silk ladia Rubber | Ehouite 
Sealiog-wax Human body Resin Gusta percha 


8. Conductors and Non-Conductors (or Insulators) :- A charged 
pith-ball suspended by silk retains its charge for a long time, But if 
the pith-ball were suspended by a copper wire. it would lose its charge 
as soon as it is given. Ifa glass-rod held in the hand is rubbed with 
silk, it is eleotrified only in the portion it is rubbed ; while a brasg-rod 
when similarly treated, shows no sign of electrification. In the first 
case, the silk thread is a non-conductor or insulator so it does not 
aliow electric charge to pass through it; while the copper wire is a 
good conductor and conducts sway the electricity quite readily. 
Similarly, in the second case the glass being an insulator does not 
conduct away the electricity developed by friction, and so the charge 
remains locally where it is produced ; but in the other case brass. being 
a conductor the electricity developed on the brass-rod at once escapes 
to the earth through the human body which is a conductor. If the 
‘brass-rod is fitted with glass or ebonite handle it will be strongly 
electrified by friction and will retain the charge for quite a long time. 

The best insulators are mics glase, ebonite, sulphur, shellac, 
paraffin, sesling-wax, silk, oil, dry air, ete. The best conductors are 
the earth. silver, copper, etc. There is however, no sharp line of 
division between the two clasges,—for example, there are some subs- 
tances like wood, paper ete. which are semi-conductors or partial 
conductors. In the universe no material can be said to be a perfect 
conductor or a perfect insulator. 

The earth and specially the moist portion of it, acts like a huge 
conductor. An electrified body which is to be discharged 1s connected 
with the earth and the body is said to be earthed. 

4. Electroscopes :—Pith-ball Electroscope and  Gold-leaf 
Electroscope :—The electroscope is sn instrument for detecting the 
presence of electricity and also for determining whether the charge on 
& body is positive or negative. There are two common types of 
electroscopes : (a) Pith-ball electroseope, and (b) Gold-lvaf elects oscope. 

(a) The Pith-ball Electroscope.— This Electrosc: pe simply consists 
of a pith-ball (preferably gilded) euspended from a support by a single 
silk fibre (Fig. 1). 
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(i) Detection of Charge.—An uncharged pith-ball is brought 
near the body under examination. If the pith-ball is first attracted 
and then repelled after touching the body, the body 
is charged. The repulsion is due to the same kind 
of charge acquired by the pith-ball after contact with 
the body. The ball may be charged with a known 
kind of electricity in this way. 


(i) Detection of the Nature of charge—Let a 
positively charged pith-ball be brought near the body. 
If there be repulsion, the charge on the body under 
examination is positive, but if there be attraction, 
the body may be either uncharged or negatively 
charged. Whether the body is a charged one or 
uncharged, that is determined by the first method. 


(b). The Gold-leaf Electroscope.—The Gold- 
leaf Electroscope is a more sensitive instrument 
than a Pith-ball Blectroscope. It is used for the 


Fig. 1—Pith- à b 
-ball Elec- detection ofa charge and of its nature. It is, 
troscope. therefore, very commonly used. It consists of 


two gold leaves L, L attached to the two sides of 
the lower end of a metal rod R (Fig. 2). The rod passes» through an. 
insulating stopper S, usually made of amber, 
parafin, or sulphur fitting into the neck of a 
glass vessel B, which protects the leaves from 
the disturbing effects of air-current and mois- 
ture, The rod terminates at the top in a metal 
dise or knob O (which is often provided with 
a binding terminal A). The delicacy of the ins- 
trument is increased by pasting two strips t, t 
of tin-foil on the inside of the glass vessel just 
opposite to the gold-leaves. The tin foils begin 
from the level of the gold-leaves and pass down 
to the metal base of the instrument and are 
thus connected with the earth, These strips 
make the instrument more delicate the utility 
of which will be fully understood after study- 
ing the principles of electrostatic induction 
and potential. In order to keep the air dry, a Fig. 2—Gold-leaf 
small vessel containing calcium chloride or Electroscope. 
pumice stone soaked in strong sulphuric acid, should be placed inside 
the instrument. The charges of the leaves otherwise tend to leak 
through the surrounding moist air which is conducting. If a suitable 
scale is provided to measure the divergence of the leaves the instrument. 
is generally called an electrometer. 


A type of sensitive electroscope, shown in Fig. 8, is also often 
used in the laboratory, It consists of a metal ring T mounted on an 
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insulating stand P. A brass-rod R passes through an insulating plug 8 
fixed td’the top of the ring. The rod is provided with a thin metal 
leaf L attached to it near its lower end anda small metal ball C forme 
a knob screwed to its upper end. Two glass covers are laid on the two 
faces of the ring and thereby the instrument is protected from 
disturbances of air-currents and moisture. ý 


Detection of Charge.—Slowly bring the 
təst body near the koob of the eleatroscope. If 
the body is electrified, the leaves of the electros- 
cope (Fig. 2) will diverge. If the electroscope 
in Fig. 3 is used, the leaf L will 'diverage from 
the fixed rod R. 

Examination of the Nature of charge.— 
Take an insulated brass-rod, which is electrified, 
Bay, negatively by rabbing it with a pieca of 
silk, or flannel. Slowly bring this charged rod 
towards the knob of the electroscope when the 
electroscope will show a divergencs. Finally 
touch the knob of the elestroscops with the 
charged rod. The divergence will now be the 
greatest. Remove the chared rod. The lesves 


still will remain diverging from each other, s 3— 
showing that the electroscope is now charged, ciun il 


and the charge on the electroscope being obtain- 
ed by contact with a negatively charged body is negative. The 
electroscope, in the osse, is said to be charged by conduction, 


‘Next slowly bring the teat body near the knob of the electroscope. 
Ifdue to this the initial divergence begins to increase, the body ic 
similarly charged, i.e, negatively charged in this case. If however, 
the divergence diminishes, the body is either positively charged or 
simply uncharged. To ascertain which is the case, discharge the 
eleotroscope by toughing the kaob of it with the hand when the leaves 
will collapse, : Again present the test body to the knob of the electro- 
scope; if now the leaves diverge, the test body has a positive 
electrification, If the leaves are unaffected, the body is uncharged. 


5. Repulsion is a Surer Test of Electrification :—A charged 
glass-rod is presented to a suspended pith-ball. Suppose the pith-ball 
is attracted to the glass-rod. From this it cannot be concluded that 
the pith-ball is electrified with opposite charge. For, a charged body 
can attract an uncharged body and also à body charged with opposite 
kind of electricity. So, only by attraction it cannot be definitely said 
whether the second body is charged or not. If, however, the pith-ball 
is repelled, it can be concluded ah once that it carries the same kind 
of charge as the glass-rod, because repulsion is possible only between 
two bodies charged with the same kind of electricity, Hence repulsion” 
is & surer test of electrification. 
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6. Simultaneous Development of Equal and Opposite kinds of 
Electricity. Whenever a charge of one kind of electricity is produced 
by friction, an equal quantity of electrical charge of the opposite kind 
is also produced at the game time. Thus, when glass is positively 
charged by being rubbed with silk an equal quantity of negative charge 
is developed on the silk, This is clearly verified by the following 
.experiment— $ 


“Expt. --A flannel cap having a long silk thread attached to it is 
À fitted on an ebonite rod (Fig. 4). The rod 
is then rubbed ‘round by the cap several 
times. The rod and the cap together, 
when presented before an uncharged gold- 
leaf electroscope, will produce no diver- 
gence. The cap is then separated from 
the rod by means of the silk thread and 
presented before a positively charged 
gold-leat electroscope, The divergence 
increases, showing the charge on the cap 
Fig. 4 to be positive. Now, on presenting the 
i rod before the electroscope, the divergence 
diminishes showing the charge of the rod to be negative. The two 
pieces, the rod and the flannel cap, are thus both charged, while the 
two together behave as neutral. This means that by friction equal 
charges of the opposite kind are produced on the substances rubbed. 


7. Theories of Electricity :—From time to time various theories ' 
have been put forward by different scientists for explaining the known 
electrical phenomena. Of them (i) the T'wo-fluid Theory, and (ii) the 
One-fluid Theory came in succession, while the latest of them is (iii) the 
Electron "Theory, which is now-a-days universally accepted. 


fi) The Two-fluid Theory.—-This theory originated from the work 
of Charles Francois du Fay, but was later developed by Robert 
Symmer. Robert Symmer envisaged th» existence of two kinds of 
fluida having opposite nature corresponding to the two kinds of 
electrification, positive and negative. He thought that all bodies, in 
unelectrifisd state, contain these two fluids in equal quantities whereby 
the effects are noutralised. When a body is electrified, it gains a 
certain amount of one-fluid and loses an equal amount of the other. 
So, when two bodies are rubbed, one gets electricity. of one kind in 
excess over its normnl quantity, while the other gets electricity of the 
other kind to an equal amount in excess over the normal quantity. 
This results in equal electrification of opposite kind in the two bodies. 


(ii) The One-fluid Theory is originally due to Sir William Watson, 
but if was developed by Benjamin Franklin, who first suggested 
terms, positive and negative, to denote the two kinds of electricity. 
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According to this theory, electricity is a kind of indestructible, subtle 
and weightless fluid and a normal amount of this fluid is possessed by 
all uncharged bodies. A body containing more than the normal 
amount of this fluid is positively charged ; and if it contains less than 
the normal amount, it is negatively charged. By the act of rubbing, 
the fluid is traosferred from the body to another as in squerzing. 
The amoint lost by one shows to be in excess in equal quantity 
on the other. Thus it also explains the equality of charges on the 
ruber and the rubbed. The essence of the theory, therefore, is that 
during electrification only one thing moves, unlike in the two-fluid 
theory, and that a state of electrification is due to an excess or deficit 
of that thing. > 

(iii} The Electron Theory.—In recent yéars the existence of 
particles far smaller than the atom has been experimentally proved. 
It has now been definitely established that atoms contain as consti- 
tuents tiny particles, one kind of which is associated with a negative 
charge ; snd it is believed that itis nothing but a minute particle of 
negative electricity. This sub-atomid particle is called an Electron. 
Each electron has the same mass about zgzg of that of a hydrogen 
atom, the lightest known atom, and each is associated with the same 
negative charge, the value of which is 4°77 X 10^ ?? electrostatic unit. 
This is the smallost quantity of electricity which has been found to 
exist by itself and the electric charges of all charged bodies are integral 
multiple of this electronic charge. 

The atom consists of a nucleus of positive electricity surrounded 
by & number of orbital electrons. These electrons revolve in definite 
orbits round the positive nucleus, much in the same manner as the 
Earth, Mars, and other planets revolve in their orbits round the Sun. 
The positive nucleus is formed of positively charged particles, called 
protons, and some uncharged particles, called neutrons, both of which 
are massive particles compared to the electrons. A proton or a neutron 
is as heavy as a hydrogen atom ; the former carries a positive charge 
equal to that of an electron while the latter is electrically neutral. As 
electrons are the smallest charges of negative electricity (i.e. 4°77 X 107? ? 
6.3.4.) so protons have also the smallest charges of positive electricity. 
These three particles electron, proton and neutron, are regarded as the 
fundamental bricks with which all matter is composed. The difference 
of an atom of one kind from an atom of another is due to the number 
of these particles being different in the two. ; 

8. The Structure of an Atom :—An atom consists of m central 
part, called the nucleus, about which a number of electrons, called 
the orbital electrons, revolve in the outer part of the atom, called 


the shell.* 


In viow of the comparatively recent discovery of the wave nature of the 
sub-atomic particles, any attempt to form a picture of the atomic structure on 
the basis of their particle nature should be regarded as outmoded. But such-a 
icture is necessary becausé the wave concepts are after all built up from thé 


particle concepts. 
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(a) The Nucleus (or Core).—It is the central portion of the atom 
corresponding to the sun of the solar system. It'mainly consists of unite 
of positive electricity, called protons, which are positively charged 
elementary particles, together with a certain namber of embedded 
neutrons, which are also elementary particles, ‘each having nearly 
the same mass as that of a proton, but are electrically uncharged. 
So the charge of the nucleus is positive. The nucleus is surrounded 
by the outer part of the atom, called the shell, in which electrons, 
equal in number to the protons in the nucleus, continually revolve. 
For a normal atom, the electric charges of the protons and of the 
electrons are equal in quantity; so their resultant charge is zero. 
The nucleus in the case of a hydrogen atom has only one particle in 
it—a proton and no embedded neutron. It is rather special. A proton 
is even smaller in volume than the electron though, relatively, its mass 
ig many times greater. 


(b) The Shell—It is the outer part of an atom and in it the 
electrons continually revolve round the uncleus in definite orbits. 


The number of these revolving electrons in a normal stom is 
the same as the atomic mumber of the element. Thus, in a hydrogen 
atom there is 1 electron and 1 

proton [Fig. 5(a) ; in the helium 


© atom the nucleus conèists of 
©) © OSC) © 2 protons and 2 neutrons, so 
© . there are two- resultant positive 


units of charge in the nucleus 

(a) (5) (Fig. b(b), pee blank circle 

z and a circle with positive sign 

Hydrogen Aa Helium. Atom respectively denote a neutron and . 

Wig. 6 a proton] and in the shell there 

are 2 exiernal electrons ; in oxygen atom there are 8 protons together 

with 8 neutrons in the nucleus and 8 external electrons, and so on. 

These electrons revolve round the positive nucleus in definite orbits 

with enormous speed, much in the same manner as planets do in their 
orbits round the sun. 


Atomic Weight and Atomic Number.—A proton or neutron, as 
already stated, is about 1840 times heavier than an electron. It is 
obvious, therefore that the massive particles of an atom are all con- 
centrated in the nucleus and that the weight of the electrons may 
be neglected compared to that of the protons and neutrons, when 
considering the weight of an stom* of an element; or, in other 
words, the weight of an atom will be the weight of the protons and 
neutrons only 


The atomic weight of an element is defined as the number 
which expresses how many times the weight of an aliom of the 
element is greater than the weight of an atom of hydrogen. Since 
the simple hydrogen atom has only 1 proton in it, the atomie weight 
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of any other element will be given by the number of protons and 
neutrons in it. 


The atomic number of an element is defined as the number of units 
of positive electricity, i.e. protons present in the nucleus (which i is also 
equal to the numbér of units of negative electricity. 4.6. electrons 


moving in the shell, when the atom is in its normal state) of an 
atom of it. i 


Ita table is prepared for the atoms of our known elements in 
increasing order of protons in their nucleus, starting with hydrogen 
- which has 1 proton only in its nucleus, the position each atom occupies 
in the table has been found to be characteristic of the chemical 
properties of the atom ; or, in other, words, the chemical nature of an 
element is determined by its atomie number. 


Stability and Physical Nature of the Atom.—The atom ia kept 
asa definite stable system by the electrical forces of attraction and | 
repulsion between the different electrical units composing it. 


The atom is not of compact structure, the electrons, neutrons and 
protons inside it occupying only a small part of the total space of the 
atom. An English scientist has said that if we imagine the St. Paul's 
Cathedral to be the size of an atom, the particles, of which atoms are 
formed, would be like specks of dust, which are practically invisible. 
Another has said that the size of an electron, relatively to that ofan 
atom to which they are attached, may be compared as the volume of 
an airship to that of the earth. In short, the constituent particles of 
an atom are exceedingly small compared to the atom as a whole. 


9. Positively and Negatively Charged Bodies :—The rotating 
electrons of an atom may be dislodge from their orbits and pass from 
one atom to another. When, af any instant, an atom loses one 
or more of its electrons, it has an excess of positive electricity (it being 
neutral in the beginning) and it is said to be positively charged while 
an atom, which gets one or more electrons cver its normal number has, 
an excess of negative electricity, and is ssid to be negatively charged, 


Thus according to the modern view, when a glasg-rod is electri- 
fied by being rabbed with silk, all that ia done is that some of the 
- electrons are removed from the rod and transferred to the silk-piece. 
‘Thus, glass gets a deficit of electrons and is positively electrified, while 
the silk-piece has a surplus and is negatively electrified. 7 
M 

Similarly, in the ease of the experiment described in Art. 6, the 
ebonite-rod gains electrons from the fisunel cap and is negatively 
charged, but the cap, having lost the same electrons, is positively 
charged to an equal amount. This explains the simultaneous develop- 

meant of two kinds of electricity positive and negative in equal quantity. 
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10. Conduction :—Electrie Current ete. :—In solids, the positione 
of the nuclei are more or less fixed and the electrons behave in two 
different ways in two different classes of solids. The electrons, moving 
in the outer layers of certain atoms, chiefly those of the metals, are 
only loosely bound to the atoms, and so may easily be detached and 
migrate to neighbouring atoms. The materials in which these so- 
called free electrons may easily migrate from one atom to another are 
called conductors, while substances, in which the electrons are strongly 
bound to the atoms. and in which free movement of electrons within 
the interior of substances “is seldom allowed, are termed insulators. 
Metals are good conductors. The earth is also a good conductor and 
forms a big reservoir of electrons, as the ocean is of water. A 
negatively charged conductor, 7.6. a conductor with surplus electrons 
when connected with the earth. gives up its surplus elecirons to the 
latter and becomes neutral. Similarly, a positively charged conductor, 
i. e., a conductor short of electrons, when connected with the earth, 
receives electrons from the earth and becomes neutral. The earth 
receives or loses electrons in this way, but the earth remains unaffected, 
just a3 any gain of water during the rsins, or any- loss of water by 
evaporation during the winters or the summer has no appreciable effect 
on the level of water in the ocean. 


In Liquids, the electrons are generally bound to their nuclei ; so 
the liquids can conduct electricity only when their molecules are 
ionised (vide Oh. VI, Part VIL). 


11, Electric Current and Electromotive Force :—If there isa 
force or pressure which can compel the movement of the free electrons 
ina conductor to a particalar direction,, there will be a stream of 
electrons moving in that direction, which is termed an electric current, 
andthe force or pressure producing it is called an electromotive force 
(vide algo Arts. 5 & 45, Part VII). 


12. Short Review of the Development of the Science of Electro- 
statics :—The Greek philosopher Thales of Miletus ( about 600 B.C.) 
first noticed that when amber was rubbed, it acquired the power of 
attracting light bodies. such as bits of thread, ete, What he produced 
was electricity, a3 it is known to-day and his experiments in electricity 
are the earliest on record. For about twenty-two centuries, we do not 
know if any further advance in the subject was made. ‘Then Dr. William 
Gilbert (1540—1603), a court physician to Queen Elizabeth and for 
sometime to James I, who is famous for his work on Magnetism, dis- 
covered that other substances, such as glass, sealing-wax, sulphur, and 
resin, if rubbed would also attract light bodies. He gave the name 
electrons to these substances from a Greek word standing for amber, We 
owe to the Hon'ble Robert Boyle (1627-1691) the word electricity aa 
aname for the charge generated on rubbed bodies. His book “On the 
Mechanical Origin of Production of Electricity", published at Oxford 
in 1676 is the first book written on the subject. Gilbert gave the 
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name non-electrics to those substances which could not, when rubbed. 
acquire the power of attracting light bodies, ? e., those which could not 
electrify or be given a “charge of electricity”. He found the metals to 
belong to this group. It required a hundred years of slow and accidental 
steps to correct Gilbert's notions on metals. Stephen Giay (1696—1786) 
noticed in 1729 for the first time that electricity leaked away from a 
body if supported by a metal. He thus distinguished between 
conductors and non-conductors otherwise called insulators (Lat. insula 
—an island). He found metals to be conductors and silk to be a good 
insulator: Jean The'ophile Desaguliers (1683—1744) did the next step. 
He showed that a metal mounted on an insulator could be electrified 
easily ; whereas, if a charged body was held by a metal, the charge 
leaked a way through the metal. In other words, non electrics of Gilbert. 
were conductors and the electrics were insulators. Gray's discovery 
of conduction made philosophers think of electricity as something which 
would flow, They began now to think of it as fluide, The next 
discovery in electricity ig due to Charles Francois.du Fay (1699 —1789) ; 
a French man. He found electricity to be of two kinds and called them 
‘vitreous’ and ‘resinous’, the former kind being produced on glass 
(vitrum) by rubbing with silk and the latter kind being produced on 
resin when rubbed with flannel. This gave rise to the two-fluid theory. 
His ideag were extended further by Robert Symmer, an English man, 
about 1759. Sir William Watson (1715—1787), an English scientist, 
next propounded the one-/luide theory. It was elaborated by Benjamine 
Franklin (1705—1790), an American scientist and statesman of 
Philadelphia. The names positive acd negative as used in connection 
with electricity aro due tə him. He called vitreous electricity positive 
electricity and resinous electricity, negative electricity. The modern 
view of electrification, known 'as the Electron theory, reste, on the 
experimental work of Sir J. J. Thomson, and the genius of Lord 
Rutherford of Cambridge, Prof. N. Bohr of Copenhagen, Prof. Millikan 
of America, and others. 


Questions 


1. What do yon mean by the statement thai a body is electrically charged ? 
When you electrify a glass-rod by rubbing it against flannel, what is the source 
from which electrical energy is obtained ? (Pat, 1924) 

2. Describe the construction, and explain the use of a gold-leaf electrogcopo. 

(O. U. 1916, '22, "24, '27, 145, 52 ; Dac. 1938) 

3. Explain clearly the statement that ropulsion is a surer test of electrification, 

4. How would you prove ,that positive and negative electrifications are’ pro- 
duced in equal quantities ? (C. U. 1997, "85, '42, '44, "61, '52 ; cf. Pat. 1928, '32) 

Explain clearly, with reasons, the mamos given to these by the ancients. Why 
have these names been changed into ‘positive’ and ‘negative’ ? (Pat, 1932) 

5. Whatisanelectron ? Explain with its help the phenomenon of electri- 
fication by friction or by induction. (of. Vis. U*1952, *b4.; O. U, 1982, 43) 

6. Describe the structure of atoms. Define electron, proton, nucleus, and in this 
connection state what is meant by conduction, « 


CHAPTER II 


` Electrical Induction 


18. The proof-plane: A proof-plane (Fig. 6) consists of a small 
metal dise P mounted on. an insulating 
handle. It is used for testing the kind of 

P electricity on a charged body. The proof- 

plane is held by the insulsting handle and 

; the metal dic is momentarily placed in 

contact with the charged body. The disc 

is then removed and immediately presented 

before a charged electroscope for testing 
the nature of its electrification. 


When a charged conductor is touched by a proof-plane it becomes 
a part of the surface of the conductor, and, when removed, it carries a 
part of charge of the conductor. Thus, it simply acts as a carrier of 
some small charge of the same nature as that of the charged body. 


14. Electrostatic Induction:—When an insulated uncharged 
conductor is brought near a charged body, the near end of the conductor 


Fig. 6—A Proof- 
plane. 


shows an opposite electrification and the far end s similar eleatrification. . 


The electrifications so produced disappeared when the conductor ig 
removed from the presence of the A B 


c 
eharged body. Such temporary 
electrifications of a conductor in a Ef 
which opposite charges are Y 


produced at the near end and 

similar charges at the far end by Fig. 7 

the action of a neighbouring charge is known as the phenomenon of 
electrostatic induction. The separating medium between the charged 
body and the conductor may be air or any other insulator, 


In Fig. 7, an uncharged body is shown to be brought near a 
positively charged body A placed in sir. The near end B will thereby 
be negatively charged and the far end C positively charged. 


To test the above facts, place the disc of a procf-plane against the 
end B and present it before a negatively charged gold-lcaf electrcseope. 
Observe that the divergence of the leaves increases which shows that 
the charge of the procf-plane, and consequently that at the end B of 
the conductor, is negative. Now discharge the proof-plane by touching 
it with the hand : touch the end C of the conductor with it and bring 
it before a positively charged gold-leaf electroscope, when the leaves 
will diverge more, showing the presence of a positive charge on the 
proof-plane, and consequently on the end C of the conductor. It can 
similarly be proved with the help of an uncharged electroscope that 
there is practically, no charge at the middle of BC, 
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The charge on „the body A which induces charges on the con- 
ductor BO is knówn as the inducing charge and the charges, positive 


and negative, induced on the conductor BC are referred to as induced -. 


charges. 


The opposite charge induced at the near end is called the bound 
charge, because it is held bound to the inducing charge by a force of 
attraction ; while the similar charge induced at the far side is called 
the free charge, 7 


i The phenomenon of induction was discovered by Stephen Gray and 
this discovery was as important as his discovery of conduction. 


(a) Development of two Equal and’ Opposite Charge by Induc- 
tion :—If a positively charged body 4 is brought near two insulated 
metal spheres B and O placed in contact (or connected by a wire), the 
nearer sphere B will be negatively 
charged, and the farther one (C' 
positively charged (Fig. 8). If the 
two spheres B and O are now sepa- 


rated in the presence of the positively A B C 
charged inducing body A, then, on ý 
testing with a proof-plane and a Fig. 8 


charged electroscope, it is found that the nearer one B shows negative 
charge and the other C positive charge. If the spheres are then placed 
in contact and the combination is presented before an uncharged gold- 
leaf electroscope, the leaves do not diverge showing that there is no 
charge on the combination. This fact proves that the induced negative 
charge on B is equal to the induced positive charge on C. Further 
proof of this is furnished in Art. 19. 


(b) Explanation of induction by Electron  Theory.—Every 
conductor contains a number of free or mobile electrons. When a 
positively charged body is brought near it, some electrons are attrac- 
ted by it so that the near end of the conductor gets more of these 
electrons and so becomes negatively charged, while the remote end is 
left at a deficit by the same number of electrons and so becomes equally 
positively charged. When, however, the conductor is earthed in the 
presence of the positively charged body, the shortage of electrons of the 
remote end of the conductor is made up by electrons coming from the 
earth. If now the earth connection is cut off, and the positively 
charged body, i.e. the attracting force, is removed the electrons of the 
near erd which are no longer bound, ere distributed over the whole 
surface and the conductor shows to be negatively charged. 


(e) Facts about Induction. 


(i) The two kinds of electricity positive and negative, are separated 
by induction. . . 

(Gi) Opposite kind of charge is induced on the near end of the 
conductor and similar charge is induced on the remotglend, 
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(iii) The two induced charges, positive and negative, are equal in 
amount. 

(iv) The induced charges are temporary: the induced opposite 
charges neutralise each other when the inducing body is removed. 


14 (a) Induction preceeds Attraction :—When a charge is 
brought near an uncharged conductor, electric separation (separation of 
positive and negative charges) takes place in the conductor, and the 
charge opposite to that on the inducing body comes nearer to and like 
charge moves further away from the inducing charge. The attraction 
between the inducing charge and the induced opposite charge which is 
nearer predominates over the repulsion between the inducing charge 
and the induced similar charge which is more distant and the net result 
is an attraction. But this attraction results from the prior creation of 
an opposite charge by induction. So, induction always precedss the 
ativaction between a charged and an uncharged body. 


15. Charging a Gold-leaf Electroscope by Induction :—Buppose 
a negatively charged rod is brought near the disc of an uncharged gold- 
leaf electroscope. Inductign takes place ; the dise acquires a positive 
charge, and the lower part of the metal rod and leaves acquire negative 
charge; the leaves consequently diverge with negative electricity 
[Fig.9(a)) If now keeping the charged rod in position, the dise is 
touched momentarily with the finger, the free negstive charge of the 
leaves escapes to the earth and the leaves collapse (Fig. 9()] The 


. (a) ; (b) ` (e) 
f Fig. 9 


positive charge on the disc is bound by the attraction of the inducing 
negative charge. Now on removing the charged rod, positive electricity 
which was in effect neutralised being held bound by attraction to the 
inducing charge, now becomes free all over. The positive charges are 
now in excess in the electroscope and the leaves diverge with positive 
electricity as shown in Fig. 9(c). So the electroscope is now charged 
positively by induction. 

Note that charging by induction produces the opposite kind 
of Charge. This is a very convenient way of charging an electro- 
seope, as the charge on the leaves can be regulated by altering the 
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distance between the charged body and the electroseope. The charge 
on the leaves will be less, if the distance be greater. 


Caution —Strongly charged bodies should never: be brought close 
to the electroscope, for in that case repulsion between the leaves may 
be go strong as to tear away the leaves. For testing such strongly 
charged bodies proof-planes should be used. 


To charge a Gold-leaf Electroscope Negatively Suppose a 
positively charged glass-rod is brought near the dise of an uncharged 
eleetroseope (compare with Fig. 9). - Induction takes place, the disc ig 
negatively charged and the leaves positively. The disc is momentarily 
connected to the earth whereon the positive charge of the leaves escapes 
to the earth, and the leaves collapse. [According to modern view, it 
would be more correct to say that, due to the influence of the positively 
charged glass-rod, some of the electrons of the leaves are attrac!ed, 
brougaf to the disc and the leaves of the electroscope are left deficient 
in electrons, 7.e. positively charged, and so they diverge. Then, if the 
dise is touched, the leaves collapse on account of their neutralisation 
by the electrons rushing from the earth to the electroscope.] 


If the rod is taken away, i.e. the inducing influence is removed, 
the electrons distribute themselves all over the leaves as well and so 
the leaves again diverge, now with negative charges. 


16. Three Steps in the Process of Charging by Induction :— 
(a) Bring the charged body near the conductor to be charged. 
(b) Touch the latter momentarily, i.e. connect it with the earth. 
(c) Remove the inducing charge. 


“17. Detection of the Character of a Charge :—To detect the 
character (positive or negative) of an unknown charge, slowly bring 
the charged body near an electroscope charged, say, negatively. If 
the unknown charge be negative, it will act inductively on the 
electroscope giving the leaves more negative charge ; so the divergence 
of the leaves will increase. If the unknown chargo be positive the 
divergence will diminish. 


The result of the experiment can be tabulated as below— 


Electroscope charged 
Brought up near 
the disc D t 
Positively Negatively 
Positively charged | . Increased divergence Collapse or partial 
body collapse 
Negatively charged ` Collapse or partial Increased divergence 


; body collapse 4 
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18. Magnetic and Electric Induction Compared ; 


s Resemblance.—(i) As induced magnetism is temporary, so electri- 
city induced in à condustor is also temporary and lasts only as long as 
the inducing body is present near the induced body. 

(ii) There is no change in strength in the isdtcing charge, or in 
the inducing magnet, when induction takes place. ; 

Difference.—In magnetism, induction may also take place 
‘between two bodies in contact, but in electricity, for induction to take 


place, the inducing charge and the body to be charged are to be near 
each other but not to be in contact. 


(ii) In electric induction a charged body will induce a charge on 
any insulated conductor, but magnetic induction is limited to magnetic 
substances only, 

19. Three Ways of charging a body :— 

(i) By friction i (ii) By conduction ; (iii) By induction. 

(i) In this caae, the sign of the charge depends upon the materials 
used. (ji) In the second case, the charge is of the same sign as that 
which causes it ; and (zi) in the third case, the charge is of opposite 
sign. 

20. Faradày's Ice-pail experiment:—To perform this experi- 
ment a hollow spherical or 
cylindrical metallic can O open 
at the top is placed on an insu- 

* lating stand R, the outside of 
the can being connected with: 
a gold-leaf eleatroscope G by 
a wire (Fig. 10). The experi- 
ment can be divided in three 
parts— 

(i) A positively charged 
metal bell A held by a silk 
thread is slowly introduced 
inside the can, care being taken 
so that the hall may not touch 

any part of the can during the process. It will be found that as 
soon as the ball is well into the can, i.e. the ball is slmost surroun- 
ded by thecan, the divergence of the leaves becomes maximum. If 
at this stage the ball is moved sideways (but not touching the walls), 
the divergence does rot change but remsins constant. The charge 
on the ball being positive, negative charge is induced on the inside 
surface of the can; the leaves of the electroscope show positive electri- 
fication which causes the leaves to diverge. The leaves collapse again 
when the ball is withdrawn.. This proves— 


When a charge is almost completely surrounded by a jconduc- 
tor. the "Aa" of the induced charge becomes maximum and 


' Fig. 10—Faraday's Ice-pail 
Experiment. 
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remains the same, whether the position of the inducing charge 
within the conductor is changed or not, provided it continues to be 
completely surrounded by the conductor. 


(ii) The electrified ball is again introduced well inside the can. 
The maximum induction takes place as in the previous case and the 
leaves diverge with the induced positive charge. The ball is then made 
to touch the iaside surface of the can. The divergence of the leaves 
does not change, but remains constant even when the ball iswithdrawn. 
Now, on testing the ball, it is found to be completely discharged. The 
inducing charge being completely neutralised, and the induced free 
charge remaining constant, the neutralisation is due to the induced 
opposite charge which must be equal in magnitude. Thus— 


When an inducing charge is almost completely surrounded by a 
conductor, the induced opposite charge is equal in magnitude to the 
inducing charge, 


(iii) The ball, again positively electrified, is introduced into the 
can as before, and the leaves diverge. The outer surface of the can ig 
momentarily touched by the finger, the leaves collapee due to neutralisa- 
tion of the induced positive charge by the flow of electrons from the 
earth. Tho ball is then withdrawn and the leayes immediately diverge 
again. The amount of divergence is found to be the’ same ag before, 
but, on examination the charge is found to be negative. As long as the 
ball is inside the can, the induced negative charge behaves as a bound 
charge, but after the withdrawal of the ball, this negative charge 
spreads throughout the conductor, i.e. to the leaves also, which were. 
previously occupied by the induced positive charge The equality of 
the divergence now shows the equality of the charges in the two cages.” 


Tf again, the ball (which retaing its original charge) is introduced 
into the hollow vessel and allowed to touch it, the system as a whole 
becomes neutral, and the leaves collapse. This proves— 


The induced positive and negative chargés are equal in 
magnitude. » 


This experiment was first performed by Faraday who used an ice- 
pail in place of the cylindrical can, and so the experiment ig known ag 
Faraday's Ice-pail experiment. 


Note. The above experiment (iti) gives a method of transferring the 
whole of a charge from one conductor to another which is hollow and 
larger in size. When the inside of the hollow vessel is touched by the 
charged conductor, the charge goes on the outside of the vessel, 


21. The Seat of the Charge in a Conductor :—If one end of an 
insulating rod be electrified, the electricity is confined to that end only. 
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but, if an electric charge is given to any part of an insulated conductor, 
the charge at once distributes itself all over the surface. 


(i) Biot’s Experiment—aA charged insulated metal sphere O ig 
A taken ( Fig. 11 ). Two metal 
i hemispheres A and B, provided 
with insulating handles, are put 
against the charged sphere so 
as to cover it completely. On 
removing the covers by the 
handles, and presenting them 
^ 2n ^ before a gold-leaf electro: cope, 

Fig. 11—Biot’s Experiment. they are found to be charged. 
The metal sphere C on being similarly tested shows no trace of any 
charge left in it ; the charge must have passed on to the two hemis- 
pheres which formed the outer surface of the sphere C. 


This shows that electricity resides on the outer surface of a 
tonductor. This is known as Biot's Experiment. s 
Ü . 
(i) Faraday's Butterfly-Net Experiment.—Another experiment, 
known as Faraday's Butterfly-Net Experiment, also confirma the fict 
that the charge given to a conductor resides on its outer surface, 


A coniesl muslin net 
attached to a brass-ring 
mounted on an insulating 
stand is furnished with 
two silk threads by which 
the cone can be turned 
inside out ( Fig. 12), A 
charge is given to the net. 
Test for the charge inside 
and outside by means of a T 
ere iA nee Fig. 12—Butterfly-Net Experiment, 
present entirely on the outside. Now turn the net inside out by the: 
silk thread (not by the hand), and test again. The charge will again be 
found to be only on the outside. 


(iii) No charge inside a Hollow Charged Conductor.—A hollow 
insulated charged metal sphere with a bole is taken, A proof-plane is 
inserted to touch different parts of the inside of the sphere and then 
it is made to touch the disc of a gold-leaf electroseope, when no diver- 
gence takes place ; but the leaves diverge if the proof-plane touches 
the dise of the electroscope after touching any part of the outside 
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surface of tho metal sphere. When the proof-plane is placed 
on the conductor, it becomes for a moment the outer surface of 
that portion of the conductor and acquires the charge covered 
by it. I&carries that charge when lifted off by the handle. The 
absense of any divergence in the first case shows that there is no charge 
inside the conductor (solid or hollow) ; the charge resides solely on the 
outside surface. LUN ae 
— 
22, Distribution of Charge on Conductors: Surface Density 
of Charge :—Although the charge on s conductor distributes itself 
all over the surface, it should not, however, be concluded that the 
distribution is uniform pm , 


all over fhe surface. —/ ie soe 
‘Thedistribution depe- | i Í > 
nds upon the shape 4 H t 
of the conductor— SoZ” So 


The greater the curva- ! 
ture at any point the Fig. 13— Distribution of Charge on Conductors. 


greater will be the accumulation of electricity at the point, The 
distribution is also greatly affected by the neighbourhood of other 
conductors, i 


^ 


The surface density of the charge dt a given point on a conductor 
is the amount of charge per unit area surrounding the point om the 
surface of the conductor. It depends on (i) the shape of the conductor, 
and (ii) the neighbourhood of other conductors. The density of the 
charge is greatest where the curvature of the surface is greatest, te. at 
sharp bends or pointed portion (vide Action of Points in Ch. VA Ona 
sphere the distribution of electricity is uniform (Fig. 18). 


The distribution of charge on some conductors of different shapes 
will be clear from the dotted lines in Fig. 18. The density of the 
charge in each case is roughly represented by the distance of the dotted 


line from the conductor. 


In the case of a sphere, the curvature at all points being equal, tho 
‘distribution of charge is uniform. Therefore, 


total charge, Q 
surface rea CAA a a i A 


where Q is the total charge and r the radius of the sphere. 


surface density P= 


N.B. It should be carefully noted that there is no connection 
between the shape of & magnet sud the distribution of magnetism 
on ib. » 
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Questions 


1. Explain the meaning of the expression “electrification by induction.” 
3 (C. U. 1942, ^44 ; Pat, 1947) 


(Utkal, 1947 ; C. U. 1930, '59) 


Under what circumstances is it: possible to transfer the whole of the charge to 
another insulated conductor ? ‘ (Utkal, 1947 ; 0, U. 1930) 


[Hints.—The whole charge can be transferred when the charged conductor 
touches the inside surface of a hollow conductor, ] 


8. What experiments will you.do to show that electricities generated by 
electrostatic induction are equal but of opposite kinds. Compare this induction 
"with magnetic induction and explain fully how you can protect an apparatus from 
the effeet of induction in each case. (Pat. 1928 ; cf. Utkal, 1947 3 €f. O. U. 1949) 

4. A bar-magnet is divided in the middle and the parts are separated. An 
insulated conductor (cylindrical with the ends rounded off) is placed in front of 
an electrified ball with its axis passing through the centre of the ball; and while 
in the presence of the ball, the cylinder is divided in the middle, and the farther 
half is removed to a great distance. Contrast and explain the state of affairs in the 
two cases, (0. U. 1912 ; cf. Pat. 1923) 


[Hints.—On dividing the magnet each piece becomes a magnet with a north and 
a south pole. It is not possible to get an isolated pole. In the next case when the 
cylinder is divided in the presence of the inducing charga the two Opposite charges 
on the two halves are separated, differing in this respect from the first case, where 
two poles are inseparable. ] 

5. Ifa charged ebonite rod bo placed in contact with the knob of an electroscope, . 
the leaves diverge, and on its removal they partially collapse. Explain this. 

z (Pat. 1923 ; 0, U. 1917) 


[Hints.—The ebonite rod being an insulator, the leaves diverge; (i) due to the 
charge received by conduction only from that part of the rod with which the knob. 
is actually in contact. and also (ii) due to the charges on the remaining portion of 
the rod received by the induction. The charges on the leaves, both by conduction 
and by induction are of the same kind, so the leaves partially collapse due to the 
absence of the induced charge when the charged ebonite rod is taken away.] 

6. Using an ebonite rod and -flannel how would you charge a gold.leaf 
electroscope (a) negatively, (b) positively ? (C. U. 1985) 

7. Describe a Gold-leaf electroscope. Given an uncharged body 4 on an 
insulating stand and a body B charged negatively ; how by means of B can you give 
(a) a positive, (b) a negative charge. (C. U. 1924) 

8. Anelectroscope has its leaves charged with positive electricity. An electri- 
fied rod is brought close up to the plate of the electroscope, and it is Observed that? 
the leaves first collapse and then again diverge. Explain these observations. 


(All. 1916) 
9. How will you obtain a large quantity of negative charge from a small 
positive one ? Giva details of the arrangement. (Pat. 1932) 


. [Hints.—Take a body A with a small positive charge and two other insulated 
bodies B and C. Bring B near A, then touch B. B now has got negativo charge, 
induced positive charge being gone to the earth. Now take B near to C and touch 
C. C gets positive charge. Now take 4 and C to B, when more negative charge 
wil be induced on B. Repeat this process. ] 


10. How would you charge a Gold-leaf electroscope by induction ? 
(6. U. 1950, 51) 
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An electroscope is charged positively and a metal rod held in hand is brought 
«lose to the disc of the electroscope. State and explain what will happen. 
(0. U. 1950) 
11. On an insulating stand is placed a metal can, the outside of which is 
sonnected to a Gold-leaf electroscope. A charged metal ball hung by a silk thread 
is gradually lowered into it till it touches the bottom. Describe and explain the 
effects produced, (Pat. 1921, '23 ; O. U. 1914, *17) 
12. Describe Faraday’s Ice-pail experiment, and state clearly the principles 
that these experimonts illustrate. : 
(Dac. 1984 ; Pat. 1932, '45 ; cf. O. U. 1940 ; Utkal, 1950) 


18. Describe an experiment to show that the induced charge equals the 


inducing charge. (Pat. 1944) 
14. Show that the charge on an insulated conductor lies entirely on its 
surface. (Del. H. S. 1949 ; Utkal, 1951) 


15. Describe carefully Faraday's Ice.pail experiment, and show what may 
he deduced from it. How do you account theoretically for the phenomona 
ebsorved ? 6 U. 1957) 


[for the tast part of tho question, read Art. 49] 
16. What is meant by, “the surface density at a point” ? 
How does it depend on the shape of the conductor ? 


One pole of a battery of many cells is earthed. Two insulated metal balls of 
1cm, and 5 oms, diameter respectively are put one after the other in contact with 
thé other pole of the battery. Compare the surface densities of charge on the two 
‘balla. (Pat, 1947) 


[4ns.: 5:1] 
17. A metallio sphere and a cone are charged with electricity. Will the 


distribution of electricity on their surfaces be uniform ? How will you got it ? 
(Del. H, S. 1947) 


18. What chargeis required to electrify» sphere of 95 cms, radius until the 
surfaco density of electrification is 5/x ? (Dac. 1948) 


[Ans : 18,500 units of charge), 


Vol. H (M)—8 


CHAPTER III 
The Electrical Field: Potential 


23. The Electric Field :—The space surrounding an electric 
charge, or a system of charges, over which the electric force of 
attraction or repulsion exists, is called its electric field. The idea it 
conveys is similar to that of a magnetic field. Theoretically, the field 
of a charge extends up to an infinite distance but practically it becomes 
inappreeiable after a certain distance. 


. (i) Electric Lines of Force—As it is seen in the study of 
magnetism that a magnetic field can be represented by a series of lines, 
called magnetic lines of force, so an electric field can be similarly 
represented ; but owing to experimental difficulties it cannot be so 
easily done in the latter case. The idea of lines of force is due to 
Faraday. A line of force is defined as a curve in an electric field such 
that the tangent at any point of it shows the direction of the resultant 
electric intensity of the field at that point. The positive direction of 
a line of force «s that in which a free positive charge tends to move. 


(i) The Properties attributed to Electric Lines of Foree, 
according to Faraday, are— 


(a) Ths lines of force originate from a positively charged conductor 
and terminate on a negatively charged conductor. In Fig. 17, 18 and 19, 
it will be observed that the lines of force start from a positively charged 
conductor and, as they must end somewhere, they end on the walls of the 
room when no direct negative charge is near about. 


(6) They touch the surfase of a conductor at right angles (vide 


` Ark, 43), 


(c) Equal and opposite charges are distributed at the two ends of 
sach line of force. 


(d) The positive direction of a line of force is that in which a small 
positively charged conductor will tend to move, if free to do so. 


(e) Lines of force are like stretched elastic threads ; they tend to 
conivact lengthwise and, whilst proceeding in the same direction, they 


‘mutually repel each other sideways ; these properties may be used to 


explain the attraction or repulsion between two charged bodies. 
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(f) Linss of force never intersect one another ; for if they did, then 
at the point of intersection there will be two directions for the resultant 
electric force, whish is impossible. 

(ii) Electric Lines of Force and their Difference from Magnetic 
Lines of Force.—(a) Electric lines of force always leave the surface 
of a conductor normally, i.e. at right angles to the surface; but the 
magnetic lines of force need not leave a magnet or a magnetic substance 
normally ; electric lines of force are not closed curves like magnetic 
lines of force. 


(b) An electric line of force cannot exist. inside a conductor 
while & magnetic line of force is continuous and exists inside a magnetic 


substance. 


(iv) Tubes of Fores.—To explain electric forces in a medium, 
Faraday supposed the medium around a charged body to be filled up 
by & number of imaginary tubes, just a8 the medium may be supposed 
to be permeated with lines of force. 


Imagine an electric field permeated with lines of force. Suppose, 
according to Faraday, that the lines are grouped into tubes which 
touch each other laterally and fill tha entire space. If a definite 
number of tubas are conceived to emanate from a definite charge, 
they are usually rsferred to as unit tubes. If one tube is conceived 
to emanate from a unit charge, whatever is the medium, such a tube 
is called a unit Faraday tube. If 4%/K tubes are conceived to 
emanate from a unit charge, placed in a medium of specific inductive 
eapacity K, each of these tubes is called a Maxwell unit tube. 


A tension is supposed to act along the axis of each such tube and a 
stress normal to the axis. Forces of attraction or repulsion between 
charged bodies are attributed to the stresses in such tubes. 


A tube of force is assumed to start from a positive charge and end 
on an equal negative charge. Since a tube is subjected to an axial 
tension, it tends to shorten along its length and thereby bring the 
opposite charges nearer to each other, The attraction between unlike 
eharges is in this way explained. The stress at right angles to the axis 
makes the tubes repel each other. In this space between two like 
charges, the tubes tends to displace each other sideways and thus the 
charges are mutually repelled. 


24. The Law of Force between Electric Charges :—The force 
of attraction between two wnlike charges and of repulsion between two 
like charges depend on the magnitudes of the two charges, the distance’ 
between them and the nature of the medium separating the two charges.” 
The relationship between two charges placed in a given medium is 
expressed by the following law— 

The force of attraction or repulsion between two charged bodies varies 
directly as the product of their charges and inversely as the square of, 
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the distance between them. The latter part of the law is known as the 
Law of Inverse Squares. 


If F be the force of attraction or repulsion between two charges 
4, T's and d the distance between them, F=c. x where c is a constant 


depending on the medium and the units chosen, 

If the medium be air, and if the unit of electric charge be so chosen 
that this charge, when placed at a distance of one centimetre from an 
equal and similar charge, repels it with a force of one dyne, then (fcr 
4-4 —1, d=1 em, and F=1 dyne), we have c=1. Hence the unit 
for charge be defined as above, 


F (in si) 7 dynes. 


The force between two electric charges (and also that between 
two magnetic poles) was first directly measured by Coulomb (1736— 
1808), a Frenchman, and so this law of force is known elso ss 
Coulomb's law of Force. 

Unit charge— We have thus got the definition of the C.G.S. 
electro-static unit of electric charge (E.S.U.). It is a quantity of 
electric charge which exerts a force of repulsion of one dyne on an equal 
and similar charge placed one centimetre apart in air. It has no other 
special name for it. 

The Practical unit is the Coulomb: 1 Coulomb —3 X 10" electrostatic 
unite (vide also Part VII), 

25. The Influence of the Medium :—The actual magnitude of 
the force between two charged particles placed at a distance apart 
depends largely upon the nature of the medium that separates them. 
This is shown by the following experiment— 

Expt—Suspend from the same point two similarly charged 
pith-balls. They will repel each other with a certain force and come 
to rest at a definite distarce between them. The medium in this case 
is air, Now interpose a glass or ebonite plate between them and notice 
that the divergence decreases very much, It will be noticed that the 
distance between the halls will be different for different media. It ie 
greatest when the medium is air. 

This experiment shows that the electric force depends upon the 
nature of the medium or, in other words, different insulating media 
have different powers of transmitting electrical influence through 
them. Faraday gave the name di-electric to fuch a medium. It is 
an ingulator. 


We have seen in Art. 24 that, ee dynes ; but, if, instead of air, 


the charged bodies are placed in any other medium, the constant c 
esnnot be equal to unity. The equation then assumes the form. 
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bx 5: where K is a constant depending on the medium. This 
constant ig called the di-electric constant or the Specifie Inductive 
Capacity (8.I.C ) of the medium (vide Art. 71). That is, if the intensity 
In air is F. the intensity will be F/K, when air is replaced by a 
medium cf di-electric constant K, 


26. Verification of Inverse Square law in Electrostatics : 
Torsion Balance Method.—A direct verification of the inverse sgasre 
law was made by Coulomb, with the help of a torsion balanca (Fig. 14). 
The apparatus consists of a small metal-coated 
pith-ball A carried at one end of a pointer P 
which is suspended by means of a fine wire or 
quartz thread. The pointer P is made of a light 
insulating material. The suspension thread is 
attached to a torsion head T at the upper end. 
The whole arrangement is to be enclosed in a 
glass cylinder provided with a circular scale S 
etched on its body. To absorb moisture a small 
vessel containing pumice stone soaked in sulphurie 
acid is placed inside the cylinder, A second iden- 
tical metal-coated pith-ball B attached to a glass 
rod is to be lowered through a hole in the lid of 
the cylinder. The angular distance between 
A and B can be directly recorded from the 
scale S. 


To verify inverse square law, the ball 4 is 
first made to touch B in the uncharged state by 
rotating the torsion head. Next B ia brought out, Fig. 14 
charged (with, say 9g units of bite) and replaced in its former 
position whereupon each of B and A acquires q units of charge. Since 
the charges are of similar nature and B is fixed, the pointer along 
with A rotates through an angle due to repulsion. The torsion head 
T is now rotated through an angle fin the opposite direction so that 
the angle of rotation of A is reduced to a(Fig. 15). Let the fores 
between the balls at this position be 
F Tho twist on the wire is evidently 
(B-+-a), 

So the torsional torque exerted 
by the euspension thread — Cif +a), 
where C is the torque per unit twist. 
The moment of the couple exerted due 
to the repulsive force = force X arm™ 
FXx0D- FI cos @/2. 


F= 


Fig. 16 
As these two torques balance in the equilibrium position, 


Fi eos ¢/2=O(8+-c); or, F-O— t. .. a  .. (1) 


1 eos a/2 
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Now if the inverse square law were true F would be proportional to 


or, to Pen ; or, FX4l* sin? ¢/2=constant. 

sin 
Substituting for F from (1), we get the necessary condition for inverse 
square law as, 


410 6+a) tin? 4/3 _ 419/68 +a) sin X/2 tan «/2—a constant, 
cos «/9 


When 4 is small, sin 4/2= tan «/2—«/29. 
a 
So the above condition reduces to, 4/O(X-- P) n =a constant ; 


or, (X+8)4*=a constant ^... —.. "er 


since ¿0 is a constant. 

So to verify inverse square law, P is charged and allowed to share 
charge with A. Then turning the torsion head T in the oppo:ite 
direction to the deflection the readings of angles < and P are noted. The 
experiment is repeated with different values of X ard P. Each time it 
is found that (<+8)<* becomes fairly constant, thereby verifying the 

. inverse square law. This method is not so accurate and involves a 
number of errors due to the facts that— 

(a) actually point charges are not available, (b) induced charge 
on the neighbouring conductors affects the deflection to some extent, 
(c) there is always some amount of leakage from A and B, and (d) 
the angles cannot be measured with sufficient accure cy. 

Most of these errors may, however, be reduced sufficiently by 
Proper precautions and modified arrangements but some of them 
cannot be avoided in spite of sll efforts. So a more reliable though 
indireet method was devised by Cavendish for verifying the inverse 
square law. 

27. The Intensity of an Electric Field :—A procedure somewhat 
similar to that adopted in defining magnetic field is used for electric 
fields also, unit charge being substituted for unit magnetic pole. 

The Intensity or Strength (f) of an electric field at a point is 
measured by the force exerted on a unit positive charge placed at the 
point. 

The electric force exerted on a charged bcdy placed ina field depends 
on: (i) the intensity or strength of the feld; (ii) the amount of 
charge on the charged body. 

An electric field has unit intensity at a point when a unit positive 
charge placed at the point is acted on by a force of one dyne. Thus 


the force on unit charge in a field of unit intensity =1 dyne 
» » 2unite  , A =2 H 
Ea o5 2245. " ^" zd ” 
oon d o» ^" f " ={[Xq ^» 
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So, the foree F'—/Xg, where f is the intensity of the field and q 
the charge on the body, 

28. Electric Intensity in terms of Lines or Tubes of Force :— 
The intensity of an electric field at any point may be represented by 
the number of lines of force passing through a unit area surrounding 
that point and placed normal to the direction of the lines of foree. 
Thus f lines of force will normally pass through a unit area around a 
point where the intensity is f cgs. unite. The number of Faraday 
tubes that will pass through the same point is calculated as follows : 

Consider a charge Q e.s.u. placed in a medium of specific inductive 
capacity K, and imagine a spherical surface of radius r cms. drawn in 
the field with Q as centre and passing through the point where, 
suppose, the intensity is f. The number of Faraday tubes passing per 
number of Faraday tubes... Q 


unit area of the spherical surface= m ze 
Yes Qro ; K 
== X—u——X = 
An^ Kr? 40 intensity cf field ax S 


== X number of lines of force. 


29. Number of Lines of Force associated with Unit Charge :— 
Consider a small body having unit charge. If another body haviog 
an equal like charge be placed in air ata distance of one centimetre, 
the mutual force of repulsion is one dyne. The intensity at this 
distance is, therefore, unity. If we imagine a sphere to be constructed 
having a radius of lom. with its centre at one of the bodies, the 
intensity at all points on the circumférence is unity. Since intensity is 
unity, one line of force according to the definition of intensity in terme 
of line of force, would pass through each square centimetre area of the 
sphere. Therefore, the total number of lines of force cutting the sphere 
would be 4%. Since all the lines of force that emanate from the unit 
charge must thread through the surface of the sphere, the total number 
of lines of force associated with unit charge is 4%, " 

According to the definition of unit Faraday tube, only one'itube 
originates from unit charge. Therefore a unit Faraday tube contains 
Ax lines of force. 

30. Lines of Force associated with Charged Conductors —In 


Fig. 16— Distribution of Lines of Force. 


Art. 22, the distribution of density of charge on a conductor has been 
discussed. Fig. 16 depicts the lines of force associated with different 
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types of charged conductors. In the case of a uniform sphere, the 
lines are uniformly distributed all round the body. At curved ends or 
pointed places in the other conductors density of charge being greater, 
more lines per unit area must be assumed to start from such places. 


Examples.—1. Two small spheres each of mass one decigram are suspended 
from a point by threads each 50 cms. long. They are equally charged and they 
repel each other to a distance of 20 cms. If g =980 Ycms.jsec*., what is the 
charge on each t (All, 1930) 

Ans. Makea sketch of the arrangement. Let C be the point of suspension. 
Tho two threads C4 and CB and the line joining the spheres make an isoscoles 
_ triangle. D is the middle point of AB. "The forces acting on one of the spheres 
A are— 

(i) The weight mg dynes acting downwards at 4; (ii) Tho repulsive forea 
q"/d* in the direction BA ( where q is the charge on each, and d the distance betweom 
them); (iW) Tho tension of the thread in the direction AC. 

Hore the forces mg, g”/d? and that due to the tension are parallel to the sides 
of the triangle CDA. Hence the forces are proportional to the sides of a triangle 


: *'Jà! DA 
to which th arallel. ‘Thoroforo, we have, 2/2" DA. 
which they are p ereforo, we have, "DG 


DA=10, DC = 50 —10* 104/31, AB=d=20, m-1s zm. 

AT imt: poet tek 

39* ^io OX 35317 yaw’ 

2, A small charged sphere is made to touch a similar uncharged sphere suspended 

by a silk thread from the hook of a balance and then held vertically below it. When 

the distance between the centres of the spheres is 5 cms., the apparent loss ef weight is 
9002 gram. What was the initial charge on the sphere ? 


Ans. Tet 2Q be the initial charge on the sphere. so that after touching and 
sharing chargo, charge on each=Q. 


whence q —89'4 e.s, units, 


The mutual forca botwaen them ata distance 5 cm3,= 


This is equivalent to the apparent reduction in weight, ie. tho earth's ferea of 
attraction, of 0002 gm.-wt.=0'002 x 981 dynos. 
a 
m" Q =0:002 X981—1952 ; whence Q=7 e.s. units. 
So tho initial charge was 14 e.s. units. 


3. Two small pith-balls of the same size and the same weight (saeh 81 gm.) 
are suspended from the same point with silk fibres each of 5 cms. length. On 
charging them together they repel each other and their suspension make an angle 
of 60°. Calculate the quantity of electricity on each ball. (Lake ‘g’ as 980 od 

(Pat. 1939 


Ans. (Proceed as in Ex. 1). Here £4CB=60°, and the two sides equal se 
the AC AB is equilateral. Now proceeding as above wo get, 

97/35 DA 25 1 

980x01 DO $J8 V3 

91. Lines of Force in a Few Cases:—There is no convenient 
method of practically mapping the electric lines of force in an electrie 
field. [n a strong field the direction of the forces can be demonstrated 
by s small piece of paper held quite losely on ths thin end cf a 
glass-rod. The diagrams, shown in Fig. 17 to 19, indicate the distribu- 


» whence q —37:59 e.s. units. 
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tion of lines of force in Beveral cases. Fig. 17 represents the eleetrie 
field due to a positively charged spherical conductor placed in the 
centre of a large room. The arrows indicate the positive dircetion of 
the lines of force. It is evident that the lines are sll radial. They 


"appear to have originated from the centre of the spherical conductor, 


In the cate of a negatively charged conductor, the field will be similarly 


Wig, 17 Fig. 18 Fig, 19 


represented except that the direction of the arrows would be reversed. 
Fig. 18 represents the case of two conducting spheres having equal 
but opposite obarges. There is a tendency for the two spheres to draw 
together as the lines of force tend to contract lengthwise. Fig. 19 
shows the case of two spheres baving equal positive charges. In this 
ease, the lines of forea travelling in the same direction repel one 
another sideways, and, hence there is repulsion between two like 
charges. There will be a neutral point in this case (marked X) 
between the two spheres. 

Note that the lines of force do not pass through a conductor, but 
they end on the surfacs ; in cage of a di-electric, the linea of force pass 
straight through. In the figures 17 to i, the lines of fores are 
represented in one plane but actually they go in all directions, 


It should always be remembered that the lines of force, thongh 
they are shown in these diagrams, are only imaginary ; they have no 
aetual existere». 

92. Potential:—Suppose, we have two insulated conductors 
charged positively. If they are connected by means of a pair of 
discharging tenga (Art. 77) or by a metal wire, electricity will flow from 
one conductor to the other, but transference of electricity, and the 
direction in which it will flow, will depend on the electric condition of 
the two conductors and, in some cates, it may be that there will be ne 
transference from one conductor to the other. 


The electric condition of a conductor, referred to above, which 
determines the flow of electric charges from it to another conductor 


-sonnected to it, is known as the electric potential of a conductor. 


Let us take two analogous cases from other branches of Physies— 
ti) The Hydrostatic Analogy.—Consider two cylindrical vessels 
eontaining water, connected by a tube provided with a stop-cock. Oa 
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opening the stop-cock, it will be found that water flows from the vessel 
in which the water surface has the higher level to the other, even 
though the quantity of water in that vessel xay be less than that in 
the other. There will be no flow, if the levels are the same. 


(ii) The Temperature Analogy.—If a small e:pper piece be heated 


red-hot and placed in a bucketful of water, at the room temperature, 
heat will flow from the copper piece to the water, though the total 
quantity of heat in the water may be much greater than thet in the 


copper piece. Heat flows from the copper piece to water only because 
the former is at a higher temperature. There will be no flow of heat 
from either of them to the other ¿f their temperatures were the same. 


The analogy between temperature and potential may be considered 


thus :— 


Temperature 


(a) Temperature is the condi- 
tion of a body on which the flow 
of heat from it to other bodies, or 
vice versa, depends. 


(b) Heat can be added to a 
body due to which the tempera- 
ture of the body rises, and heat 
may be taken out from it due to 
which its temperature falls, 


(c) Two bodies at different 
temperatures, when in thermal 
contact, acquire an intermediate 
temperature on sharing heat. 


(d) Heat, when added to a 
homogeneous conductor, is uni- 
formly distributed throughout the 
conductor at one temperature. 


(e) In measuring temperature 
two standard temperatures are 
taken as reference temperatures. 
In the moderate range of tempe- 
ratures, they are—(i) melting 
point of ice, and (ii) boiling point 
of water, 


Potential 


(a) Potential is the electrie 
condition of a charged body due to 
which electricity tends to pass from 
it to other bodies, or vice versa. 


(b) Potential of a body ie 
raised by addition of positive 
electricity, ard it is lowered by 
the addition of negative charge or 
withdrawal of positive charge. 


(c) Two conductors at diffc- 
rent potentials, when electrically 
connected, acquire an intermediate 
potential on sharing charges. 


(d) When a charge is given 
fo a conductor, the quantity of 
charge on it may be more at one 
part than at snother, depending 
on its shape and neighbourhood of 
other conductors, but the conductor 
will have the same potential 
throughout. 

‘e) One standard of reference 
is taken namely the potential of 
the earth, which is taken as zero, 


The relation of potential to quantity of electricity is analogous to 
the relation of pressure to quantity of water. or temperature to quantity 
of heat. So electric potential is also termed electric pressure. Electricity 


D 
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flows from a conductor at a higher potential to that at a lower one 
until their potentials become equal, when there will be no further flow 
of electricity between them. 


So, the potential of a charged conductor may be defined as the 
electric condition of the body which determines the flow of electric charges 
when the body is put in conducting communication with another body. 
If positive electricity flows from it to the other, it is at & higher 
potential, and if positive electricity flows to it from the other, it is at & 
lower potential. [According to the modern view, positive charges do 
not flow from one condtebor to another. Negative charges (electrons) 
flow from a conductor at lower potential to a conductor at a higher 
potential.] 

Explanation of potential from Modern Theory.— Unattached 
electrons ona charged body repel «ach other and also repel other 
electrons near them with forces actit g in the surrounding medium along 
lines which are termed "ines of electric force". 

It is thought that the mediwm surrounding a charged body is in a 
state of strain. If the medium be air, then the air, an insulator, is 
considered to possess the power of withstanding this force, or ‘pressure’, 
due to the mutual repulsion among the electrons of the charged body. 
This pressure is termed electric potential. Conductors may be regarded 
as media which are unable to support this electric preseure, and BO 
there is a movement of the cleatrons in conductors (vide Art. 44), 
When induction takes place ina conductor, the electrons in it move 
under this pressure, producing an excess of them at one end of the 
conductor and a deficit at the other end. 


83. Potential of the Earth : Positive and Negative potentíals :— 
We know that in measuring the temperature of a body by the Centi- 
grade scale, the melting point of ice is taken as the standard or the aero, 
and the temperatures above this temperature are considered as positive 
while those lower than this are considered as negative. Similarly, the 
potential of any body is measured with reference to the potential of 
the earth, which is taken as the standard, and its value is taken as 
zero. The justification for this selection is that the potential of the 
earth cannot be changed by addition or subtraction of charges ; ib 
maintains its potential constant, The potential of a positive charge is 
above the potential of the earth ard the potential of a negative charge is 
below that of the earth. 

The electric field around a positively charged body is a region of 
positive potential, the value of which gradually diminishes with the 
increase of distance from the charged body. The electric field around 
a negatively charged body is a region of negative potential ; the value 
of the potential gradually increases with the increase of distance from 
such a charged bcdy. 

So, (i) a positively charged body tends to travel from a point of 
higher potential to a point of lower potential, thet is, down the gradient 
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of potential and (i$) a negatively charged, body tends to traval from a 
point of lower potential io a point of higher potential because tho diree- 


tion of the forces acting on a negatively charged body is opposite to that 
of forces acting on a positively charged body, 


An earth-connected conductor has zero potential. A positively 
eharged conductor has a positive Potential, and a negatively charged 
conductor has a negative potential. The potential of a conductor is 
considered Positive when, if earth-sonnecied, positive, electricity flows 
from the conductor to the earth (according to modern view the electrons 
would flow in the Opposite direction, £e. from the earth to the 
conductor). The potential of a conductor is considered negative 
when, if earth connected, positive electricity flows from the earth to the 
**onduetor (the electron flow would be from the conductor to the earth). 


When two charged Conductors at different potentials are joined 
together, the flow of electricity from one to the other is entirely a 
matter of their relative potential and does not depend on the actual 
smount of electricity present in either. There will be no flow if they 
are at the same potential, irrespective of the charges present in either, 


34, Potential and its Measure :—Suppose we have a body posi- 
‘tively charged with q units of electricity. If another body positively 
charged with g' units is brought near it, there will be force of 
repulsion between them. The mutual force exerted, when the second 
body is placed at a distance r from the first body, both being in air, is 
4 Ír". To bring the second body towards the first body against the 
force of repulsion, Work must be done, Suppose the second body has 
got unit quantity of positive electricity (g'— 1), and it is at a very great 
distance where the electrical force due to the first body is negligibly 
small. As the second body is gradually brought towards the positively 
charged body, more and more work will be done, and the total amount 
of work done in bringing the second body, i.e. the unit charge, up to a 
given point in the field of the fira body, is taken as a measure of the 
potential at that point. 

Thus the potential at ary point in an electric field may be defined as 
the work dona by or against electric forces in bringing a unit positive 
charge from an infinite distance up to that point. From this ib follows 
that— 


the difference of potential between two points in aa electric field as 
the amount of work done by or against the electric forces in moving a 
unit positive charge from one point to the other. 


Potential of a conductor may be measured by the work done im 
bringing a unit positive charge from infinity (point of zero potential) to 
a point close upon the conductor. 


Unit of Potential. —I: the work done in bringing a unit positive - 


charge from infiaity (i.e, a point of zero potential) up to a pointis 1 
erg, then the potential of the point is 1 electro-static unit (Z.S.U ). 


—_— si 


——— eee 


x 
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The unit has no specia] name, The practical unit is the volt (vide 
Part VII): 1 volt=sb9 Z.S U. of potential. 


Thus, tn the c.g.s. system, the difference of potential is measured-in 
ergs per unit charge. 


N.B.—The leaves of an electroscope diverge in air more then a 
sentimetre for a potential difference of about 1000 volts. 


85. Potential at a Point due to a Charge :—The potential ata 
point P due to a charge at A, according to definition, is measured by 
the amount of work done in bringing a unit positive charge from infinity 
up to the point P (Fig. 20). 


Suppose there is s small spherical conductor at A having a charge 
of +q units. Let us A 
find the potential at q P Pi Py Py Pint Py 
the point P at a 
distance r from A, 
Join A to the point 
P and produce the 
etraight vy to Ln 
ity. Let P represent 
x at infinity, £e, aba very great distance ra from A upon thie 
straight line. Let the distance (rn —7) be divided into a large number 
of parta PP1, P1Ps..., Pn. 3Pn, each being equal but infinitely small. 


Fig. 20 


The force acting on a unit positive charge at P g/r* 
and s $ t ^ W wv» Pa aires, 


.. ‘The average force between P and P, may be represented by 
the geometric mean and may be put equal to qalrrı (the distance PP: 


being very small). 
[Alternatively, the arithmetic average force is, 
1 v 
being negligible compared to 2r1r=q/rr, approximately]. 


The work done against eleotrical forces in moving a unit positive 
sherge from P, to P=aversge force X distance 


A (m -r)= 11), 
7m ) Ne 


Similarly, the work done in moving the unit positive charge from 
Ps to Pi™g (2 -1) ; andso on, Ins like manner, the work done in 
T. | 
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moving the unit positive charge from Pn to Pn_1=q + -. Adding 
n-i n 


all these terms, the total work done in moving the unit positive charge 
from Ps to P=q m yat T 1\+.. +a 1 - 1) =q(! S ay 
POP Y, 71 Tg Tn T Tn 


Tn-i 


But if V, and Vn represent the potentials at distances r and rw 
respectively, the total work done in moving the unit positive charge 
from fn to r— V, — Vs. 


But since rn is infinitely large. =0, and Vn=0. Hence res 
n 

That is, the potential at a point distant r from a charge q 

charge 

distance 


=4 
T 


85(a). Potential at a point due to. Several Charges :—The 
potential at a point due to several charges g1, q2, etc. at distances f1, 72, 
ete, respectively from the point, is the algebraic sum of the potentials 
due to each charge, viz.— 


ytt. =s (2), 


sings potential is a scalar quantity. 


86. Relation between Electric Intensity and Potential 
Difference :—Suppose there are two points A and B, having potentials 
Va and V» situated in an electric field and placed at a small distance 
apart. Of these two points, B is at a lower potential; so the electric 
intensity acts from A to B and is practically uniform, if the distance 
between A and B is small. If f b> the electric intensity, and d the 
distanea between A and B, we have, the potential difference between 
A and B — Va — V, which, by definition, is equal to the work done on a 
unit positive charge in taking it from A to B. But the work done is 
equal to fX d. 

pL Vea {Xa ee. fo Ta To, 


37. Electric Dipole.—' We know that a magnet has two poles (N, 
and 8). Due to the pole strength of the magnet, magnetic potential 
and msgnuetie intensity are produced at a point near it. Similarly, 
two opposite charges (positive and negative) may remain very close 
to eaeh other. This is called an electric dipole or a doublet. 
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Explanation: Suppose two metal plates are separated by a 
dielectric medium, It one of the plates be charged positively and the 
other negatively, an electric field will be produced on the atoms of 
the dielectric medium. In the absence of any field, the atoms are 
electrically neutral. But ae soon as the field is applied the electrons 
(—ve charge) are attracted towards the positively charged plate and 
the protons (+ve charge) towards the negatively charged one, end 
thus become displaced and the electrical neutrality is disturbed. The 
displacement depends on the strength of the applied field. Due to 
this separation of the electrons and protons, the dielectric is strained 
and the atom thus forms an electric dipole. 


88, Potential and intensity at any point due to an Electric 
Dipole —Let AB represent an electric dipole formed by two dissimilar 
requal charges +g and —q separated by an 
„infinitely small distance J (Fig. 21). So the 


electric moment of the doublet ig p=ql. £ 
(a) Potential—To find an expression 
for the potential at any point P of polar co- 
ordinates r and 9 with reference to the centre / 
|O of the dipole, let us join AP and BP, and 
draw perpendiculars Aa and Bb on PO from B A9 A 
*the points A and B respectively. The potential -N/9 +9 
“at P due totg 
" s Putin Vor ae 
-my,— Ap" cp approximately) Fig. Si 
pen, ae 
i 
— cog ð 
nr 
Pimilarly, the potential at P due to —q 
2yj2-4L.--4 =——4 _, ( 04208 =1/2): 
BRIDE ries 9 
The resultant potential at P 
1 
=V=VitVa= d i z 1 
r— cog 9 racon 
Leon 8 con A 
=q — =P oe ne ies " (1) 
r?——cos” 4 
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s 
since ü cos" 6 is negligiblly small compared to r°, which is a much 
larger quantity. 


When 0-0, ie, when P is s point on the axial direction of the 
dipole, V=p/r?. 


When 0 —90*, i.e, when P is an equatorial point with respect to 
the dipole, V — 0. 


(b). Intensity.— To calculate the intensity at P of polar co- 
erdinstes (r, 6) with respect to O as the origin (Fig. 29), let us utilise 
the relation, 


dV 
B=- 
dz 
Er Since the potential at P is perte and 


slong the radius vector (r), dz-dr, the radial 
component of intensity 
-4V _ d [p cos «|. 2p cos 0 
B= -Z= - 2 (peo ) aon. 
Again as in the transverse direction (prep. to r) 
dz — rd?, the transverse component of intensity 


Sak icia pont?) pato? 
2 rd)  rd^ r’ reus 


APT 


Fig. $à 


.', The resultant intensity at P ia 


B= JG FET o ES 4 cost sin 


E (+3 cos? c (2) 


The direction of this resultant field ie inclined at an angle < with 
the radius veotor, where, 


p sin 8 
tah teehee 1r 5 dn$ ES (3) 


E. Qpcos6 2 
r? 
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From relations (2) and (3) it is evident that if P is an end-on point. 
8—0, E —2p/r? and «—0. 


the resultant is directed slong the axis and when Pis a broad 
side-on point, 9=90", and 


oc o 


E=% and 4=tan +Z —tan'* « —90', 
r 2 
ie. the resultant direction of intensity is parallel to the acis. 


39. The Gold-leaf Electroscope is a Measurer of Potential 
Difference : —We have seea in Art. 4(b) that in using a gold-leaf elec- 
&roseope the tin-foils inside the case should be earth-connected so that 
they would have zero potential. When a charged body is brought near 
to, or in contact with, the disc, the rod and the leaves acquire a potential 
due to the charged body. The leaves diverge due to the difference of 
potential between the leaves and the case. Each of the leaves moves 
towards the wall of the caee near it (being free to do so) on account of 
the difference of potential and thereby a divergence is produced between 
themselves. This divergence will be greater, the greater the potential 
differenes. 


In order to show that the divergence of the leaves results from the 
difference of potential between the leaves and the cage, one may proceed 
as follows— 


(i) Contact the tin-foila of the case to the earth. Place' a positive 
charge on the knob of the electroscope by means of a proof-plane. The 
knob, the rod and the leaves acquire a positive potential. Thus a 
potential difference is produced between the leaves and the case. Notice 
that the leaves mutually diverge from each other. The result is also 
the same, if a negative charge is used instead ofa positive charge. The 
larger the chagre placed on the knob, the greater will be the potential 
difference and so the divergence. 


(ii) Ifthe electroscope be placed on an insulated stand 
knob is earthed so that the knob and the leaves now nate E ss 
potential, the leaves will also diverge if a charge is given to the tin-foil 
on the case, ag, in (4). 


(iii) There will be no divergence of the leaves, no 5 
charge is given to the electroscope, when the disc and the cun n 
on an insulating slab, are joined together. This will be so beca rie 
charge be given to a conductor, or a number of conductors oo ae 
mefallieally, the conductor or conductors attain the same b eg. 
everywhere. The leaves will not diverge because there is n. diee 
difference in this case. © potential 


Vol. II (M)—9 
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N.B. A potential difference indicates the existence of an electric 
field. Hence there must exist an electric field in the space between 
the leaves and the casing in all cases where there will be divergence 
between the leaves. 


Precautions.—In experiments on electro-statics, each apparatus 
used shovld be well dried in order that no leakage of electricity along 
any film of moisturs may take place. 


An electroscope may also leak when it is too hot, as the ascending 
current of hot air will carry a part of the charge of the central rod as 
the hot air comes in contact with it. 


40. The Proof-plane and the Electroscope :—The difference in 
procedure in using a proof-plane and an electroscope to indicate charge 
and potential of conductors should be carefully noted. To test charge 
at any point of a conductor, the point is touched with a proof-plane. 
The proof-plane takes off some charge from that point and the charge 
is then transferred to the electroscope when it is touched by the 
proof-plane. The electroscope thus acquires a potential depending on 
the quantity of charge picked up by the proof-plane and diverge aceor- 
dingly. To test the potential of a conductor, however, the conductor 
and the electroscope are to be put in direct contact by a metallic wire 
and the diga of the proof-plane as shown in Fig. 23. 


41. Potential of Charged Conductor :—To examine the distribu- 
tion of potential over the surface 
of a charged conductor C, the dise 
of a proof-plane is connected to a 
gold-leaf electroscope G by a wire, 
and by means of the insulating 
handle, the metal part is slided 
over the surface of the charged 
conductor (Fig. 23). The diver- 
gence of the leaves will be found 
fo remain constant for all points 
of the surface, no matter whether 
Fig. 23 the surface density be the same at 

= 5 all points or not. This shows that 
all parts on the surface of a charged conductor are at the same 
potential, though &he surface density of charge may vary from place to 
place, depending on the surface curvatures at different places. 


In the case of a charged insulator, differences of potential usually 
exist between various points on the surface. 


41 (a). Potential inside a Hollow Conductor :—It kas been 
already seen that there is no charge on the inner surface of a charged 
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hollow conductor aad hence there is no line of force there, For this 
reason no work is done if a charged body is moved within the 
conductor and because work is done due to difference of potential, there 
is no difference of potential within it, or, in other words, the potential 
is constant at all points within a hollow conductor. 


The following experiment proves that the potential throughout the 
inside of a closed hollow conductor is the same as that on the outside. 
It should be noted that there is no charge on the inside surface, but 
there is a potential—the same as that on the outside. 


Expt.—(1) Place a fairly deep metal can 4 on an ingulating stand 
and chrage it positively (Fig. 21). Take a glass rod E and wrap one 
end of a wire round it and connect the 
other end of the wire to the dise of an 
electrascope placed at œ considerable 
distance away from the charged can so 
that the can may not have any inductive 
influenca on the electroscope Æ, the case 
B of which is earthed and so is at zero 
potential. Now holding the glass rod 
with hand, introduce the coiled end of it 
gradually within the can and notice that 
the leaves of the electroscope gradually 
diverge, which reaches a constant value Fig. 24 
when the coiled end of the rod ia well within the can, Moving the rod 
into various positions within the vessel at this stage, it will be observed 
that divergence remaing unaltered. This shows that the potential 
throughout the inside of the can is the sams. If the bare end of the 
coiled wire at that stage is made to touch the can, the divergence of the 
leaves does not alter. This proves that the potential in the hollow is 
the same as that of the can. 


(2) To prove that the potential in the hollow ig the same as that 
on outside of the can, place an uncharged electroscope inside the can 
80 that its metallic base connected to the tin-foils inside is in contact 
with the ean and its dise is well within the vessel. It will be seen 
that there is no divergence of the leaves proving that the potential of 
the disc, which is in hollow of the can is the same ag that of the base, 
But the base is in contact with the can and so the potential of the 
base is the same as that of the can itself, So the potential of the hollow 
spaca is the same as that of the outside surface of the can. 


[Note.—If an uncharged body is put well inside the charged hollow 
can, the body although quite neutral at all parts, will have the same 
potential as the charged can. This is the only instance where an 
object can have a potential, positive or negative and yet be free from 
any charge. 
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If the opening of the hollow can is small, the potential inside the 
can will be found to be the same as that of the can itself ; but this does 
not hold good in the case of a can with a large opening, because in that 
case the inner space is not completely surrounded by the electrified 


conduotor.] 


42. Equipotential Surface :—An equipotential surface ig a surface 
on which the potential is the same at all points. From the definition 
of potential it is clear that there cannot be any fl»w of electricity along 
an equipotential surface, or conversely, a surface along which there is 
no flow of electricity is an equipotential surface. Thus in statical 
electricity, the surface of an insulated charged conductor is an 
equipotential surface For, if this is nob the case there would be a 
difference of potential between certain points on the surface, and then 
a current would flow from the points of higher to those of lower 
potential and the electricity would no longer be statical. Since every 
point is at the same potential, no work is done in moving s charge from 
one point to another on an equipotential surface. So, there is no 
component of electric intensity along the surface. Hence, the lines of 
force (which start normally from a 
charged conductor) cut an equipotential 
surface everywhere at right angles. 

Inthe case of a single charge con- 
centrated at a point, or a charged spheri- 
cal body, equipotential surfaces are 
spherical surfaces concentric with the 
point or the sphere. In Fig. 25, A is & 
point charge round which concentric 
equipotential surfaces, having potentials 
V4. Vg, Vg ete. have been drawn at 
successively greater distances. The lines 
of force, marked Æ, radiate out in all 
directions uniformly and are at right 
angles to the equipotential sur'aces. In other cases, the equipotential 
surfaces have no definite form. 


42 (a). The following experiment cau be performed to show that the 
surface of an etectrified conductor is an equipotential surface :— 


Expt.—Take any insulated pear-shaped condudtor (as in Fig. 23) 
charged with electricity and make the experiment as described in 
Art. 41. The gold-leaves will indicate the same divergence as the 
proof-plane is slided along the different points on the surface in spite of 
the fact that the surface density at the pointed end is greater, i.e. there 
is more electricity at the pointed end than that at the rounded end. 
The equal and constant divergence shows that, after the leaves have 
diverged, there is no transference of electricity between the conductor 
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and the electroscope. Hence the potential of every point of the 
conductor and that of the charged electroscope must be the same or, in 
other words, the surface of the conductor is equipotential. 


49. A Line of Force at any Point is perpendicular to an 
Equip otential Surface passing through that point :—Let OZ represents 
a line of force through a point O on s A 
charged conductor AB, when the 
intensity of the field is F (Fig. 26). 
Suppose a unit charge is moved through 
a distance J in the direction OD, which 
makeg an angle 9 with OZ. Then the 
work done=force in the direction OD X 
distance=F cos 0X1, The work done B 
will be zero, when 0=90", ie. ina Fig. 26 
direction normal to OZ. The trace of k 
the surface normal to OZ, along which the work is zero, gives according 
to definition, the equipotential surface through O. That is, a line of 
force and an equipotential surface are perpendicular to each other. 


44. Explanation of Electric Induction by Potential: Free and 
Induced Potentials :—Suppote A is a positively charged body (Fig. 27), 
. Then the conductor A has positive potential due to its own charge, and 


eo 
.o 


Fig. 27 


it ia spoken of as its free potential. The space surrounding A acquires 
a positive potential, which diminishes quickly near about the charged 
body A, and then move slowly as distance increases from A, Now 
consider two points B and O (Fig. 27 (a)), in the surrounding medium 
(air); both the points will acquire positive potential, the potential at 
B being greater than that at C (of. V=q/r). The difference of potential, 
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or electric pressure, between B and C will tend to move electric charge 
from B towards C, but the medium being non-conducting there cannot 
be any flow of electricity in it as in the case of a conductor. The 
medium will set up an opposing force against the forward electric 
pressure and will balance it. Thus the insulating medium will be 


strained. 


If, now, an insulated conductor takes up the position BC [Fig. 27 
(b), 2], electricity will at once flow now from B to C, due to the differ- 
ence of potential between B and C, until the potential is uniform over 
the whole conductor. This is because a conductor cannot set up any 
opposing force like an insulator, and so there is a flow of electricity. 
The result is that there will be a deficit, or negative charge, at the end 
B and surplus, or positive charge, at C. The phenomenon is known ag 
inductive displacement. 


It should be noted that BC has no charge as a whole but is at a 
positive potential due to the presence of the charged body A. This is 
called an induced potential produced by the inductive influence of A 
acting through the medium, air (di-electric). The induced potential of 
BC will be positive or negative according as the potential of A is 
positive or negative, 


If now BC is earthed, positive charge flows to the earth and the 
potential becomes zero, though it has a negative charge [Fig. 27(d), 3]. 


It will be found that a greater negative charge appears at B when 
BO is earthed, as then electricity flows out of the conductor to the earth 
until it will have such a negative charge that the negative potential on 
BC due to this negative charge becomes exactly equal to the positive 
potential due to A, so that the actual potential of BC is zero If BO is 
now disconnected from the earth and A removed, the negative charge 
of BC is distributed on its surface and it acquires a free negative 
potential due to its negative charge (Fig. 27(b), 4]. 


45. Explanation by Electron Theory :—It should be said that 
due to difference of potential, electrons move from points of lower 
potential to points of higher potential, 7.6, from the end C to the end 
B (Big. 27(b), 2]. So the end B having a surplus of electrons becomes 
negatively charged and the end C haying a deficit of electrons becomes 
positively charged. Again, when BC is earthed [Fig. 27(b), 3], electrons 
flow from the earth to it and the potential becomes zero. If now the 
earth-connection is disonnected and A removed, the surplus electrons, 
which haye come from the earth, are distributed, on BC, which 
subsequently becomes charged negatively and acquires afree negative 
potential [Fig. 275), 4]. 


46, Potential diagrams :—The facts stated above are graphically 
represented in Fig. 27(c), where the horizontal line represents 
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the zero potential. The potential at other points are plotted according 
to thic values which are represented by ordinates at different distances. , 
It should be noticed that the 
potential of a conductor is uniform 
and there is a quick reduction of 
potential near a conductor, ofier 
which the reduction is gradual. 
Negative potentials are represented 
e ordinates below the horizontal 
line. 


47 Explanation of Electric 
Induction by Lines of Force :— 
Case I—Suppose a positively 
charged glass-rod A is brought 
near one end B of an insulated 
uncharged conductor BC [Fig. 28, 
(a)). In the absence of the conduc- 
tor BO, electric lines of force will 
proceed from the positively charged 
rod A and will travel through air 
up to the walls of the room, but as 
soon as BO is brought near it, LM! 
some of the lines of force will Ce) 
travel through BC, as a conductor Fig. 28 
provides a path of much less resis- 
tance than air. The end D, where the lines of force enter, acquires a 
negative charge and the end C, where they leave the conductor, acquires 
a positive charge ; and since BO as a whole is neutral as many lines of 
force leave the end C aa enter at B. So the induced positive and 
negative charges are equal. 


À 
Å 


Notice, in Fig 98(a', that all the lines of force proceeding from A 
do not terminate on B ; some of them proceed and end on the walls of 
the room, This shows that the total positive charge on A is greater than 
the induced negative charge at the end B. This is always the case unless 
the Py body is completely surrounded by the induced body (vide 
Art, 20). 


Case 11— When BO is earthed [Fig. 28, (b)], its potential is reduced 
to zero and the lines of force from C disappear, that is, the free positive 
charge is neutralised, and many lines of force, which formerly passed 
direct to the walls of the room, which are at zero potential, now traverse 
a shorter distance to the end B, which is also at zero potential, thus 
increasing the number of lines of force entering the conductor at B. 
So, the negative charge at B is slightly increased. 


Case I1I—When the earth connection is cut off and the charged 
glass-rod is removed to a distance, the lines of force terminating at B 
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spread over the surface of the conductor that is, the negative charge 
is distributed all over the conductor [Fig. 28, (c)]. Note that in this 
case the lines of force procaed from the walls of the room towards BC. 


48. Explanation of Charging a Gold-leaf Electroscope by 
Indaction in Terms of Lines of Force :—The charging of a gold-leaf 
electroscope by induction can be explained in terms of lines of force 
proceeding as in Art. 47, Fig. 29 gives the three cases corresponding 
to that article leading to the charging of an electroscope negatively by 
induction (Art. 15), the two tin-foils within tbe electroscope having 
been shown to be permanently connected to the earth. 


FEES 


C» Earthed 


(b) 


Fig. 29—Oharging a Gold-leaf Electroscope by Induction. 


Explanation —When the positively charged rod is brought near 
the disc of the uncharged eleatroscope. a number of lines of force start- 
ing from the rod terminates on the dise, As the disc, the brass rod, 
and the leaves of the electroscope form one conductor, the number of 
lines of force emerging out of the positively charged leaves and termi- 
nating on the earth-connected tin-foils within the electroscope is the 
same as the number ending on the dise. The tin-foils facing the leaves 
are thus negatively charged by induction, the positive being neutralised 
by flow of electrons from the earth. These lines of force which are 
supposed to have a’force of tension, drag the leaves apart as in Fig. 
49(a) In Fig. 29(b), the dise is touched by the hand and the positive 
charge on the leaves is neutralised and the lines of force between the 
leaves and the tin-foils vanish, and so the leaves now having no tension 
collapse. In Fig, 29(c), the charged rod is taken away and the negative 
charge on the disc is distributed all over the conducting parts. This 
time the leaves being negatively charged, the tin-foils become positively 
charged by induction. The lines of force starting from the tin-foils 
terminate on the leaves and draw the leaves apart. 


49. Explanation of Faraday's Ice-pail Experiments by Lines 
of Force :—As the charged ball A is gradually introduced within the 
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can,'more and' more of the lines of force starting from the charged ball 
will'end on the can. If the ball is not sufficiently inside, the induction 


Fig. 30 


in the can is bound to be incomplete, for all the lines of force will not 
terminate on the can [Fig. 30, (2). When the ball is almost surrounded 
by the can, all the lines of force emanating from the ball must end on 
the inside of the can: [Fig. 30, (b)], and so the induction will be 
maximum. Since a line of force starts from a positive charge and ends 
on an equal opposite charge, the inducing charge is equal to the induced 
opporibe charge. 


. 

Example.—i. Charges of 3,—4, 5 and 6 units are placed at the corners 
4," B, C, D respectively of a square, each of whose sides is equal to 10 cms. Find 
¿the potential of the middle point of the square. 


Ans. Distance of the middle point from each of the corners of the square 


e 10/ J2. 


y-949,—442,5,/2, 6/2 1042 


AOE BIOS aol reg eig E 


2. A hollow spherical conductor whose radius is one decimetre is charged with 
10 units of electricity. Find the potential (a) at the surface of the sphere, (b) 
inside it and (c) at a point 25 cms. from the centre. 


10 


Ans. (a) One decimetre=10 cms. Potential y= 2 = Fpl ESU. 


E 
(b) The same as that on the outside i.e. 1 E.S.U. 
() Y29.—.19 = 04 ESU: 
25 
3. Find ihe work done when a charge of —10 units is removed from any poini 
A, at a distance cj 10 cms. to another point B, at a distance 20 cms., from a 
charge of 80 units. 


Ans. Potential at A=Va= 80 -g ; Potential at B=V = oon 


m 
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Potential difference=Va—V,=3-4=4. 
The work done in removing — 10 units=4 x — 70 = —40 ergs. 


The work is negative because the electric attraction resists the movement of the 
charge as it is moved from a higher to a lower potential. 


50. Electrostatic Screens :—If it is necessary to shield any 
delicate instrument from the disturbing effects of other charged bodies, 
the instrument may be placed inside a hollow conductor, because there 
can be no induced charge inside the hollow conductor due to exterior 
Minen A hollow conductor serves as a screen whether insulated or 
earthed. 


In order to protect a delicate instrument, like a gold-leaf electro- 
scope, from the action of a charged body, an earthed metallic plate may 
be interposed between them, as in Fig. 31. 
The lines of force from the body are all 
intercepted by the plate and thus the 
instrument is screened. 


51. Magnetic and Electric Phno- 
mena Compared ;— 

(i) Generation.— Artificial magnets can 
be prepared by rubbing a rod of iron or 
steel with lodestones or powerful artificial 
magnets. Electricity can be developed by 
rubbing two dissimilar substances, but in 
À this case the rubber and theerubbed both 
Fig. 81 get electric charges in equal and opposite 


quantities, 


(i) Distribution—The magnetism of a magnet is almost entirely 
localised at the two poles, but electric charge is distributed all over 
the surface of any charged conductor; the distribution however, 
depends upon the shape of the conductor. There is no relation between 
the shape of a magnet and the distribution of magnetism on it. 


(iii) Laws of Force.—The laws of attraction and repulsion are 
almost similar in the two cases. 


(iv) Magnets and Charged Bodies—(a) A magnet attracts 
magnetic substances only ; a charged body attracts any light object, 
(b) Afreely-suspended magnet turns into a particular direction ; & 
charged body does not. (c) Hach magnet has two kinds of magnetic 
poles, but a charged body has one charge only (except. in the case of 
induced charge); magnetic poles cannot be separated (vide Art. 20, 
Part V), but we can separate positive electricity from negative electri- 
city. (d) Magnetism of & magnet is not lost by touching it with the 
hand, but s charged body is discharged in this way. 


EL we 


Seat Se 


eee ae ee 


WP 
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(v) Maguetic and Electric Induction—For the comparison of 
magnetic and electric induction, vide Art. 18. 

(vi) Lines of Force —The general behaviour of the magnetic and 
electric lines of force is almost the same, though there are some 
important differences [vide Art. v3(ii:)]. 

52. Total Normal Induction :—The electric intensity at any point 
within an electrostatic field is proportional to the electric induction and 
the number of tubes of force crossing a unit area (one sq em.) of the 
plane perpendicular to the intensity is called induction. In air, 
electric intensity, Æ at a point=no. of tubes of force through one sq. 
em. area round the point. If air is replaced by a medium of dielectric 


constant K, the electric intensity, B= hx no, of tubes in one 8q. em. 


area. 

But we know that 4x no, of tubes emanate from 1 e.8.u, of charge. 
So the number of tubes originating from +Q units of charge will 
be 4xQ/K. 

Now if we suppose that the number of tubes originating from (9 be 
4xQ/K in all directions, then these tubes will st a distance of 7 ema. 
embrace the total area equal to the surface ares of a sphere of radius 
rems. The total area embraced —4zr*., 

42Q _ Q w 
4x 'K o Kr ‘A 

According to the law of Inverse Square, the intensity due to +Q 
units of charge at a distance r ema, is, 

-2.-1() i^ =! xs. =Q; zi] 
E ke E j F-x 2 ; and here Q,=Q; Qo=1 


The no. of tubes in each unit area= 


al x no. of tubes in each unit srea. 


The total no. of tubes of force passing perpendicularly through 
a surface is called Flux of Electrical Induction over the surface, which 
is equal to the no. of tubes in each 
unit ares X the total aréa = KE X ds. cone 


Consider an element’ of area, ds 
in which the electric intensity, Æ is 
at an angle 4 with the normal to the 
surface. Then the intensity along 
the normal=Z cos 9 and the no. of 
tubes emanating normally from each 
unit area of surface=KZ coa 9. 


/. The normal induction or the 4 


total no. of tubes emanating normally 
from the element ds= KE cos 6 X ds. Fig. 92 
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Remember that the normal induction and the electric intensity 
are conventionally taken positive when they are in an outward 
‘direction. 


53. Gauss’ Theorem :—Gauss’ Theorem states that the total 
normal induction (or electric flux) over a closed surface is either 4x 
times the charge or zero according as the charge is enclosed by the 
surface or not. 


To establish the first part of the theorem let us consider a closed 
surface SS’ enclosing a charge +q at the point O. Now let us cal- 
culate the electric flux or normal 
induction due to +g over a small 
element of area ds on the closed 
surface. Let the distance of ds 
from O be OP=r. Since, by de- 
finition, induction (D) is equal to 
the intensity in free space, its 
value in & medium of permittivity 
K willbe D—XE, where E is the 
fieló in the medium. The direction 
of Æ at P is evidently along OP 

Fig. 33 acting outwards. So the component 
of E normal to ds is Zn=Z cos 9, where 9 is the angle between the 
field vector and the normal to the surface elc ment. 


-. The norman] induction at P is Da=KEn=KE cos 9, which 
is conventionally taken positive in an out xard direction. This is equal 
to the number of tubes of induction passing normally through each 
unit area at P. 


«<. The electric flux or normal induction over ds=no. of tubes 
passing normally through ds = Da.ds — K Eds cos 0. 


In & medium of permittivity K the electric intensity at P due to 
+q is E —q/Kr?. 


-. Tho normal induction over ds = Dds = K, 4. ds.cos 0. 


Kr 


=q. B98 l= 9 do 


where dw is the solid angle subtended by the element ds at 0, Similarly, 
‘considering all other elements of the closed surface, the total normal 
induction over the total surface will be given by, 


E Dads — qXdo —4zq 
Thus the first part of Gauss’ theorem is established. 
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To establish the second part of the theorem, let us consider the 
charge +g outside the surface. If an elementary cone of solid angle 
do be drawn from O, it would 
cut the surface twice in areas 
dsı and d$2 at A and B(Fig. 34). 
Then do = 4820080 sa Copa 

7i T$ 

The normal induction at A 
is inwards (negative) and that 
at B is outwards (positive). 
Hence the contribution to 


Fig. 34 


T.N.I. due to ds and dsa=—q E cost; ditt cos 02— — qdw + 
1 2 


qdo — 0, i 


Similarly, drawing a number of flux cones to cover up the whole 
area, it can be shown N.I. reduces to zero for each of these flux cones 
(i.e. due to the corresponding sectional areas), So summing up the 
contributions of all of them the T.N.I. also becomes equal to zero te. 


= Dn7s=0. 


Note—1f the charge +g’ lies on the Gaussian closed surfaco under 
consideration, then to calculate T.N.I., let us con- 
sider an elemontary area ds haviog a charge o ds on 
it where o is the surface density of charge. 


The contribution to the total normal induction 
e due to o.ds=ods Sdw=a.dsx 9r. y 


P (As the solid angle is contained only one side 
of ds.) 


. Considering the contributions of all the 
elementary surfaces, the T.N.I-2 c .ds. 


zm.q. 
Fig. 35 


Applications of Gauss’ Theorem ——Geuss' theorem ig applied in 
determining the electric intensity, Æ at any point due to other charged 
surfaces. At first, the total normal induction is found out over the 
charged surface The total normal induction, T.N.I.— KE ds cos 6. 
According to Gauss’ thoerem, 7.N.I.=4%q. 


<. Anq— KE ds cos 0 no via = if: (1) 


54. The Electric Intensity due to an Insulated and Charged 
Conducting Sphere :— 
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- (a) External point,—Le& A be an insulated conducting sphere of 
i radius r and let it be given--q units of charge. 
SERE To calculate the intensity at an external point 
P, z ems. from the centre of the sphere due to 
this charge +q, let us drw a concentric 

t Gaussian spherical surface through P surround- 
A i ing the inner sphere. If Hx be the intensity 
F at P and K the di-electric constant of the 


b. P medium, the induction is given by, 
DET Td D=KEx. 
Fig. 36 The total normal induction over the newly 


drawn Gaussian surface is equal to 4mq, as it 
encloses the inner sphere. 


= Dyds=4%q ven z bs us CH), 


Since the intensity is normal to the spherical surface, Dn is equal 
to KBx. 
<. Brom (1), KEj.42z* — 4xq 


On 2,= 2 Ld Ly Aw 

n ER (2) 

So we see that the charges on the sphere practically exert their 

influence at an external point in such a way that they may be supposed 
to be concentrated at its centre. 


55. Electric intensity due to a Charged Infinite Plane :—Let AB 
bes portion of a charged infinite plane, having a uniform surface 
density of charge, v on each surface and placed in a medium of dielectric 
constant, K. 

(a) Imagine a small vertical cylinder abcd, whose plane faces are 
ab and cd (each of area ds) 
and is placed near the charged 
Surface AB with ab and cd 
parallel to the surface. Since 
the charged surface is infinite, 
the lines of force and hence 
the electric intensity at every 
point is perpendicular to the 
plane. 

Suppose the electric intensity on ab= E, ani that on ed — Es. 

`- Tojal normal induction, T.N.I. on ab — KE, ds 
e P 28 » cd— — KEsds 


The value is negative because the normal is directed inwards. 
Sines the lines of force start normally from the conducting surface no 
lines would pass through the curved surface of the cylinder and hence 
electric induction is zero on this surface. 

Again since there is no charge inside the cylinder, the total normal 
induction, T.N.I.—0 m .. (Gauss' Theorem) 


s. KEıds-KEads=0; or E,—Es E x (1) 


Fig. 37 


— V: 


A daard- pall 
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Hence the electric intensity is the same at 
charged surface. sabres aS 


(b Now, imagine the 
small cylinder abed in the 
position as shown in Fig. 38. 
The values of total normal 
induction on both the faces ab 
and cd are positive because 
they are directed normally 
outwards. As in the previous 
case, T.N I. over the curved 
surface of the cylinder is Zero. 


The total normal indu- 
ction over the plane faces 


—KB ,ds+ KEsds — 9KEds n y EDI 
[; Zi-Eo] 
From Gauss’ Theorem, 4%q=2K Eds yh ix ON) 
Now qc. ds ; or charge— surface density X area 
. gao 
2. 4nods=2KEds ; s = 
3 8 E E 


This principle is used in the parallel plate condensers. The charge 
on the plate of such a condenser is in one direction, but the electric 
field is present on both the faces of the plate. 


56, Coulomb's Theorem : Intensity at a point close to a plane 


-sheet of conductor carrying a charge :—Leb X represent the plane 


conducting sheet, the right-hand face of which 
Cone has a surface density of charge 0 and let P bea 
— point close to it. On this face let us take an area 
A equal to lom. So the charge on A ig o unità. 
Now let us draw a short right cireular Gaussian 
cylinder ab through A such that its cross-sectio- 
nal area is everywhere 1 cm,", and its left-hand 
face b lies inside the sheet. As there cannot be 
any intensity in the material of the conductor, 
no flux is encountered by the face b. 

Again since the lines of force start normally 
from the conducting surface neither any lines 
would pass through the curved surface of the 
eylinder. 

Fig. 89 s. The total flux is experienced by the face 
‘a'on which the point P lies. By Gauss’ 
theorem total flux 470. 
-. DA -4me ; or, K.E. 1-129, 
where A=1, K=d.c. of the medium, and E is the intensity at point 
P on the face a. 
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a0 
Henco E E 


-. The intensity at any point close to the conducting sheet (ag 
point, P) will be given by gr, This important result is generally 


known as Coulomb's theorem. Ifthe medium be air, this intensity 
will be given by B=4z0, 

It should be remembered that the expression for intensity, as 
derived above, applies in general, in cases of a charged conductor. The 
intensity at any point close to a charged conductor will always be 4x0 
because whatever be the shape of the conductor, a very small section of 
it can always b» taken to be plane and hence the above deduction will 
be valid in that case too. 


57. Electric intensity near a charged cylindrical conductor :— 
Let AB (Fig. 40) represent an infinite conducting cylinder carrying an 
electric charge '-Fg' units per centimetre of its length. Pis any point 
near its surface at a distance of r ems. from its axis, We shall now 
calculate the intensity at P due to the charge on the cylinder. If Ep 
be this intensity and K, the di-electric coefficient of the medium, 
then the problem can be easily solved 
by drawing & Gaussian cylinder of unit 
length and of radius r cms. coaxially with 
the charge-carrying cylinder. From the 
symmetrical nature of a cylinder, it is easy 
to infer that the field is everywhere radial 
so that the flat surfaces (upper and lower) 
of the Gaussian cylinder encounter no 
flux at all (if there is no distortion of 
the field near the end), So the total flux 
must be limited to the curved surface of 
the cylinder, whose area is 2*7X1 
=2zr om." 

-. The flax over that surface =2arKHy. Since this surface 
encloses a charge equal to +g units, by Gauss theorem the total 
normal induction is evidently 42g. 

<. IWwrKHy=4xq ; 
or, Hy=2q/Kr a As (1) 

The expression of intensity Æ is independent of the radius of the 
inner cylinder. So it is also applicable in the case of a charged linear 
conductor, e.g. a telegraph wire. 

If the point P is very close to the charged surface of the cylinder 
whose radius is R, then from (1) 


E=% ; if ¢ bə the surface density of charge, q— 2x Ec 


Fig. 40 
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58. Cylindrical Coadensers :—In a cylindrical condenser a charged 
solid metallie cylinder is surrounded by a hollow metallic cylinder of 
larger radius—the latter being generally earthed. The submarine 
cable isan example of such a condenser. 
Here the copper cable forms the inner 
charged cylinder and the conducting saline 
sea water the outer earthed cylinder, the 
intervening space being filled up with the 
suitable insulating material which serves as 
the sheath of the cable. Let a and b 
respectively be the radii of the inner and 
the outer cylinders and K the permittivity 
of the intervening medium. Lat us consider 
a unit length of the condenser for the time 
being Suppose +Q e.s.u. of charge be given 
to this unit length of the inner cylinder. As Finch 
the outer cylinder is earthed, the p.d. = 
between the inner and the outer cylinder will be equal to the potential 
of the inner one. To calculate this potential, V, take a point P in the 
interspace at a distance r from the common axis. The intensity E at. 
P is given by, 


CANNE E 
3 


d 29 
, dV--RE.dr- —2x. dy, 
or d T E dr. 
«. Potential difference between the surfaces of the inner and 


" 
outer cylinders = J dV 


a 
-pa tee af Ee ae ao AON ade 
or, Va-Vo M E dr E f e 


== [ toge r= [o à — loge à] 


=Q] = ee b 
2 tog, b loge a K loga 7 


The outer cylinder being earthed, potential of b=0, so 


Va= 90. loge P. 

The capacitance per unit length (= charge per unit length) 
Q Q x potential 
ac 
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Kl 
b 
2 - 
logo a 


Hence the capacitance of } em, of the condenser = 


2 uF. 
8X9 803 X logse~ x9 x 105 


59, Stress aetiog on a charged conducting surface :— Let PQ be 
the charged con- 

P Q ductor and AB 

any unit area 
chosen on ig 


— 
f Eas surface (Fig, 49), 
Vus TUBES / cm? i [ Es jas am — líc be the sur- 
DUE TO REMAINING —_—. face density of 
CHARGES covers the charge then 
INSIDE THE 4%o tubes should 

CONDUCTOR emanate from 


j this unit area 

Fig. 49 Though  experi- 
mentally we do not get any trace of any tube of force inside the conduc- 
ting medium (on the L.H S. of AB in Fig. 4), theoretically these lines 
should be equally divided into two groups—2xo tubes proceeding 
towards the right-hand side of AB and 2x0 tubes towards the left-hand 
side. Since all the tubes start normally from the conducting surface 
there cau be no flax along the conductor, The absence of any tube on 
the left-hand side can be ea-ily accounted for by supposing the mutual 
repulsion between like charges. As the conductor has been charged 
throughout, the charges on all portions of it excepting AB, will exert 
a repulsive force on AB and thereby try to remove ‘s’ from the surface 
in a normally outward direction. Now as the 2x7 tubes due to charge 
7 on AB, which should have been theoretically present in the conduc- 
ting medium, cannot be experimentally detected, it signifies that their 
effecta are totally cancelled by an equal number of oppositely directed 
tubes passing through the conducting medium due to the remaining 
charges on the conductor. So 27e tubec/em.? arise due to the 
remaining charges In the interior of the conductor, there is no 
resultant field due to the equality of the number of tubes passing 
inwards and outwards. But in the region outside the conductor 
these 2xc tubes due to the remaining charges reinforce the original 
Qxe tubes due to the charge ‘co’, So, in the region outside the 
conductor, the intensity at s point close to the surface is given by 
42v, which is the total number of tubes embracing unit area in that 
region, when the surrounding medium has K— i. 

To caleulate the mechanical force on the conducting surface, we 
can easily take help of the above discussions. We have seen that 
inside the conducting medium 2% tubes of force are outwardly directed 
and that they owe their origin to the remaining charges on the 
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eonductor. Thus we can gay that these 2c tubes are actually directed 
towards each unit ares of the conducting surface so that the electric 


intensity a& AB is E ae dynes/unit charge, when the conducting 


surface is in a medium whose di-electric coefficient is K. 


Suppose P and Q (Fig. 43) are two very close points on the 
opposite sides of ab so that the intensities 
due to the charge on the conductor may be 
taken to he identical at both of them. Let 
E, be the intensity both at P and Q due toe 


on ab and Ha due to the remaining charge on P Ey 
the conductor Hy at Q is evidently directed in P = 
LU 


opposite sense to Es and at P both of them 
act in the same sense. Again as in the interior 
of a conductor (such as point Q), the electric 
intensity is always zero, we have, 

E,-Hi=0; or, E,-—Has 


At P, the resultant intensity is Æ i+ By =4%0/K- ; 
(by Coulomb s theorem) 


Fig.43 


QH,=4%0/K ^ or E,-—92c|K — E 
Since the charge on AB is € unit, the outward normal force 


experienced by it will be given by i 
F=feld strength X oharge=E Xe =e 


i 
*. he force per unit area of a charged conducting surface ig 


x z 


3 
given bya dynes/em.* 


dynes. 


E? 
But as the intensity just outside the surface is given by n= 
heorem) where K—d c of the outs'de medium, we can write, 

oa KÉx 
4m 
Substituting this value of z TRR. get, 

2n  K°Egr Kir 2 P 3199) 

cir 16x* = dynes/em. 3 C 
60. Energy in an Eleetrostatie field : 
` —Suppose a surface element ds of a 
conductor charged to a surface density be 
displaced backwards through a distance dx 
(Fig. 44). Since the electrostatic pres- 
sure acting oads in the outward normal 
Bee See 

direction is 


(Goulomb's$ 


& 


~| 


, the corresponding force 


8 2 
on ds— £z ds. 
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So the work done by the external agency causing the displacement 
i8 given by, 


29 
wae di x dz tre - BE 


But as Ej— d (by Coulomb's theorem) 
JS o—KHyAx 

2 s 
Substituting in (1), W= (Kes) eX dx = Ee ds.dz 


Since dua to this displacement the field is increased in volume by 
an amount ds X dæ, the above energy expended by the external agency 
is stored up there in the form of potential energy of the increased 
volume of the field. 


So the energy associated per unit volume 
KE. ds.dz 
8% ds.dz 

=KEH;,"/8x= DEx/8n ergs. 


61. Attracted Dise Electrometer (Absolute Zlectrometer of 
Kelvin Type) :—It is essentially a parallel plate air condenser provided 
with a guard-ring arrangement. 

A is the attracted dise which is carried by a small coach spring 
S and situated in the plane of the 
guard-ring G (Fig. 45) A ia 

N maintained at a constant potential. 
Bis brought in turn in contact 
with the bodies the difference of 
G potential between which is to be 
determined. It can bə raised or 
lowered by means of a micrometer 

Ih -4 serew M attached to it. 
t To messure the potential of 
a body with its help, first earth 
A, G and B. Now puta small 
weight upon A which is 
Fig. 45—Absolute Electrometer. evidently lowered. Now by means 
of an adjusting screw N, A is again brought in the plane of G. This 
coplanarity is to be ensured optically. In some forms a pointer is pro- 
vided whose tip lies against a mark, f, on the fixed casing when A and 

G aro coplanar. The weight is now removed and A is raised from the 

plane of G. Now B is disconnected from the earth and then connected 

to the body whoss potential V is to be determined. Now by adjusting 
the position of B by means of M, the distance ‘d’ is made such that 
the attraction between A and B brings A sgain in the plane of G. Then 


P 
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the attractive force is evidently equal to mg, where g—accl. due to 
gravity. 


Since the electrostatic field between the plates is uniform, the 
electric intensity at every point is equal and acts in the perpendicular 
direction. Thus the elcctrio intensity, 2=V/d. 


Also, the force of attraction on an unit area is 


rma 3 
rote D. [ for air K=1 ] 


If A be tho effective area of the plate (i.e, area of the plate A+% 
the space between A and the guard-ring, (G), then the total force of 
] E* AV? 
thraction, F=—,A=—_, 
attraction 8x A FTD 


or, V 7d eng ergs per 6.8.0, of charge. 


If A is kept at constant potential by a Kelvin's replenisher 
instead of being earthed and p.d, between two bodies is to be measured, 
then connecting B to the first body, we have, 


Va-Vards ft 


where d, =distance between plates in the first part of the experiment, 
Vı= pot. of the first body and Va=const. pot. of A, 


Next connecting B to the second body at potential Va, we have 


Va-Ve=da Sm, da being the new distance between the 


plates. Hence, Va V:-—(d, - d2) Em 


Thus knowing A and mg from actual measurement and (d, —d2) 
from micrometer screw readings we get the absolute value of the p.d. 
The exact knowledge of dı, da and Va ig not essential but Va must be 
always kept constant, 


So, this is called an absolute electrometer. 
It is uged to measure the specific inductive capacities of solids, 


It is not very sensitive, the force of attraction being very small 
even for a few hundreds of volts, the plates are to be kept very close 
to each other, 
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1. Define (i) unit electric charge, (ii) electric line of force and (iii) electric 
nitensity at a point. (Bibar, 1956) 
2. Explain clearly the meaning of an electric lineof force. How does it 
differ from a magnetic line of force ? (Pat. 1936) 


8. Aand B are two small spheres charged +9 and +16 units of electricity 
respectively. Tho distance between them is 28 cms. How far from A along the line 
AB will the intensitics due to the charges be equal ? ( €. U. 1947 ) 


[Ans.: 12 cms. from A towards B : as also 84 cms, from A away from B. | 


4, State carefully Coulomb's law of force between electric charges and hence 


show how the idea of an electrostatic unit of charge is derived, 
(Pat. 1914 ; cf. All. 1944) 


5. Two small equal spheres carrying charges of 5 and 10 units are placed 20 
cms, apart. Find the force thry exert on each other, (a). before, (b) after they 
havo been connected for a moment by à fino wire. 

[Ans.: 3, vg dynos.) 

6. State the law of inverse squares in electro-statics and hence dofine unit 
of charge. What do you understand by an electrie field and how do you define 
‘electric intensity’ at à point in the field ? 

A charge of +20 units is placed 4 cms, feom a charge of —30 units, Ab what 
point on the line joining the two charges will the intensity of the electric field be 
zero? (Bihar, 1958) 

[Ans.: 17°8 cms. away from +20 units of charge and 21'8 ems. from tho 
charge, — 80 units. ] 

7. Two small pith.balls hanging by silk fibres 30 cms. long from the same 
point are given equal charges and repel cach other to a distance of 6 cms, Ifthe 
pith-balls weigh 10 milligrams each, find tho charge on each. 


[Ans.: +6 GG. S. Units.) 


8. Two small metallic spheres each weighing 5 gms. are suspended from a point 
two strings of negligible weight and each of length 30 cms. When the sphores are 
rged with equal quantities of electricity, the two strings make an angle of 30° with 

sach other. Find the amount of charge of each of the spheres. 
(Pat, 1927) 


[Ans.: 56322 units.) 


9. Define ‘Electric field ata point’. A, Band C are the three corners of an 
equilateral trianglo whose sides are cach 5 cms. in longth. Two point charges of 
+100 and —100 e.s. units are placed at 4 and B respectively. Find the direction 
and magnitude of th» resultant electric field at C. 


[4ns.: 4 units ; 60° with the base CB] 


10. Prove that the electric potential at a pointdue to a charge concentrated at a 
point is inversely proportional to the distauce from the centre. 
(cf. Pat. 1939) 


11. A hollow spherical conductor whose radius is one decimetre, is charged. 
with 10 units of electricity. Find tho potential (a) at the surface of the bru 
(b) at a point 25 cms. distant from the centro. (0. U. 193: 


[Ans.: (a) 1E.S.U. ; 04 E.S.U.] 
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12. Obtain the value of the potential ata point due to a single electric charge 
+9 at a distance r from it. (C. U. 1934, '51 ; Pat. 1948, '49 ; A. B. 1952) 


13. ABCD is a sq. of 20 cms. side. Positive charges 6,12 and 24 os. units 
are placed at the points A,B and C. Calculate the work required to transfer a 
unit positive charge from D to the centre of the square. (Pat. 1946) 


[4ns.: 102 unita.) 


14. ABCD is a square of which each side is 10 cms. Charges of +100 units 
are placed at each ofthe corners 4, and C and a charge of —200 units is placed at 
the corner B of the square, Calculate the potential at the corner D. 

(Utkal, 1952) 


[Ans.: 5'8 E.S.U. of potential.) 


15. Three equal charges, each of ‘g’ units, are placed at tho three corners of a 
square of side ‘a’ cm. Find the potential at tho forth corner, (Pat. 1949) 


16. Charges of 10 Z.S.U. of positive electricity are placed at the four corners 
of a square each side of which is 8 cms. Calculate the potential at the point 
of intersection of the diagonals. (Pat. 1943) 


[4ns.: 5492 E.5.U.] 


17. An olectron which may be regarded as a small body of mass 9x10 ** gm. 
carrying à negative charge of 4'8x10 +° ou. starts from rest from a point on one 
conductor and reaches a second conductor with a velocity of 10° cms./sec. Calculate 
the potential diff. between the conductors in volts. (1 volt.— jg 6.5.u.) 


[A4ns.: 928125 volts.] (Pat. 1953) 


18. You are given an insulated charged hollow poar-shaped conductor in which 
a hole has been drilled at the top. How would you proceed to investigate (i) the 
surface density of the charge on (a) the outside, (b) the inside surface of tho con- 
ductor ; (ii) the potential of (a) the outside, (b) the inside surfaces ? What rosults 
would you expect ? Give your reasons, (Pat. 1924 ; cf. 0. U. 1917) 


19. Describe expts. to show that the potential is the same throughout the 
whole space in the interior of a hollow charged conductor, and that it is the samo as 
that of the condactor itself. (Pat. 1948) 


20. An insulated ice-pail and an insulated brass ball are both charged with 
positive electricity, the pail toa high potential, the ball to a low potential. The 
ball is then brought close to the pail and lowered into it without touching vntil 
the bottom is reached. After contact, the ball is removed. Describe the changes 
andthe potential both of the ball and the pail, (a) before contact, (b) on contact, 
and (c) after removal. (Pat. 1930) 


{Hints—{a) The potential of tho ball increases until it reaches the bottom ; 
(b) the potential is the same; (c) the potential of the ball is zero that of the pail 
increasos still mcr] 


21. Describe an experiment to show that the surface of an electrified conductor 
is an equipotential surface. (C. U. 1926 ; cf. Pat, 1939) 


22. What is meant by electro-statie induction? Explain this phenomenon 
by considering the potential. How would you proceed to prove that the total 
charge induced is always equal to the inducing electrification ? (Pat. 1936) 


23. How would you charge a gold-leaf electroscope positively by the method 
of induction? State generally the conditions of the electroscopo during the different 
stages of the above oxporiment, regarding the following points—(a) the total charge 
on the electroscope ; (b) its potential ; (c) the divergence of the leaves. 

(Pat. 1929) 
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24 An electroscope is surrounded by a cylinder of wire gauge which is put to 
earth. If an electrified body is brought near to it, how will the leaves behave ? 


[Hints.—If the wire gauge cylinder completely surrounds the electroscope, then, 
on bringing the electrified body near to it, opposite charge will be induced on 
the outside and similar charge will escape to the earth. Tho electroscope is 
unaffected.] 


CHAPTER IV 
Capacity : Condensers 


62. Capacity and Potential :—We know that every body has a 
capacity for receiving heat, known a3 the thermal capacity of the body, 
which is the quantity of heat required to raise the temperature of the 
body through one degree, Similarly, the electrical capacity of a conduc- 
tor is measured by the quantity of charges required to raise the potential 
of the conductor by one unit, Thus, if C be the capacity of a conductor 
raised to a potential V by a quantity of electricity Qs we have, 0-QJ/V ; 
or, Q— OV ; or, expressed in words, 


Quantity of charge 


c = 
NURSES Rise of potential 


Unit of Capacity.—In the above relation, if Q—1 and V=1, then 
C=1, Thus, a conductor is said to have a capacity of one electro- 
static unit (e.s.u.) when one electro-static unit of charge raises its poten- 
tial by unity. 


The practical unit of capacity is a Farad. A conductor has acapacity 
of 1 farad, if a charge of one coulomb of electricity raises its potential by 
1 volt. 


A farad is rather too large a unit for ordinary purposes; 80 the 
usual urit is onc-millionth (10 °) of a farad, which is called a micro- 
farad (uF) ; 1 farad=10° micro-farads. 


It should be noted that the farad is founded on the electro-magnetic 
D of units, being derived from the volt and coulomb (vide Part VII. 
h. IV). 


1 farad —9 X 10** electro-static units of capacity. 


lmiero-farad-9X10* , » » 


y 
! 
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63. Capacity of a Conductor depends upon its Surface Area :— 
This can be shown by taking a sheet of tin-foil attached to a roller of 
glass G, at the lower end of which a small ROLLE! G 
load L is provided in order to keep the - 
sheet stretched (Fig. 46). The sheet can 
be rolled up or down. Connect the lower 
end of the sheet with an electroscope Z by 
means of a wire and charge it when, 
unrolled. Notice the amount of divergence 
which indicates the potential of the sheet 
due to the charge given to it. As the sheet 
is rolled up the area of the exposed surfaca 
is diminished and the divergence of the Fig. 46 
leaves will be found to increase, indicating 
rise of potential. This shows that the capacity has diminished (the 
quantity of electricity having remained the same). It is also evident 
from the relation C= Q/V, for when V is greater, O is less, Q remaining 
constant. As the sheet is rolled down, area of the surface will be 
increased, and the divergence of the leaves will be found to diminish, 
indicating fall of potential. This means that the capacity has increased, 
the quantity of charge having remained the same. Thus the capacity 
of a conductor depends upon the area ; it increases as the area tnereases 
and decreases as the area decreases. 


63. (a) Capacity of a Sphere :— 


Let a sphere of radius r (Fig. 47) 
be charged with Q units. Now 
the potential ab any external 
point due to the sphere at s 
distance of d cms. from the 
centre of the sphere —Q/d. 
Therefore the potential of points 
on the surface of the sphere— 
that ig, the potential of the 
sphere. 


Fig. 47 


v-9; or, the capacity C— %= 2%- =r, 


Or, the capacity of a sphere is numerically equal to its radius. 


When it is said that the capacity of a conductor is lem. it means 
that its capacity is equal to the capacity of a spherical conductor of 
radius 1 em. 

The capacity of a sphere of 1 inch radius is about 0000008 micro- 

farad. 
(b) Surface Density of Charge of Charged Spheres.—Consider 
two uniformly charged spheres of radii ra and re, placed at a consi- 
derable distance apart, charged with Qı and Q2 units respectively 
and joined by a long fine wire. If C, and C» be their capacities and 
V their common potential, we have Q,=0,1V and Q2=O2V. 
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<. Q1:Q2=C1: 0. —7, : Ta, de. the charges of the spheres, like 
their capacities, are directly proporti:nal to their radii. 


Now, denoting the surface densities (which are uniform) of the 
aphere as /ı and P3, we have, Pı : P2=Q.4%ri* : Qa/Azra* (vide 
Art. 30) 


— Qs rat ena orat 
Qs n? Ta r? 


d.e. the surface densities are inversely proportional to the radii. 


=ro/r1, 


64, Potential energy of a Charge : —The potential of a condzctor 
due to & given charge should he clearly distinguizhed from the potential 
energy of the charged conductor. The potential of a charged conductor 
is the work necessary to bring a unit positive charge from infinity up 
to a point close upon the conductor, but the potential energy of ‘he 
charge is the total electrical work done in charging the conductor. 


Tf a conductor is charged with Q units of charge and has a potential 
V, the work done in bringing a positive unit of electricity from indnity 
up to a point close upon the conduchor is denoted by V and, in bringixg 
Q units, the work done will be denoted by QV, supposing that V all 
along remains constant. But this is not ths case when a conductor is 
charged to Q units beginnirg from its uncharged state. When charging, 
the potential graduslly rises from O to tho final value, V, just ss the 
level of water in a tank is nod attained all at once, but gradually from 
zero to the final value with addition of water. 


Suppose a total charge Q is given to a conductor by the addition of 
a large number of small charges in instalments and so the potential of 
the conductor rises from 0 to V in proportion to the charges given ; 80 
the average value of the potential during the process of charging 
(=0+V)/2=V/2. Hence the work done in charging the conductor 
=QXV/2=4QV ; and this represents the potential energy of e charge 
Q st a potential V. The energy Æ can be expressed in three ways— 


(i) H=4QV. For a conductor whose capscity is O, we have 
Q-CV. 


s. (ii) E-ACVXY-ACY?. 
2 E] 
Again, (iii) E-10x $ 4 ie. 


The work done in the process of charging a conductor is stored 
up as the potential energy of the charge, and the spark, which usually 
accompanies the discharge of a conductor, proves the existence of this 
energy which is dissipated in the form of heat, sound etc. 


v 
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65. The Principle of a Condenser :—The capacity of a conductor 
depends not only on the shape or size of the conductor, or the medium 


in which it is placed, but also A B A B 

on its position with respect to ++ -j+ +H+ - 
other conductors, Letan ineu- 

lated metal plate A be connected k zr. "URL 

to an electric machine (Fig. 48), + -f+ 25 orae 
andlet the plate be fullycharged A Pe VA cg 

to a potential +V. On bringing Hrs 

a similar metal plate B near it, Np TE m3 ly ANS ey rcs 
induction will take place; the (3) (b) t 
near side will be negatively i — Acti : 

charged, and the far side posi- i n MM 


tively charged [Eig 48(a)]. 

Now the negative charge on B tends to diminish the potential of 4 
while the positive cherge tends to increase it. But the negatively 
charged surface being nearer, the potential of A on the whole is 
lowered a little, which means that the capacity of A is increased a little, 
for it is evident, from the mathematical relation, C Q/V that as V 
diminishes C increases. The capacity of A having increased, it is now 
able to take a slight additional charge. 


If Bis now earthed, the positive charge on the far side of it 
disappears [Fig 48(2)], ard the opposing influence being absent the 
potential of A is further lowered and so the capacity of A is also further 
increased and consequently, it will now receive a much greater charge 
from the machine. Hence, it is seen thet though it is not essential 
that the condensing plate B should be earthed, i$ is better to have an 
earthed condensing plate. 


Such an arrangement, by which the capacity of an insulated charged 
conductor is increased artificially by bringing an earthed ecnductor near 
it, is called a condenser. 

The above aondenser ia known as a Parallel Plate Condenser. 


Similarly, a condenser can consist of two concentric spheres (one of 
them being earth-connected) having an insulated medium between 
them. Such a condenser is called a Spherical Condenser. 


66. Potential of a Condenser :—The potential of a condenser 
means the potential attained by the insulated conductor of the 
eondenser due to a charge given to it. The earth-connected conductor 
of the condenser being at zero potential, the potentis] of the insulated 
conductor also gives the difference of potential between the two 
conductors, i.e. the insulated conductor snd the earth-connested 
conductor which form the condenser. 


67. Capacity of a Condenser :—The capacity of a cordenser 
means the capacity of the insulated conductor of the con- 
denser. So it may be defined as the amount of positive charge which 
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must be given to the insulated conductor to raise its potential by unity. 
If a charge Q raises its potential by V, then the capacity, C=Q/V. 


68, Experiments on the Capacity of a Condenser :—(i) Connect 
the insulated metal plate A (Fig. 49) by meane of a fine wire with a 
gold-leaf electroscope. Remove B ; charge A positively and observe 
the amount of divergence of the leaves, Hold in the hand a metal plate 
much gmaller than A at a distance say, 10 cms. apart, in front of A. 
Notice the diminution of divergence. Now remove the small plate and 
replace it by an uncharged and insulated plate B which is much larger 
in size. The divergence is still more diminished, which shows that the 
potential of A has decreased But the charge on A is the same a3 
before; £o it shows that by bringing an insulated conductor near it, 
the capacity of the conductor has been increased (cf. V=Q/C), since 
the potential has diminished. 


(ii) Now connect Bto the earth and notice that the divergence 
decreases still further, The quantity of 
charge on A remains unaltered, and so 
this shows that the capacity of A has 
increased further due to the presence of the 
plate B when connected to the earth. 
Parallel late — Condenser,—The 
combination of two conducting plates A 
and B placed parallel to each other at a 
small distance apart, which can be con- 
veniently adjusted, is known as a Parallel 
Fig. 49—A Parallel Plate Plate Condenser (Fig. 49). One of the 
Condenser. plates is preferably earthed. The medium 
between the two plates may be sir, or any other suitable dielectric. 
The charge is given to the insulated plate. 


Suppose A is insulated and connected to s gold-leaf electroscope 
while B is adjustable and connected to the earth. 


(iii) Bring B nearer and notice that the divergence goes on 
decreasing. Now slowly increase the distance of B from A and notice 
the increase of divergence of the leaves, Thus we see that by decreasing 
the distance between the plates, the potential is decreased, i e. the 
capacity is increased, the charge on A remaining unaltered. _Hence 
the capacity of a condenser is inversely proportional to the distance 
between the plates. 


(iv) Now keeping the distance between the plates A end B fixed, 
carefully insert between the plates a slab of glass D (Fig. 49), and 
notice the diminution of divergence. By inserting between the plates 
` slabs of different dielectric materials, such as paraffin, mica, ebonite, 
shellac ete. decrease in divergence by different amounts will be noticed, 
which shows that the capacity depends much upon the medium 
between the two plates 


= pin 
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Thus, the capacity of a condenser depends upon (t) the area of 
the iw» conductor [vide Art. 63, or expts. (2) and (ii) above] ; the 
larger the plate the larger will be its capacity ; (ii) the distance 
between the plates ; and (iii) the quality of the di-clectric medium 
between them. 


69. The Electrical Field between the Plates of a Parallel 
Piate Condenser :—Fig. 50 represents the fisld of force of a" t parallel 
plate condenser. Fig. 50(a) re- + 
presents the distribution of lines 
of force on the charged plate A 
alone. Fig 50(b) shows the dis- 
tribution when the condensing 
plate B is brought near A. At the A As AV B 
edges, a few lines cf force are (a) (b) (6) 
bent due to lateral pressure of the 
lines of force. Fig. 50(c) shows Fig. 50—Linos of Forco Diagram of 
the distribution when the plates a Parallel Plate Condenser. 
are closer. The closer the plates, the less is the bending of the lines of 
force at the edges. In this case, the lack of uniformity of the field 
between the plates is slight, i.e. the effective area of the plate is 
increased. 


- 


+ + 


70. Specific Inductive Capacity of a Di-elcetrie :—It has been 
found that glass, paraffin, mica, ebonite, shellac, etc. used as di-electrics, 
instead of air, increase the capacity of a condenser, and so they are said 
to have a higher Specific Inductive Capacity (S I0.) which is defined 
as the ratio of the capacity of a condenser with any di-electric other than 
air to its capacity with air as the di-electric, t.e. 


Specific inductive capacity (S.1.0.) of any di-electric, x 


y= Capacity of any condenser with di-electrie @ 
« capacity of the same condenser with air as di-electric 


.. Capacity of a conden- \ =f i : i 
asbowitli-dielecteíe, X =K X Capacity of a similar 
air-condenser. 


Thus, the capacity of a condenser is proportional to the value of 
the SI.C. of the material used. For this reason the capacity of a 
condenser is greatly increased with glass (S.1.0.—8:5 to 10) or mica 
(S.1.0.—6 64) as the di-electric, instead of air (S.7.0.=1). 


7), Determination of S.I.C. of a Di-electric .— 


Faraday's Experiment.—In order to determine the SI.O. of 
a dielectric, Faraday took two exactly similar spherical condensers one 
of which is shown in Fig. 51. Hach condenser hid an inner metallic 
sphere A. fixed concentrically within an outer metallic shell B, which 
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s i made of two hemispheres separable at E about the horizontal plane. 

The inner sphere is connected by a metallic collar to the external knob 

K. The collar passes throvgh a thick 

plug C of shellac or sulphur by which it is 

very well insulated from the outer shell. 

By taking the two halves apart, the di- 

electric concerned is packed within the 

inner epace between the two spheres In 

the case of a gaseous di electric, the air in 

the intervening space is first pumped out 

E through the stop-cock T and then the gas 

is pumped in. The method is suitable for 

solids in the form of powder, liquids and 

gazes. The space between the two 

spheres in one of the condensers contained 

air while that in the other was filled with 

the di-electric whose S.I O. was to be 

OW determined. The air condenser was 

Hom charged with Q units of electricity and itg 

8 potential Y was determined with the help 

of a gold-leaf elecirosc°P® connected to the knob X. It was then 

‘connected with the other condenser, and the common potential V’ 
attained was determined 48 before. 


Now, if C; bs the capacity of the air condenser and Os that of the 
other, we have, 0xV=Q=(CitC0,)V’. 


PELLETS 
LL 


C,+09_V C2_V-V’ d-d 
pa fe OLPC AM <== a = — s d 
Oi p DH 7 SI.0 à where d an 
d'aro the divergences of the electroscope before and after sharing of 
charges. 


By filling the second condenser with different di-electrics the ratio, 
‘03/04, will be different. 


72. Insulators and di-electries :—It should be remembered that all 
di-alectrics are insulators. We call them insulators when we refer to 
the fact that they do not allow electricity to flow through them, and 
we call them di-eleciries when we refer to the fact that they allow the 
transm‘gsion of electrical influence to take place through them and in 
faci, the di-elecirics themselves play an important part in the action. 


73. Factors determining Capacity of a Conductor :—It is 
evident from the experiments of Art 68 that the capacity of a given 
‘conductor is the least when it is isolated, that is, when there is no 
other conductor in its neighbourhood. The capacity of a conductor 
may be increased in the following ways :— 


(1) By increasing its area (vide Art. 63): (2) By bringing 
near it. 6 an insulated.conductor [Vide expt. (i) Art. 68]; (ii) on 
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earth-connected conductor [vide expt. (ix), Art. t8]; (iii) by, decreasing 

the distance between the plates (vide expt, (in), Art 68]; (iv) i 

"ripis a solid dielectric between the plates [vide expt. liv) 
74. Factors determining Potential of a Conductor : — 


(i) The potential of a conductor increases proportionately with 
the amount of charge given to it. For a given amouat of charge, the 
potential is inversely proportional to the capacity of the conductor, 
which is evident from the equation C — Q/V. 

(ii) The potential of a conductor is diminished (but capacity 
increased) by bringing another conductor, insulated or earthed, near 
it [vide expt (i) Art. 68] The decrease of potential is maximum, if 
the neighbouring conductor is an earthed ono. 

(iii) A definite amount of charge being given to a conductor, ita 
potential will depend upon the size of the conductor, If the size 
increases, its potential diminishes (but capacity increases), and if the 
ive di de its potential increases but capacity diminishes 

z Q/O). 

(iv) The potential of a charged conductor depends upon the nature 
of the dielectric surrounding it [vide expt. (iv), Art. 68]. 

25 Distribution of Charges between two Conductors at the 
same Potential .—Suppose two conductors A and B of capacities Cx 
and Qo are in electrical contact (Fig. 52. Ifa charge+Q be given to 
any of them, the charge will be distributed between them according 
to their capacities. Because the conductors are in contact, they require 
the same potential, Let the common potentisl be V, and let qi, qa 
be their charges, Then the total charge Q=qi qv. 


We bave, E zd outa 


03 Os Oit0s 
pan CEA 
O1 Ca 
A oi 20 22 
(tO Gay P7 ouo 


Fig. 52 


It the sondusiors are two spheres of 
radii rı and ra, we have, 

-" ti E 
eke E T 

Note—It is to be noticed that in thia case, the two spherea have 
the same potential, but different charges on them. ‘ 

16 Sharing of Charges between two conductors at Different 
Potentials : -Suppose two insulated conductors A end B have capa- 
cities e, and c» end charges gi and ga respectively, the potential 
vı of A=quilcr; the potential va of B=qoles. Let gitga=Q 
=0101 H C302. 
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Connect A and B (Fig. 52) by a fine long metallic wire. Suppose, 
v1 is greater than v». So some charge flows from A to B until the 
two conductors attain a common potential v. Now vı>v>va. Let 
@ and q' be the charges now possessed by A and B respectively, after 
sharing of charges, Then, supposing there is no loss of charge on 
sharing, we must have qı +g =g +g =Q. 


EI roit Mie 
NUN AU So  -Q oaa osts 5 7. 
i EB e2 £e» cies Ci tca w 
E O Gee R 9. le 
ke v. Cites pa Cites (2) 


The amount of charge that will flow from A to B will be 
qı -g =c, V1 —c10=C1(¥1 — v), where v is given by equation (1)=charge 
lost by A=charge gained by B. E Sos (3) 


77. The Leyden Jar :—The Leyden Jar (Fig. 58), so called as it 
was first constructed at Leyden, a place in Holland, sometimes in 
1746, is a very well-known type of condenser. It 
consists of a glass jar having inner and outer 
costings of tin-foil. The coatings cover the bottom 
and the side upto 2 or 3 inches from the bottom. 
The inner coating is connected through a metallic 
chain with a vertical bras: rod passing through 
an insulating cover of the jar and terminating 
at the top by a knob. The inner and outer 
coatings are like the two plates of a parallel 
plate condenser with glass as di-electric separating 


them. 
Fig. 58— The capacity of an ordinary-sized Leyden jar 
ELO cens is about 00025 micro-farad. 


78. The Charging of a Leyden Jar:—To charge the jar with 
ositive electricity, the inner coating is connected with the prime 
positivo) conductor of an electric machine, say, a Wimshurst machine 
Art. 88), and the outer coating is connected to the earth. The inner 
eoating receives a positive charge, and a negative charge is induced 
' on the inner surface of the outer coating, the induced positive charge 
of the outer surface being neutralised by the flow of electrons from 


the earth. 


To charge the jar negatively, the inner coating, or the knob is 
connected with the negative terminal of the machine, the outer coating 
being connected to the earth. 


To discharge a Leyden Jar, the usual way is to connect the two 
plates (the knob and the outer plate) by means of a special discharger. 
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ue 
called the discharging tongs or discharger (Big. 54). This consists 


of a pair of bent brass rods with a 
brass knob at each end, having sn 
insulated handle, and working on a 
hinge, so that the distance between 
the knobs can be adjusted accord- 
ing to necessity. In Fig. 54, it has 


Fig. 55—Method of discharging 
a Leyden Jar. 


electrie, the plates or coatings 
function of the di-clectric can be il 
with movable coatings (Fig. 56). 


After charging the jar in the usual 
lifted by using an insulating hsndle and 


FY) 


"7 


Fig. 56—Disse: 


glass jar B is then lifted out of the 
glass sheet. On now testing the 
aharged elactroscope, no 


divergence of its 


Fig. 54— Discharging Tongs 


been shown how a Leyden jer can 
be discharged with the discharger 
referred to in Fig. 54. 


19. Dissected Leyden Jar: 
Seat of Charge :—it is the di- 
electric of & condenser which plays 
the most important part in the 
inductive action taking place 
within it, The opposite charges 
regide on the surfaces of the di- 

acting simply as conductors. The 


llustrated by taking » Leyden jar 


way, the inner coating 4 ig 
placed on a sheet of glass. The 


cted Leyden Jar. 


outer coating O and laid on the 
two coatings A and O by an un- 
leaves is produced. If the 


separate parts are then reinstated snd so the condenser built up as 


before, the existence of the charge 
knob of the insulated conductor A 
leaves will diverge. This & 


the di-electric, which here is glass. 
he dissected glass jar over the dise of an 


i easily be proved by inverting b 


will be shown on presenting the 


to a gold-leaf eleciro;cope whose 


hows that the real seat of the charge is 


That the di-electric is charged can 


lectroscopa when the leaves will at once diverge. 


Vol. II (M)—11 
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80. Discharge of a Condenser and the Residual Charge :—A 
charge cannot flok through a di-electrie which is an insulator. The 
di-electric remains in a state of strain on account of the charge. 
An electric field can persist in a di-electric, ie. an insulating medium, 
because an insulator can sustain a strain, but not in a conductor, which 
cannot support the-strain: so charges flow through a conductor until 
the same potential is attained everywhere. When the strain in a 
di-electric becomes too great, the di-clectrie breaks down and a spark 
passes acrose it, which is teen in the discharge of a Leyden jar, or ina 
-frictional machine. j 


The dischsrge of a Leyden jar does not take plac» completely in one 
spark. If the coatings are again connected together by the discharging 
tongs, after waiting for a short time after the first discharge, another 
smaller spark will be obtained and in this manner, often several sucecs- 
sive sparks will be observed. It is because a solid di-electric in a abate 
of strain cannot instantaneously free itself fully from its state of strain, 
but can only do so gradually. So, after a time, a chs rge appears on the 
coatings aod another spark is obtained. The charge, which remains in 
the di-electric after the first discharge, is called the residual charge, 
and the successive discharges are called secondary or residual dis- 
charges. These effects are not obtained in condensers having air as 
:di-electrio. 


81. Uses of Condensers :—A condenser is a convenient device 
to store up a quantity of electricity at a low potential. An application 
of this will be seen in the Wimshurat machine (Art. 89) ; two Leyden 
jars are used there to increase the capacities of the discharges. 


Condenters are very largely used in Wireless Telegraphy and 
tTelephony (vide Oh. X, Part VII). There aretwo types of them, fixed 


ype aud variable type, which are very common. Fixed Condensers 
are usually made in sheets of 


tin-foil sepsrated by thin sheets 
of mics or paraffined paper (Fig. 


pR€— 57). Alternate sheets of these 

P (een anaes: — tin-foils are joined together so 
m R 88 to make use of both the 

ee eran purfac:s of cach sheet as a 
C c distinct plate. The two alter- 

nate sets endin two terminals. 

Fig. 57—A Fixed P and R, of which one is 
Condenser. earthed. By this means 4 


condenser equivalent to two flat 
&plates of large area, separated by one thin mica sheet as di-eleetrie, is 
-Obtained in a small space, P 


4 
H 
l] 
i 


OAPAOITY : CONDENSERS 163 


Variable Condensers are usually made of two sets of metal vanes, 
one set fixed and the other seb movable, 
with air as di-electric (Fiz. 58) The 
movable set of parallel plates can be rotated 
between the fixed sets by a common spindle 
and this rotation slters the effective area 
of the plates and thus alters the capacity 
of the conienser. These are used in wire- 
less sets as tuning condensers. 


82, The Condensing Electroscope :— 
It is an ordinary gold-lesf electroscope 
whose sensitiveness has  besn greatly 
increased by adopting a special device. 
Volta originally used such a device to Fig. 53—A Variable 
detceli a small difference of potential at the Condenser. 
junction of two dissimilar metals (vide 
‘Art, 9. Part VII) So it is also sometimes called the Volta's eleetro- 
scope. Potentials, common in electrostatics, being usually very high, 
there is no difficalty in detecting them by an ordinary electroscope. 
But a small potential difference like that between the terminals cf a 
battery cannot be so detected. A gold-leaf electroscope can, however, 
be made to record such a small potential difference by connecting it 
to a suitable condenser. Such a device is called a condensing eleciro- 
scope, 

The arrangement consists of a gold-leaf eleetroscope over the dise 
C: of which is placed an insulated metallic 
diso O2 of the same diameter, which is 
coated with shellac varnish (Fig. 59). The 
two metal discs now constitute a condenser, 
the upper one being eartk-connected. The 
shellac varnish between the discs acts ss 
the di-electric in the condenser. 


Action.— One end, say, the negative 
terminal of s battery ig earthed; the disc 
O, of the gold-leaf clectrorcope acquires 
the potential of the other terminsl, when 
momentarily connected to it, Leto be the 
Fig. 59—A Condensing capacity of the clectroscope alone and no 
the capacity when another earthed plate 
Os is on the disc C1. Let V be the poten- 
tial differeneo between the terminals of the battery : the disc then has 
been charged to potential V and a charge nc V rests on it. Now dis- 
eonneet the battery and remove the earthed plate Cs. The charge is 
unehanged, but the capacity is reduced from ne, to c, and so the poten- 
tial will now be raised from V to nV. If the original potential V is not 
too small, the above magnification should eause the leaves of the 
eleabroseope to diverge, 


Wleotroseope. 
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A eondensing elec&roscope cannot, it should be noticed be used to 
detect the potential of a body of small Capacity ; for as soon as the 
eondenser of the electroscope will be connected to it, its potential will 
be considerably affected. Such an electroscops can, therefore be only 
used with a source of small, but steady, potential. 


88. Capacity: of Different Types 
of Condensers :— 


(i) Spherical Condenser.—Let a 
eondenter consists of two concentric 
spheres of radii rı and re cms. respec- 
tively, the outer one (or radius rą) 
being connected to the earth (Fig. 60). 
= Let a charge of +Q units be given 
. to the inner sphere ; then the induced 
Wig. 60—A Spherical charge on the inner surface of the outer 

Condenser. sphere is — Q unite. 


The potential of the inner sphere due to its own charge is Q/ry, 
and the induced potential due to the negative charge on the outer 
sphere is —Q/rs. Therefore, the actual potential of the inner sphere 


=Q (:- l =Q (25) and this is also the difference of potential 
fi f. Tis 


between the coatings, since the potential of the outer sphere is zero 
(being connected with earth). We know that, 


Gipadiy ate Obige 5-0. ENT. 
spac = P.D. between the coatings e -n) Ts —T4 
Tifa 


(i) Parallel Plate Condenser.—The capacity of a parallel plate 
` eondenser can be deduced from that of a spherical condenser as 


follows. 
The capacity of a epherical condenser per unit area of the surface 
fits 


of the inner sphere E irisnbtaant 


Let d be the distance between the spheres; then rg=ritd. So 


r,(r. +d) 
anri’ Xd. 


comparison with d ; then the above expression becomes equal to 1/4zd. 


the expression becomes, Now suppose r, is very large in 


When the radius of & spherical surface is very large, ibt can be 
regarded as s plane surface. Consequently, the capacity of an * 
condenser consisting of two parallel plates, each of area A=A/4zd ; 
where d is the distance between the plates. 


ASe: ee. LO 
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If the di-slectrie be any other substance of S.I.C k), the capacity 
= KA 

And 

Otherwise thus.—It has already been found that the capacity O 
of a condenser varies (a) directly as the 


sizə or area A of the charged plate ; c+ —Ip 
(b) inversely as the distance d between 
the plates, and (c) directly as the S.I.C. (k) iii es 
of the di-electric Mathematically it can 
be expressed as Cx A; Oxl/d; Oxk, if ara 
kA 
= x= 
C=a constant d ^ vri E 
This constant depends upon the shape md | 
of the condenser, and the value of this 
constant in the case of a parallel plate Fig. 61 
condenser (Fig. 61) is 1/1z. 
3 kA 
400m. 
4nd 
When air is the di-clectric, the value of k is 1 and so the capacity 
=A 
4xd 


(iii) Parallel Plate Condenser with a compound Di-electric,— 
Suppose the two plates C and D, each of srea A, 
are placed d cms apart of which f cms. are of & 
di-electrie having S.I.O. of value K, the rest 
fd — being air (Fig. 69). Let Q units of charge be on 
C while D is earthed; let 9 be the surface 
A- density of charge on each plate and F' the electric 


P intensity in the air di-electric. 
M f- gh The p d. between the plates=Vg—Vp 


d= =elestric intensity in ae (d —1)-F intensity in 
OM. f % ) 
Fig. 62 - = - LÉÍÉXi- - - 
ig di-electrieXi= Fx (d 0X z| d Ux 
= ans( d=i+ 3 , since according to a law established by Coloumb the 
K 
intensity near a charged conductor is 4% times the surface density. 
bj 
Bub capacity Cy TERRE m = > 
Ope Sy mi d—t4- 4%, d-t E. 
ani a- e i) (i-e Ht 
KA 


From this it follows thet, (a) when d=t, 07775 $ 
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if, AT rit 
(b) when 1—0, Q mod condenser). 


84, Capacity of a Leyden Jar :—Though the tin-foils over the 
inner and outer sides of the jar actually form a cylindrical condenser 
with glass as di-electric, we may approximately consider it to be a 
parallel plate one. If r be the mean radius of the curved sides, h the 
height of the tin-foil,d the thickness of glass, and K the value of its 


S.I.O., the capacity of tha cylindrical pate Em ; and the capacity 


a 
of the circular bottom of the irc E * The total eaprcity of the 


jar is the sum of these two. 
Ospacity = K| her). 
2d 4d 

85. Grouping of Condensers !-—Condengers ean be joined in two 
ways: (a) im series (or cascade), and (b) in parallel, depending on 
the necessity as stated below. 

(a) In Series (or Cascade’—In this arrangement the second 
plate of the first condenser is joined to the first plate of the second 
condenser and so on (Fig. 63) Hire all the plates are insulated 
exeepé the last one, which is earthed. If a charge+Q ie given to 
the plate A of the first condenser, it induces —Q on the inner side of 


the other plate B and +Q goes to the first plate C of the next 
condenser. This is repeat- 


ed; so eseh eondenser 
aequires +@ units on one 
plate and —@ units on 
the other. If Y be the 
potential differenee of the 
first plate A and the last 
plate G of the series, and 
. Fig. 63—Oondonsers in Series Vis Va, Vs, the potential 
differone:s between the plates of the separate eondensers, we have, 
Y-Y.tYotV. nee tee oe te 
Let C be the combined capacity of the system, ani Os, C», Cs 


z 
their individual capacities, then V=2 ; Vi=& ; Y;—9. ; etc. 
[o] C1 65 
Q.Q ,0 4 
Henee, 3 0. GOs . from (1). 
ire Elf: 
€ Ci Co €; 


Thus, the reciprocal of the combined capacity of a number oj 
condinser's in series is the sum of the reciprocals of the capacities of the 
separate condensers. 
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Notica that in this combination, the resultant capacity is always 
lesa than that of any individual condenser. Such a grouping is made 
whens small condenser is sought to be made out of some large units 
available, ~ 


(b) In Parallel —In this arrangement, the insulated plates are 
joined to a common terminal M whioh is connected with the souree of 
potential, and, similarly, the other 


plates are joined to another e;mmon * Qj, 
terminal N which is earthed (Fig. 64). 
It is elear that all the condensers, +Q, C? 
being directly connected to the 


soure> and the earth, have the same $Q, G 


potential  differenos V. When a 
eharge is given at M, the charge is fp ay 
distributed to the condensers accord- 
ing to their capacities. If Qi, Qa, Qa Fig. 64—Condensers 
be the eharges of the conde: sers, the in Parallel. 
total eharge Q=Qit+QetQs ... (1) 

If C,, Cs, Os be the individual capacities and C the combined 
eapaeity, we have Q=VC; Q,=VC, ; Qa—VO»o ; etc. 

From (1) VOS VO; -VOs-- VOs — V(O;-- 04-- s). 
ie. 070,0. Cs. 


Thus the combined capacity of a number of condensers in parallel 
is the sum o' the sep irate capacities. 


It should be noted that thie arrangement is used when a large 
eapacity is required to be built up out of a number of smali unita 
available. 


Examples.—1. Fifty thin tin-foils each of area 20 sq. cms are placed one 
above another, each foil being separated and insulated from the next by a piece of 
parafined paper of thickness 1mm. and of specific inductive capacity 2. The ends 
of 25 foils alternating with the remaining 25 foils are joined together. So also the 
ends of the other 25 foils are joined together. Calculate the capacity of the 
condenser, (Pat, 1927) 


Ans. When 2» plates aro arranged one above another in this way, the two 
cutside surfaces are uncharged ; the electricity spreads itself uniformly over all the 
other surfaces so that, with tho exception of the ontside plates, each plato has a charge 
on beth sides. Ifmbe the number of plates in each sot, we havo on tho whole, 
(4n-9) or 2(2n—1) sides, so that the whole system is equal to (2n — 1) separate 
plate oondonsers, the capacity of which is given by Exin 14, Here n=25 ; 


4790 sq. oms, ; d 0'1 em. ; k=2, 


2x49x20x 7 w 
= e i ^ 
Oapacity 4x923x01 155909 cms. 

2, Two Leyden jars are exactly alike, except that in one the tin-foil coatings 
are separated by glass and in the other by ebonite. A charge of electricity is given to 
the glass jar and the potential of its inner coating is measured, The charge is then 
shared between the two jars and the potential falls to 0'6 of its former value. y the 
specific inductive capacity of ebonite be 2, what 4s that of glass ? (Pat. 1931) 
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Ans. Let C, and C, be capacities of the glass and the ebonite jar, and k, and ks 
the:.specific inductive capacities of glass and  ebonite respectively ; then 


o,= 4, Ü E , where A is the area and d the distance between the 
a 
4zd 42d 


coatings of each jar. ~. Cree 
Cy 


Tf @ be the charge given to the glass jar and V be its potential, C; =<. 


Then, when tho charge is shared tetween the two jars, C,+Cs "se ; 
1 


3. Two spheres of 2 and 6 cms. radii are charged respectively with 80 and 30 
units of electricity ; compare their potentials, If they are connected by a fine wire 
how much electricity will pass along it ? (C. U. 1932) 

Ans. The capacity of a sphere is equal to its radius. Again, C=Q/V. 

Lot Cy, Vas Qi, and r, be the capacity, potential, charge, and radius of the first 
sphere, and C,, Va, Qs, fa, those of the second sphere ; then, 


Q9: - c, 7r, and $c. Er. 
L 3 


EEN ese Oe pies, Vi210.8. 
Yi 0, 3 40, and V, 7 Beas. 

When the spheres are connected by the wire, some electricity will pass from the 
first sphere to the second (ës the first sphere is ata higher potential), and they will 
have a common potential. After the redistribution of charges, let q, be the charge 
on the first, qa that on the second, and let V be the common potential ; then total 
charge=¢, +4, =80+30=110 units. 


We have, y 221.0» ..01- 05, 
Ta fa Tits 


21503.2X110.. 5:5 units. 
rtr, 2+6 

But the original charge on the first sphere was 80 units. Therefore. (80—91:5)— 
59:5 units of electricity will pass along the wire. 

4, A brass sphere of 10 cms, radius is electrified to potential 80. It is then 
made to share its charge with another brass sphere and the potential is found to fi all 
to 20; What is the radius of the second sphere ? (Pat. 1929) 

‘Ans. The capacity of a sphere is equal to its radius. From the relation, Q= CY, 
we have Q- 10x 80=800 units. 

This charge is shared with another, and the two spheres are then at the same 
potential-20. IfQ, sud Q, be the respective charges on the two spheres, total 
charge Q— Q1 Qs. . 

Q,=its capacity x potential —10x 20=200. .*. Qs =800—200=600. 

600 
9 


But Q,—its radius (r)xpotential; hence 600—rx20, .". r= 


we MST X 


=30 cms. 


5. Two equal soap bubbles, equally and similarly electrified, coalesce into a. single 
larger bubble. If the potential of each bubble, while at a distance from the other, was 
P, what is the potential of the bubble formed by their union ? (Pat. 1931) 


y ox 
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Ans, The volume of the united bubble will be equal to the sum of the yolumes 
of the individual bubbles; it will therefore, be equal to twice the volume of any of 
the two bubbles. But the volume of a sphere—$r*. 

Tf r, ba the radius of each small bubble, ra that of the larger bubble after they 


axes tra J1:* 8. 


coalesce we have, OFT, iT. 
But the capacity C of a sphere is equal to the radius. 
.*. C of small bubble : C of large bubble : : a1; * 4/2 vee K A 


Bince quantity of charge=capacity x potential, total quantity of charge on tho 
two bubbles before contact=r,P+r,P=2r,P. 
After contact, charge = potential V x radius— potential V x Ts; 


, . Je 9r vp 7, aP 
2. gnPeVxrüs s. V=— TAPXTe afe (1). 


Ts 


Multiplying both numerator and denominator by PS 
we have, V2 PX P a pia. 


6. ABODis a square of 1 metre side of a non-conducting material, Hour 
metallic spheres of 4, 5, 8 and 10 cms. diameters are placed at the corners. All of 
them are connected by a very fine metallic wire and a charge of 540 units is imparted 
to the system. What is the potential at the centre of the square ? . (Pat. 1983) 


Ans. If tho total charge Q is distributed as Q1, Qa, Qa and Qs in four spheres 
having diameters 4, 5, 8 and 10 respectively, i.e. radii 2, 4, 4 and 5 respectively, 
we have, 540=Q,+QstQstQs E s wal m 

As all the spheres are connected together, they are at the same potential, say V. 
Thon since the capacity of a sphere is equal to the radius, 


391 20593 4. Q, 22V; Qa =y : Q,724V ; Q7 
diester D Q, 29V ; Qu 71V : Q 74V ; Q4 75V. 


2 
Substituting these values in (1), 640-2 AY AY tov =e, 


p-50x9.,9, +, Q,—80; Q,—100 ; Q, 7100 ; Q =200. 


Bach side of the square being 100 cms., tho distance of the centre of the square 


from the omes s 
„t, potential at the contre = SON 2.4 1004/8 160/2 200/2, 


100 100 100 100 


5404222 y s, units. 
100 5 


7. Two condensers of capacities 5 and 10 units are charged respectively to 16 
and 13 units of potential. Whats the common potential when they are conmected 
in parallel ? (G. U. 1941) 

Ans. Bofore connection: Let Q, and Qs be their respective charges, then 
Q,=5x16=80 units ; Q,=10x 138—180 units. After connecting them in parallel 
the total capacity C=5+10=15 units and total charge Q=Q,.+ Qs =80+130=210 
units ; and if V, ve common potential, we have, CV =Q ; 15V 2210. 


a 210. 
Sr ge 15 14 units. 
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8. Three condensers of capacity 3,2 and 4 units respectively are connected 
(a) in series, (b) in parallel. Compare the effective capacities in the two cases. 
(C. U. 1956) 
Ans. Let C, and C,, denote the effective capacities of the condensers when 
conneeted in serios and in parallel respectively. 
Then Be Ppt, 118 ^ C,=0'92 units. 
P ALBUS. wera s 
And, C,=8+2+4=9 units. 
DOLUS 0,7092 : 9, i.e, 92 : 900. 


Questions 


1, Two conductors of capacity 10 and 15 respectively are connected by a fine 
wire and a charge of 1000 units is divided between them. Find the potential of 
either eonductor and the charge on each. (C, U. 1920 ; of, '89) 


[4ns.: Potential=40 units ; charge on the first, 400 ; second, 600.] 


2. Define potential and the capacity of a conductor, and obtain frem the 
definitions an expression to connect them with the quantity of charge. i 
All. 1945) 


A conductor A basa capacity of 10 and potential 50; another conductor B is 
of capacity 6 and potential 65. Oalculate the charges on each conductor after they 
have been connected by a very thin long wire. (Pat. 1934) 


[4ns.: Qa=556'25 ; Q,=933'75] 
8. Explain what is meant by the capacity of a condenser. Upon what factors 


does the capacity of a Leyden jar depend ? (All. 1932 ; Pat, 1944) 
4. Show that the capacity of a spherical conductor is numerically equal to 
its radius, (C. U. 1987) 


6. Two equal metal spheres connected by along fine wire are insulated and 
eleetwified. What change would be produced in the relative amounts of these 
charges, if ono of the spheres were to contract so as to have & quarter of its 
eriginal surface ? 

wr: Oss vifi or. 11:9] (Pat, 1936) 

6. Explain tho action of an electrical condenser. What is meant by the 
eapacity of a condenser ? (C. U. 1956) 

6 (e). What is a condenser? Explain the principle underlying it. Mention 
the factors on which the capacity of a condenser depends and describe expts. in 
support of your statement. (C. U. 1950 ; Pat. 1948) 

T. Two plates, 4 and B, of brass are supported on glass handles and placed 
facing eash other, 

(a) @ne of the plates, 4, is connected to a frictional machine and the other, B, 
to 8 gold-leaf electroscope. The machine is worked for some time. (b) The plate 
A is disconnected from the machine and (i) it is moved nearer the other. (ii) A 
plate ef glass is interposed between them. (c) The plate A being disconnected 
from the machine the plate B is momentarily connected to the earth, and then 
(i) ‘he plate 4 is moved nearer to B, (ii) a plate of glass is interposed between 
them. Explain what happens in each case. (C. U. 1912 ; cf. '46 ; Pat. 1929) 

8. Two parallel plates form a condenser one plate of which is charged and 
eonnested to a gold-leaf electroscope and the other is earthed. Indicate what will 
happen if the distance between the plates is increased or decreased. (Pat, 1949) 
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9. Jixplain the following :—“A condenser is an arrangement by whioh the 
capacity on an insulated conductor is artificially increased.” (C. U. 1941) 
10. Explain how Faraday determined the fact that different substances have 
different specific inductive capacities. (C. U. 1933 ; Pat. 1927) 
11. Define capacity and specific inductive capacity. (cf. Pat. 1942 1946) 
What do you mean by the statement that the specific inductive capacity of 
paraffin is 2'19 ? (Dao. 1928) 
19. Whatdo you understand by the specific inductive capacity of a di-electric ? 
Explain how with two exactly similar spherical condensers and a gold-leaf dieotro- 
scope you can find S. I. O. of sulphur. (C. U. 1940, '53) 
18. State what you understand by the term ‘S.I.O. of a material,’ and describe 
any method used for determining this quantity. 

Two metal spheres of radii 8 cms. and 5 cms. are charged to p tential 10 and 
15 o.g,w. roapectively. They are then connected by a thin metallic wire ; calculate 
the loas of eleotrio energy in this process. What happens to the energy ? 

[Ans.. 994975 orgs; the loss appears as heat in the wire or appears as 
spark, ] (Bibar, 1956) 

14. Desoribe a condenser and demonstrate experimentally how the capacity 
and potemtial can be aletred, Explain the terms ‘capacity’ and ‘potential’ fully. 

15. When acharge of 50 units is given toa sphere, it is found to have potential 
20. After being connected to a second sphere, the potential falls to 8. Find the 
radius of tho second sphere. (Pat. 1938) 

(Ans. : 8°75) 

16. A spherical conductor of 10 cms. radius is charged positively with 100 
units of ele tricity and it is connected with anothor spherical conductor of 6 oms. 
radims earrying a nogativo charge o! 50 units, What will now be the eharge on 


each gehere ? Find also the potential of each sphere before and after eoi tact, 
(Pat. 1940) 


[Ans. Potential bofore contact +10; —10 ; Q,—100/8 
» after contact =P; Qs = 50/3 
17. Boar motallic spheres of 4,5, 8,10 oms. diameter are joino! together by 
a very fime motallic wire and a charge of 810 es. units imparted to the system. 
Find the charge on each sphere, and their common potential. (Pat. 1948) 
(Ana, : 0=60 o.s. unita ; 120, 150, 240, 300 respectivoly]. 
) 18. Describe the construction of a Leyden jar. 
In eharging a Leyden jar the outor coating is (a) insulated (b) connected to 
the emm, What diffcrenco does it make ? 
(O. U. 1912, 14, '19, '24, "29 ; of, All. 1928 ; Pat, 1821) 
19. Why are Leyden jars used to brighton the spark from an eleatric 
machine? How would you show that the charge resides on the dl clectric glass ? 
What is di-electric constant ? (C. U. 1952 ; G. U. 1957) 


46. Define di-cloctric constant. The inner coating of a Leyden jar is 
conmected to a gold-loaf cloctroscope. If the jar reste on a picce of ebonite, 
one charge from an olectrophorus produces a largo divergonco of the leaves of 
the electroscope. If the ebonite be removed and the jar is beld in the hand, several 
charges of the electrophorus aro needed to produce the samo divergeneo. Bxplain 


this. 
41. Describe the construction of a Leyden jar, stating procisely the function 
of cash part, and explain the mode of charging it. (cf. G. U, 1957) 


Tithe jar is placed on an insulating stand when being charged, how will the 
final result be affected? If tbe glass be replaced by shellac, what will be the 
effect 9 What is meant by ‘residual’ charge and how can you explain its existence ? 

(G. U. 1950) 
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32. What is meant by the residual charge of a condenser ? (C. U. 1929) 
23. Describe a condensing electroscope and state its advantages over an 
"ordinary gold-leaf electroscope. (Bihar, 1956) 


24. What is meant by the statement that the electric potential at a point is 
10? Find an expression for the capacity of a parallel plate condenser. (Pat. 1927) 


25, What is an electrical condenser? Define its capacity and obtain an 
;expression for the capacity cf a parallel plate air-condenser. (M. B. 1959) 


26. Describe the construction and action of a simple parallel plate air-eondenser, 
and obtain an expression for its capacity. How will the capacity be affected if a 
slab of ebonite is introduced between the parallel plates ? (Pas. 1944) 


27. Threo condensers of capacity 1, 2 and 3 micro-farads are connected with 
the secon? ani third in series and tho first in parallel with them. Calculate the 
resultant capacity. (Pat, 1937) 


[Ans.: 11/5] 


A CHAPTER V 
Electric Machines 


86. Electric Machines :—They are mechanical devices for the 
rapid production of electrical charges. Electric machines may be 
divided into two classsa: (i) the Frictional machines. and (ii) the 
Induction or Infiuence machines. 


The frictional machines, such as the Glass Cylinder Machine in 
which electricity is produced by friction against a cushion of leather, 
or the Ramsden machine, where a circular glass plate is rubbed against 
two pairs of silk pads, are now practically obsolete. 


87. The Electrophorus :—This is the simplest form of an induotion 
machine which was devised by Volta, an 
Italian, in about 1775. By this machine 
a series of charges may be obtained from 
an initial single charge by induction. 


It consists of a circular slab of shellac 
or ebonite C, galled the Cake, a circular 
meial dise P of slightly smaller diameter, 
provided with an insulating handle H, and 
a metal base S, called the sole, on which 
the cake is placed (Fig. 63). 


Action.—The different parts are first 
Fig: 65—The Blectrophorus. of all warmed to remove any moisture 
present and a negative charge is developed ou the cake O by rubbing 
it with & piece of flannel or eatskin. It is then placed on the sole S 
[Fig. 66 a)]. The dise is then placed on the cake holding it by the 
insulating handle [Fig. 66(>)]. The negative charge on the eake acts 


and‘repele the negative charges to the upper surface of thejdise. 
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— RET 


mmm 
FNIT) patata P NA T A li 


LLL oe 
+ 


(a) (b) (e 
Fig. 66—Charging an Electrophorus. 


arrowed lines show the electric lines of force in three steps. The dicc 
ig then touched with the finger, ¢ e, connected to the earth, so that its 


potential ^ b:comes zero 
LFig. 66(c)], Now there will 
be no electric lines of force 
to the top of the disc from 
the earth, Disconnect the 
earth-connection. On now 
lifting the dise a little by the 
handle, the lines of force are 
stretched out when the 
remote ends will attach 
themselves to the table or to (d) Fig. 66 (6) 

the walls [ Fig. 66 (d)]. Next, 

on removing the disc P to a cistance, the inductive influence of the cake 
is removed, and so the bound positive charge, now freed, will predo- 
minate all over the disc, which means that the dise will show positive 
electrification. This charged disc may then be used to charge other 
bodies [Fig. 66(c)]. Replacing the dise on the cake the whole series of 
the above operstions may be repeated several times without having to 
excite the cake again. 


TR I Ba 
TIU ORT P> 
+ [te 


It should be noted that (a) by increasing the area of the electro- 
phoros the charge obtained in each operation can be proportionately 
increased ; (b) when the charged dise is presented to an insulated 
conductor, the conductor ean be charged up until its potential becomes 
equal to that of the dise after which the conductor will show no further 
electrification. So there is a limit to the electrification of a conductor 
done by an electrophorus. 


The fanction of the sole may be cxplsined thus. The negative 
charge, produced on the cake by rubbing, indvces positive charge on 
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the inner surface of the sole, and the induced negative charge on the 
outer surface of the sole passes to the earth. The positive charge on 
the sole attracts the negative charge on the cake and draws it a little 
inside the cake; and thus the tendency of the cake to lose its charge 
by leakage from the surfsce is reduced. 


Since the material of the cake is a non-conductor, its charge does 
not pass into the dise ; the disc, when placed on the cake, touches the 
surface of the cake, at a few points only dus to the roughness of the 
surface. Hence there is a thin layer of air between these surfaces and 
this acts as the di-electric. Therefore conduction can be negleeted, and 
the phenomena may be treated as governed by induction only. 


88. The Electrophorus and the Energy of the Charge :—On 
charging the ebonite cake only once, charges can be obtained from 
it as many times as necessary without exciting the cake again 4e. we 
receive a series of charges from sn initial small charge. This appears 
at first sight to violate the principle of conservation of energy, but in 
faet, it does not, 


The energy of the spark produced by an electrophorus, when the 
eharged disc is brought near an earth-conn¢cted or insulated eorduetor, 
is derived from the mechanical work done in raising the plate, i.e. in 
overcoming the attraction between the negatively charged ebonite slab 
and the positively charged dise when separsting the two; thus the 
tleeiriea] energy is obtained by the transformation of mechanical energy 
in aceordance with the principle of conservation of energy. 


Changes in the Potential of the dise.— When the dice is plaeed on 
the cake, it acquires a negative potential due to the induced free 
negative charge. When connected bo the earth, its potential is raised 
to sero, and next when the dise is gradually lifted, after disconnecting 
from the earth, it acquires a greater and greater positive potential until 
finally the positive potential becomes maximum when it is eompletely 
free from the influerce of the negatively charged cake. 


89. The Wimshurst Machine :—It acts on the principle of induc- 
tion. The machine consists of two varnished circular glass-plates, 
plaeed close to each other and these two plates are rotated in opposite 
directions about a horizontal sxis as shown by the arrows (Fig. 67). 
A number of metal sectors are fixed on the outer surfaes of each 
plate. These sectors serve both as inductors and carriers, The inner 
broken circles (thick lines) represent the sectors on tke front plate, 
and the outer broken circles represent those on the back plate. Two 
diagonal eonductors AB, CD lie fixed across the two plates at right 
angles to each other. The diagonal conductors ending in metallie 
‘brushes graze the metal sectors as the plates rotate. Facing the plates 
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there are two rows of sharp points, called the collecting-combs, # and 
F, at opposite ends of a horizontal diameter. These collecting-combs 
are conneeted to the dischargers P, Q of the machine and to the inside 
coating of two Leyden jars, E and S, placed on the base-board of the 
maehine. 


Action —Suppose one of the back sectors possesses & slight negative 
charge. When, during the rotation of the plates, it comes opposite to 
the sector O touching the brush of the diagonal conductor, it induces a 
positive eharge on the sector C and s negative charge on the sector D 
at the other end. The sectors C, D, leave the brushes with their 
indueed charges, rotate and reach the positions opposite to the sectors 
A, B, on the back plate, where thry induce negative and positive 
charges on A, B rerpec- 
tively. Now, the back 
sectors A and B will 
retain these charges 
while leaving the bru- 
shes. So,satter one or 
two revolutions all the 
sectors asproaching the 
eollecting-comb on the 
left-hand side will 
acquirenegativecharges 
and all those approach- 
ing the right-hand col- 
lecting-comb will ac- 
q ire positive charges. 
The sectors on theleft- 
hand side discharge 
their charges to the 
points of the collecting- 
comb causing it to be 
negatively charged, and 
the attached discharger ow i ) UL TN 
"luo chaiged. neg 1- Fig. 67—The Wimshurst Mashine, —. H 
tively. The charged sectors, therefore, c3no out uncharged} Similarly, 
the other discharger of the machine acquires positive charge, t7» A 

4 Tho difference of potential betweerfthe two knobs of the dischargers» 
Í beeomes so great in course of a few rotations of the dises of the machine 
that air di-electric can no longer support the strain and ultimately 
“breakd1wn’, if the knobs are not too far apart, and s spark passes 
serosa the air gap (vide Art. 80). The charges on the knobs disappear | 
due to this discharge, and s small interval is necessary before the 
charges ean again accumulate on the knobs to acquire a sufficiently 
high potential to cause another spark discharge. For this reason the 
dis:harge is an intermittent one, If the knobs are brought nearer. & 
amaller potential difference is sufficient to produce a discharge, and so 
-the frequeney of the discharge increases. 
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The object of the Leyden Jars (E and S), which are nothing bub 
condensers, is to increase the capacities of the dischargers, i.e. to enable 
them to accumulate heavy charges in order to give strong sparks. 

We have assumed a small charge on one of the sectors in explaining 
the action of the machine, but in practice no actual charging is neces- 
Bary, as a very minute charge left in the machine is sufficient to start: 
action. 

Though s very large amount of electricity cannot be obtsined with 
a Wimshurst machine, yet what i$ produces is at a very high pressure, 
A machine of average size will produce a potential difference of 40,000 

` to 50,000 volts, Larger machines give very high voltages* indeed. 


90. The Voss Machine :—It also acts on the principle of 
induction, It consists of two co-axial circular plates of glass or ebonite 
placed vertically parallel to each 
other (Fig. 68). Tho back plate ig. 
larger and is fixed in position while 
the front plate can be rotated about 
the common horizontal axis by means 
of a handle. 

A set of six to eight carriers, 
a, b, c, d etc. of metallic strips are 
Gistributed at regular intervals 
along the periphery of the revolving 
disc, Two large metallic strips 
A, B, called the fied plates or 
armatures, are attached to the 
opposite sides of the back of the 

Fig. 68—The Voss Machine. fixed plate. A metallic rod 0, 
ending in two metallic brushes, called the neutralising brushes, placed 
on the revolving plate, touch a pair of carriers c. J, at diametrically 
opposite positions, There are two collecting~combs F, D, each provided 
with pointed spikes, which face the carriers at the opposite enda of the 
horizontal diameter. The plates 4, B, have appropriating brushes ns, ns 
eonnected to them and these brushes may contact with the carriers 
while the latter pass under them in course of rotation. The collecting- 
combs are connected to the adjustable prime-conductors F which end 
in two knobs. Usually the insulated plates of two Leyden jars are 
connected to the combs, the outer plates being earth-connected. = 

Action.—Suppose one of the field plates, say A, has a small es 
charge and the smaller disc revolves in the clockwiso direction. ae 
the carrier f, in course of its rotation, passes out from under the p E e 
A, it meets the neutralising brush connected to the coniuctor ^ 2j 
induction of the charge on A, the carrier f is negatively charged au : ie 
carrier c a! the far end of the rod positively charged. In cours? ot tig 
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1 " i Jh. 
* Voltis the practical unit of potential difference or electric pressure (vide O 
IV, Part VII). 
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forward motion, the carrier f occupies the position a and delivers a. part 
of its negativa charge to the fisld plats B throuch the appropriating 
brush na and the balanse is collected by the comb Æ. At the same time, 
the positively chargad carrier c passes on to the position d and gives & 
portion of its positive charge to she field plate A throngh the appropria- 
ting brush ^ and the balanca is discharged to the com» D. Ag the disc 
revolves, the field plates A and B receive greater and greater charges 
and, as a consequence the carriers delivering charges to the collecting- 
combs receive also incraasingly greater and greater amount of opposite 
charges. Thus the two comba are charged up oppositely. The two 
Leyden jars connected to them increase the capacity of the prime- 
conductors F for accumulation of heavy charges in order to give strong 
sparks. 


91. The Van de Graaff Generator :—It is a device for produci 
very high voltages. The discharging action of points [vide Art, 94 
and the collecting action of a hollow 
spherical conductor have been utilised in 
the construction of this machine. 

A belt O of insulating material is 
made to travel continuously in the anti- 
clockwise direction round pulleys, as 
shown in Fig. 69, with the help of & 
motor. At the bottom of its path while 
it passes near the pointed end of a con- 
ductor, A, which is maintained at, say a 
positive potentisl of (10 to 20) 10* volts 
by means of a suitable electric machine, 
charge leaks from the pointed end to the 
helt on which it remains locslised. The 
chaige travels round and, as it passes near 
a set of pointed spikes, attached to the inside of the hollow spherical 
conductor M the negative charges from the latter leak to the belt to 
neutralise the positive charges there whereby the metal sphere is itself 
positively charged up. In course of time as more and more positive 
charges develop on M, it acquires a high voltage. To stop discharge from 
M, tho generator is placed inside an earth-connected tank (provided with 
atop-cocks Tı and T'a) which is filled up with air at high pressure. 

A 5 million volts generator of this type erected at the Carnegie 
Institute of Washington in 1937 ie housed in a tank, 55 ft. high and 
375 ft. in diameter, filled with air under a presssure of 50 lbs, per sq. 
inch. - 


92. Action of Points:—It has already been stated that the 
distribution of electricity over the surface of a conductor is uniform 
ouly when the surface is uniformly shap»d. Lhe density of charge 
at any part of a conductor" is inversely proportional to the radius of 
curvature of the surface of that part. It is greatest on those parts of 
the surface which have the greatest curvature(least radius of curvature). 


Vol. II (M)—12 


Fig. 69 
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So the density of charge at the pointed parts of a conductor is very 
great. Air parbicles, or dust particles, adjoining sharp points on a 
charged conductor on which the density of charge is great, acquire by 
contacts portionof the charge and are electrically repelled. This 
action, called the discharging action of points, discharges the conductors. 
This is the reason of the loss of electric charge from sharp points, and 
this is why points and sharp edges are avoided in electrical machinet. 


93. Experiments to show the Discharging Action of Points :— 


(i) This can be shown by holding a lighted candle before the 
pointed end of a piece of metal joined to 
one of the poles of a Wimshurst machine 
when the flame of the candle will be seen 
to be blown aside by air current produced 
by the discharging action of the point 
(Fig. 10). Such a continuous stream of the 
particles of s medium moving away 
from the shsrply pointed parts of a charged 
conductor constitutes what is called the 
Fig. 70 electric wind. To test the charge carried 
by the stream, the disc of an uncharged 
electroscope may be held against the stream when the leaves would 
be found to diverge. The nature of the charge which causes such 
divergence, on examination, would be found to be similar to that of the 
conductor, 


(ii) The action of the Hamilton's Mill (electric whirl) is an 
example of the discharging action of points. 
The mill (Fig. 71) consists of a brass disc B 
pivoted st its centre, haying a number of 
conductors O, fixed around it, the ends of 
the conductors bsing all bent at right angles 
the same way round. When the mill is 
joined up to the prime-conductor of a 
Wimshurst machine, the disc with the 
needles rotate in a direction opposite to 
that of the bends of the needle, ss shown by 
the srrows in the figure. Air particles in 
contact with the pointed ends of the needles 


` Fig V1— 
The Hamilton’s Mill. 
are charged up Similarly and are electrically repelled, and the reaction 
caused thereby makes the wheel rotate in the opposite direction. 


94. Causes of Atmospheric Electricity :—The lightnings and 
thunders are natural phenomena which show that the atmosphere 
contsing à heavy amount of electricity of both kinds, In the polar 
regions heavy discharges of electrified particles, lasting even for hours, 
causing display of colours, often occur—the phenomena being kno vn 
as Aurora Borealis. They also point to the same conclusion. But 
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the causes of electrification of the cloads are even at present not very 
well-known, 


One theory supposes that water vapour arising from the water 
onthe earth’s sarfaca carries a positive charge, while the water and 
the earth remain charged up negatively. 


Elster and Geitel's idea is that the ultra-violet rays of the sun 
ate the cause of electrification of the atmosphere. These rays break 
up the molecules of the atmosphere into positively and negatively ` 
charged systems. The action may be due to the Cosmic Rays [vide 
Part VII] also. 

Others suggest that this electricity is due to radio-active emanations 
from radio-active elements in the earth's crust. These radiations 
(Oh. IX, Part VII) also break up the air molecules and charge them 
with different kinda of electricity. 


95. Lightning and Lightning Conductors: It is assumed that 
during thunder-storms enormous differences of potential exist between 
neighbouring clouds or between a charged cloud and the earth. A 
charged cloud and the earth may be regarded as forming a very big 
condenser with air as dielectric between them. When the difference 
of potential between them becomes very high the air dielectric breaks 
down followed by a discharge of electricity in the form of a flash of 
lightning. The air in the path of the lightning ia heated by the dis- 
charge and so it expands 
suddenly. This sudden  ex- 
pansion again cools the air due 
to which there is also sudden 
contraction producing & partial 
vacuum, and, as a result of this 
the surrounding air rushes there 
with a tremendous force. The 
report of the thunder is due to 
these sudden expansions and 
contractions of the air. 


Lightning Conductor :—The 
action of the lightning conductor 
depends upon the discharging 
action of points and its conduc- 
ting property. The lightning 
conductor was first suggested 
by Benjamin Franklin (1749). 
It consists of a long rod or a 
strip of metal (iron or copper) 
running from the top of the 
building to be protected from 
destruction by lightning down 
to the earth. The upper end of the rod is furnished with sharp points 
and the lower end is fixed to a metal plate well burried in wet earth, 


Fig. 72 
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During a thunder-storm, when a charged cloud passes above the x 
points of the lightning conductor, induced charge of the opposite kind 
accumulates a4 the points. Air particles around the points are charged 
up by contact, and being electrically repelled, constitute an electric 
wind directed towards the cloud. The cloud thereby becomes gradually 
discharged. If, however, the difference of potential between the cloud 
and the conductor is so great as to produce a discharge, the lightning 
conductor offers a straight path of least resistance for the discharge to 
pass to ‘he earth without damaging the buildings. 

Prec aution.—As a precautionary measure (a) one should not hold 
up an umbrella during a storm, as it may act as a lightning conductor ; 
(b) one should not stand near or under a tall tree and also near any 
metal fence or barbed wire ; (c) one should not remain standing in an 
open maidan, In a heavy lightning storm one should lie flat on the 
ground, if he is in an open spece. 


Questions 


1, E glain the action of an electrophorus. 
(O. U. 1942, 44; Pat. 1942; All. 1998 ; Dac. 1982; G. U. 1949) 


‘An electrophorus may be considered an electrical machine, Why? 


(G. U. 1949) 
2. What are the changes occurring in the potential of the upper disc of the 
electrophorus during the process of charging ? (C. U. 1942) 


8. Dascriba an electrophorus and explain clearly how we get a large amount of 
electricity from it by charging it once. (Del. H. 8. 1948) 
4, Describe a simple form of electrical machine for producing static electricity. 

(C. U. 1914; cf. Dac. 1983) 
5. Describe the construction and explain the action of an electrophorus. How 
would yo: use it to charge an electroscope (a) positively, (b) negatively ? 
(Utkal, 1948 ; C. U. 1982) 
6. Describe tha ordinary olectrophorus and the method of charging a conductor 
by means of it, explaining how the energy of the charge on the conductor is obtained, 
Why is there a limit to the amount of charge that can be given to an insulated 
conductor by the electrophorus ? (Pat. 1930 ; cf. O. U. 1944) 
7. Show how any amount of charge can be drawn from the electrophorus, 
it only on^e,exited, without violating the principle of conservation of energy. 
(O. U. 1932 ; All. 1920 ; Pat. 1932) 
8. Describe with neat sketches the parts and working of Wimshurst 
machine. What is the function of the Leyden jars ? 
(Utkal, 1948: cf. '50; Del. U. 1939; C. U. 1948; And. U. 1951; Pat. 
1952,'54 ; R. U. 1954) 
9. D icribe and explain the action of an induction machine. (C. U. 1935) 
10. D.eribe with a diagram the action of a Voss machine. (Dac. 1930, '40) 
11. Explain why a conductor, which is required to retain an electric charga 
for a long time, should be rounded and without sharp points ? (0. U. 1925) 
12. A positively charged conductor is brought near an 
brass ball Is the potential of the ball al;ered thereby ? 


insulated uncharged » 
Would this alter stlon 


| 
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(it any) be modified by tho ball having a noodle sticking out of its surfaco and 
would any such modification depend on the position of the needle? Give 
reasons, 

[Hints.—The potontial of the ball which was zero in tho boginning becomos 
positive when brought near tho positively charged conductor. If the needle stioks 
out of the ball on the side opposite to the charged conductor, the ball will lose some 
positive charge through the needle and so the potential will bo reduced ; but if the 
needle aticks out on the same side as the charged conductor ; the ball will lose some 
negative charge and potential will be increased.) , 

18, Explain the action of points. Give two practical applications of these. 

(Hast Punjab, 1958) 

14. State and explain what happsns whens candle flame is placed close to the 
pointed end of a motallic conductor connected to an electric machine in operation. 

(Pat, 1951) 

15. Describe experiments throwing light on the effect (f sha points in 
collecting or dissipating an. electric chargo. (Del, U, 1940) 

16. Describe an experiment to illustrate the discharging effect of m sharp 
conductor and somo practical applications of the phenomenon. (Pat, 1997) 

17. Write a short note on “Atmospheric electricity." (Pat. 1987) 

18. What is meant by ‘striking by lightning ? How are high buildings protected 
against it ? (All. 1998, '81 ; Pat. 1999, '91, '88 ; O. U. 1985) 


19. Eixplain—' There is a common saying that if you seo the flash. of lightning, 
you are safo,” (0. U. 1994) 


20, Explain how a lightni conductor portects a building from a lightning 
discharge. uri z T (Pat. 1952 ; O. U. 1995 ; cf. Dol. H, B. 1949) 


PART VII 
CURRENT ELECTRICITY 


CHAPTER I 
Voltaic Cells 


1. Historical :—Discovery of Voltaic Electricity :—It has been 
already seen that when a conductor with a static charge was connected 
with the earth, or joined to another conductor, a flow of electricity, 
usually a discharge, could always be obtained ; or, in other words, 
when two conductors at 
different yotentials are connec- 
ted, positive charge flows from 
the conductor at the higher to 
that at the lower potential 
until their potentials are 
equalised, This flow of electri- 
city is called an electric 
current but the flow just des- 
cribed lasts only for a moment. 
[According to the modern elec- 
tronic theory, it is not the posi- 
tive charge which flows (from 
the higher potential to the 
lower), but it is the negative A 
charge (electrons) that- flows 
from the conductor at lower 
potential to the conductor at the 


: 


of pressure 


higher potential]. 
|, If the difference of potential Stop-cock " 
between the conductors could Fig. 1 


be kept constant by any arrange- 


ment, continuous current could be obtained. 


The following analogy will make the issue more clear, E Suppose 
the two vertical cylinders A and B ( Fig. 1) are connected’ near the 
kottcm by means of a pipe fitted with a stop-cock. ‘he water level 
in A is at ©, while that in B is at D. If the stop-cock ig opened, . 
water will flow from 4 to B, but the flow will stop as soon as the 
water attains a common level in Loth the cylinders. In a similar 
manner electric current also stops flowing when there is no longer.a 
difference of electrie pressure. It is rossible to put a pump in the circuit, 


Vol, TI (C.E.)]—1 / 
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as shown in ths figure, and keep pumping water from B to A just 
as fast to maintain the same difference of pressure as in the beginning. 
Thus a steady flow of water can be maintained at the expense of some 
mechanical energy used at the pump. So also, in the electrical case, a 
steady current can be maintained at the expense of some form of energy 
which will keep the potential difference constant. It. will be seen in 
Art. 5 that chemical energy liberated internally in a primary cell by the 
action between the chemicals use in it maiatains the potential difference 
between the terminals of the cell constant. s 

The first step towards a steady current was made in 1786 by Galvani 
an Italian vhysiologist and .Anatomist. There are many stories of his 
observations, and one of which is that incidentally one day afew freshly 
skinned frog's legs were hanging from a brass hook attached to iron 
railings. Galvani to his astonishment found: that every time the legs 
touched the iron there was a sudden contraction of muscles. He con- 
cluded that the effect was electrical and the source of electricity was the 
nerves and muscles of the animal body contacting each other, 


2. Volta’s Pile :—The next step of development was due to the 
Italian Physicist, Volta, who in 1800 showed that the aboye effect 
. was rather duo to the contact of two dissimilar 
conductors.» He showed that the same effect 
could be obtained by using copper and zine plates 
separated by a piece of cloth moistened with 
acidulated water and that there was a ‘‘contact 
difference of potential" between the two dissi- 
milar metals in contact. This effect was increased 
many times by taking a number of such pairs of 
copper and zine, and arranged in the same way 
in a vertical column. This is known as Volia's 
Pile (Fis 2). An appreciable ditference of poten- 
tial could be obtained by connecting the topmost 
` gino plate with the copper plate at the bottom by 
awire. Applying his discovery Volta set up the 
simple voltaic cell which is given in Art. 5. 
E Eon 8. Theory of Contact Difference of Poten- 
Sita € pi, tial :—According to Volta, there is set up ia 
difference of potential at the poiat of contact between two dissimilar 
conductors. How this arises in the case of different interfaces is explained 


below— 
(1) Solid-Solid Interface—In conductors, there are free 


electrons (vid: Art. 10, Part Vi) which are assumed to move about 
within intra-atomic spaces almost as freely as gas molecules. 
Different materials possess different electronic densities, 1.e. ditferent 
internal pressures When two ditferent conductors contact each 
other, their electronic pre-sures act through the common iaterface 
tending to equalise the pressare. Blectrons of the conductor having 
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"higher internal pressures pass into the conductor of lower internal 
pressure, the former being thereby positively charged and the latter 
negatively charged. This explains the difference of potential between 
‘two solid conductors put in contact. 

(ii) Solid-Liquid Iitertace. — Tho difference of potential between 
a solid and a solution in contact may be explained almost in the same 
way as in the case of a solid-solid interface. The only difference 
is that owing to difference in internal electronic pressures one 
tends to deposit positive ions* on the other instead of causing 
electrons to flow, If the solid actually dissolves in the solution, 
it deposits positive ions on the liquid around it and thereby it itself is 
negatively charged, while the solution gets positively charged, and 
after a time a stage comes when an electric equilibrium is reached. 
When this stage is reached, the solid 
and the liquid interface has two layers 
of equal but opposite charges. Lord 
Kelvin called it the electrical double 
layer. The reverse process of a solu- 
tion depositing ^ positive ions on a 
metal in contact also takes plico. In 
this process the solid is positively 
charged while the solution gets 
negatively charged. Fig. 3 illustrates 
how zinc is negatively coarged, while 
copper is positively charged when 
immersed in dilute H4SO,. 

4, Theory of Elec'rolytie Dissociation :—According to this 
theory put forward by Arrhenius, the molecules of a solution dissociate, 
by the very act of the solution into two distinct parts associated with 
‘equal but opposite electric charges. These parts are called the positive 
and negative ions, On setting up an electric field batween two points in 
the solution, the two ions move in opposite directions and the motions of 
these ions in the electric field between the electrodes constitute an 
electric current in the solution just as the motions of free electrons in 
a conductor are responsible for the current caused in it. 

This type of dissociation is quite different from what is called 
thermal dissociation. In the latter type, dissociation takes place at 
high tem erature, in which always neutral molecules are formed by the 
‘splitting up of the more complex molecules. But in electrolytic 
dissociation, only charged ions are produced, which may or may not ba 
chemie:l molecules. . As for example, 

Thermal dissociation NH.CIZNHs+H0l 
SANGI TANE AER A 

NH4CI-NH,*--GI* 


*Àn ion is sn atom or group of atoms associated with a charge, positive or 
negative. 


Fig. 9—Eleotrio Double Layer, 


Electrolytic dissociation 
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5(a). The Simple Voltaie Cell:—Such a cell ( Fig. 4 ) consists 
of a plate of copper and a plate of zinc dipped in dilute sulphuric acid 
contained in a glass vessel. If the plates are externally connected by 
means of a metallic wire, bubbles of hydrogen gas willbe given off from 
the surface of the copper plate. 

The chemical action in the cell may be represented by the following. 
equation, Zn + H80, =ZnS0, +H. 

The chemical changes proceeding in the cell will set up a difference 
of potential between the plates, the copper plate being at a higher 
potential than the zinc plate. Due to this difference of potential 

- transference of electricity will take place along any wire externally 
connecting the two plates, and this constitutes what is called an electric 
current. 3 

The difference of potential between the plates on open circuit, i.e. 
when the two plates are not externally connected, is known as the 
Electro-motive force (usually written H.MF. or e.m.f.) of the cell. 
The E.M. F. causes a fairly steady current to flow from zinc to copper 
inside the liquid and copper to zinc through the connecting wire 
outside ‘the liquid (vide Art. 11). The direction so indicated is the 
direction of the conventional current and this will be followed in this 
book, ‘though the direction of the actual current, if the current is due to 
the flow of electrons, is just in the Opposite direction ( vide Art. 12 ), 
As soon as the circuit is closed i.e. the copper and the zino plates are 
externally connected by a metallic wire, electric current flows from the 
higher potential plate ( here copper plate ) to the lower one ( here zinc. 
plate ), and the potential difference between the two terminal plates 
falls, and so at this stage (i.e. on closed circuit) the value of the potential 
difference is not the same as that of the Æ M.F. of the cell. The 
E.M.F. of a simple voltaic cell is about 1'08 volts. The copper plate 
from which the ourrent is said to start is called the Positive, and the 
zine plate through: which current enters the liquid, is called the negative 
pole of the cell. 

E.M.F. and the Materials of the Cell,—It should be noted that. 
besides zinc and copper, other materials also can be used in a simple 
cell, but the materials of the positiye plate should be so chosen that the. 
positive plate does not so readily. dissolves as the negative plate. It will be 

Seen that in different voltaic cells carbon, silver, platinum, ete. are used 
for the positive plate, while zino, aluminium, lead, eto. are taken for the 
negative one, and the liquids used in different cells may also be different, 

Tne #.M.F. of a cell depends only on the materials of the plates and 
the liquid used in the cell and not on the sizes of the plates. 

' (b) Electronic Theory of the Simple Voltaic Cell. ——When 
two electrodes, Ou and Zn, are immersed in dilute H3S0,, an electric 
double layer ( vide Fig, 3) is formed around each in no time, the 
difference of potential between Cu and the solution being 4-046. 
yolt, while that between the solution and zinc being —0°62 volt. 
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so that the difference of potential between the Cu and Zn electrodes, 
+ =0°46—(—0°62)=1°08 volts. This explains the Z.M.F. of the cal), 


the electric double layer around both the electrodes is upset, To 
restore equilibrium, more zinc ions, each carrying two units of positive 
charge, go into the solution and combine with the acid. The ionic 
reactions are as follows—H,S0, =2(H)*+S0,-~ 


9(H) after delivering the charge to the Cu-plate will escape by 
‘bubbling as Ha. The Zn-plate will lose Zn depending on the current 
strength and thereby its negative potential will remain constant and the 
Cu-plate gaining the positive charges will also ba maintained at itg 


Thus the potentials of the two electrodes will be maintained cong- 
tant by an internal action in the cell and a steady current will flow in 
the electric circuit of the cell, The concentration of the acid in the 
cell will decrease with progressive action in the cell due to depletion 
of H38S0, in the solution. 


6. Defects of the Simple Cell :—With a simple voltaic cell, ag 
described above. the strength of the current gradually diminishes after 
some time. This defect is mainly due to two causes (i) Local action, 
and (ii) Polarisation. à 


i) Local action.—Commercial zino is used in simple cell and 
bubbles of hydrogen are geen to evolve from both the plates with the 
generation of thecurrent, 
and even on open circuit, 
they may be evolved 
at the Zn-plate. By 
the action of sulphuric 
acid zine sulphate is COFPER 
formed and the acid is 
neutralised as more and 
more zine is dissolved. 
‘So the chemical action 
decreases, and hence the 
strength of the current i 
diminishes. This is one 4 | 
aspect. Again commer- 

ojal zino contains impu- 


LET 
ND 
rities like C, As, Pb, and NTON 


Fe. They together with y Fig, 4 


CE—ELECTRON FLOW 
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zinc form miniature local cells on the body of the zinc plate with 
the aid of the acid. These local cells produce local currents using up - 
the zino plate which do not contribute to the main current (vide Fig. 4). 
Hydrogen bubbles may, therefore, be evolved at the zinc plate even 
on open circuit; This effect with commercial zinc is known as Local 


action. 

The defect can be remedied by amalgamating the zine plate. To 
amalgamate it, it is first washed with dilute H.SO, or HOL and is then 
gently rubbed with clean mereury with the help of a brush or a piece 
of cloth. Mercury dissolves zinc forming an amalgam, but it has no 
action on the. impurities. Hence on the surface of the plate 
there is a shining layer of a mixture of mercury and pure zinc. The 
impurities remaining under the layer cannot come in contact with the 
acid and thus local action is stopped. The acid has no action on the 
meroury but acts on the zine in the surface layer, which generates 


the current. 


(ii) Polarisation.—As current flows, bubbles of Hs evolve at the 
copper plate on which they gradually form a thin layer. Due to this, 
the current strength falls and finally stops altogether. The effect is called 
the polarisation of the cell. It is explained as follows— x 


(a) As the two plates are connected by an external wire, positive 
H*-ions travels to the copper plate, deliver the charges and bubble 
away. In such a process a film of neutral hydrogen (bad conductor) 
is found to collect on the copper plate after some time. With thickness 
increasing, it offers greater and greater resistance to the current which. 
thereby diminishes in strength accordingly, 


(b) As the action of the cell proceeds, the incoming H*-ions are 
partially deposited on the film of neutral hydrogen which is non- 
conducting and so positive charges cannot be imparted to the Cu-plate- 
Due to non-delivery of their charges to the Cu-plate, the strength of the 
current may further diminish. Not only that, these. H-ions also act in 
another way. They create a new pole there, and hydrogen being electro- 
positive relative to zinc, an electric field is set up in the cell which 
tends to send current in the opposite direction. This is called the 
back-electromotive force or polarisation e.m.f. due to which the 
current considerably decreases. A stage is soon reached when the back 
E.M F. altogether stops any further H*-ion from moving towards the 
Cu-plate. The current falls to zero at this stage and the cell is said to 
be completely polarised. “ 

The polarisation effect can be easily demonstrated by connecting 
an electrio bell to the two electrodes of a simple cell when the sound 
of the bell will be loud at first, but it will become fainter and fainter 
with time and ultimately will stop when the cell will be competely 
polarised. ; - 8 
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The polarisation in simple voltaic cells’ ig prevented by three 
principal methods :—(i) Méctianical—by brushing off the hydrogen 
from time to time from the copper plate; (i) Electro-chmical— 
by using two solutions such that the hydrogen meets with a second 
solution, from which ions of the same metal as that of the positive 
plate are liberated (cf. Daniell Cell). or some such gas is liberated as 
does not cause polarisation (cf. Bunsen Cell) s (rii) Chemical—by 
using some strongly oxidising substance such as chromic acid (or bi- 
chromate of potash with sulphuric acid as in the Hichromate Cell), 
Nitric acid, Manganese diowide, eto. to convert the hydrogim to water. 
The first method, however, is not at all satisfactory if the cell is to be 
of automatic action and for this reason many cells (as described below) 
have been devised in which polarisation is removed by the use of either 
ofthe latter methods. The chemicals used to remove polarisation are 
called depolarisers. ` 


7. The Voltaic Cells :—Different types .of voltaic cells are des- 
cribed below ; each of them is provided with an exciting liquid and a 
depolariser. 2 5 


(A) ONE-FLUID CELLS 


(i) The Bichromate Cells.—This cell consists of two inter-con- 
nected carbon plates with a zinc plate Z placed 
between them (Fig. 5). The plates are immers- 
ed in dilute sulphuric acid .in which crystals of Z 
potassium bichromate are added which act as g, 
depolarising agent. The two carbon plates 
form tho positive, and the zine plate the negative 
pole of the cell. 


Action.—By the action of sulphuric acid ‘on 
the potassium bichromate, potassium sulphate 
and chromic acid are formed according to the 
following equation. K,0rs0s- H4SO,2-H50 
—9H3a0r0, t K$S0,. 


The sulphuric acid aos on zine to form zino 
sulphate liberating H*-ion, and the chromic acid 
(Ha0r04) acts on hydrogen to form water, and 
the chromic oxide formed thereby is conyerted 
into chromic sulphate, Ors(SO.,)g, by the action - 
of sulphuric acid thus. j Fig. 5 The Be 


6H,80, 3Zn-F2H,0r0, — Or S0,)s chromate Cell. 
+82n80,+8H.0. 
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The colour of Cr,(SO,), is green and so, with the action of the cell, 
the colour of the liquid changes from red to green, 


The E.M.F. of the cell varies from 1'8 

: to 22 volts. The current of this cell soon 

falls off, internal resistance being low; so 

it isuseful where strong current is wanted 
for a short time. 


In a modified type of this cell, chromic 
acid is used directly. instead of potassium 
bi-chromate, in order to avoid formation 
of crystals of chrome-alum which deposit 
on the plates and affect the chemical action 
of the cell. The cell is now-a-days seldom 


‘Fig. 6—The Leclanche’ Cell used. 


(ii) The Leclanche' cell—This cell consists of ad amalgamated 
zino rod Z immersed in a strong solution of ammonium chloride 
(NH,CI) contained in an outer 
Blass vessel (Fig. 6) In this 
vessel a porous pot is placed 
with a ¢as-oarbon rod C at the 
centre surrounded by a mixture 
of broken carbon and powdered 
manganese dioxide (MnO,). 


The Zn-rod acts as the nega- 
tive plate, carbon-rod as the 
positive plate. NH ,Ol as exciting 
liquid and MaOs as depolariser. 
The charcoal powder is mixed up 
to make the depolariser an elec- 
trical conductor. By the action 
of Zn on NH,Cl, NH, is liberated 
which escapes , through the 
mixture while the hydrogen ion Fig. 6 (a) 
liberated is oxidised by tho MnO, i 
into water according to the following chemical equations : 


Reaction :—Zn**++2NH,01= ZnCls 3-2NHa +2(H)* 
9(H)*--94n0,— Mn,0; T H30. 


Here n0. is the oxidising agent, but as it is solid, its action is 
slow ; so if the cell acts for some time polarisation sets in, and the current 
falls off. This is an obvious disadvantage with this cell. If, however, 

the cell is given rest for some time, it regains its strength. So the cell 
is suitable only for ictermittent work, e.g, for telephone, telegraph, 
electric bell, eto. The E.M... is about 15 volts. : 
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The advantage of this cell is that it lasts for a very long time. The 
‘electric bell system of a home can be worked for years with a battery of 
Leclanche’ cells with only occasional addition of water to the ammonium 
chloride so as to make up losses by evaporation, 


The ordinary dry cell used in electric torches are usually 
‘Leclanche’ cells where ammonium chloride is used in the form of a paste. 
Wor high tension wireless batteries also Leclanche’ dry cells are used. 


(B) TWO-FLUID CELLS 


(i) The Daniell Cell.—This oell con- 
“sists of a copper vessel A in which is 
placed a porous earthen pot B containing 
dilute sulphuric acid and an amalgamated 
zino rod Z, The outer copper vessel 
contains a concentrated solution of copper 
sulphate which acts as the ‘depolariser’. 
(n order to keep up the strength of 
‘the copper sulphate solution, crystals of 
‘copper sulphate are placed in two perforated 
‘shelves, P and Q, which are partially 
‘immersed in the solution (Fig. 7). With 
‘decrease of concentration, the  E.M.F. 
falls and the internal resistance increa- 
ses, 


E r Fig. 7—The Daniell Gell, 
Zn reacts with HaSO,, liberating 
positive hydrogen ions according to the following equation— 
Reactions ;:—Zn**+ H.S0, = ZnSO, 4-9(H)*. 
The hydrogen ions diffuse through the porous pot and act on the 
‘copper sulphate forming sulphuric acid and liberating Cu**-ions. 


2(H)*+(Cu**S0,)-- =H2S0,+0u**. 


These copper ions are deposited on the copper plate and so there is 
mo polarisation. 

The #.M.F. is 1'08 volts. The internal resistance is rather high, 
‘So this cell is useful for small but constant current. For laboratory 
(purposes, this cell is useful even now-a-days. 


The advantages of a Daniel Cell are— , 

(a) The E M.F. of this cell remains so nearly constant that it may 
‘be used as a comparison cell. 

(b) It wil give a constant small current for some time without 
polarisation and with practically very little expense. 
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The disadvantages are— 


(a) When it is left standing, diffusion takes place through the: 
porous pot in both directions and the amalgamation of the zinc tends 
to wear off. 

(b). Immediately after using, the cell should be dismantled and it 
should be reset everytime before use. 

(c) Sometimes it takes as long as half an hour after it is reset in 
order to settle down and give its final steady E.M.F. 


(ii) The Bunsen Cell.—This consists:of an earthen vessel P con- 
taining dilute sulphuric acid, in which is placed a cylindrical porous pot 
B containing strong nitric acid. A carbon rod C is placed in the porous 
pot, and an amalgamated cylindrical zinc plate Z is placed in the earthen 
vessel around the porous pot (Fig. 8), 


Reactions :—Zn**-- H480, — ZnSO,--9(H)* 
«H)* + 2HNO,=2H,0+2(NO.)** 


Thus the nitrogen peroxide «molecules act as the carriers of positive 
charge to the carbon rod. 


The nitrogen peroxide gas (NO) is soluble in strong nitric acid. 


The Z.M.F. is about 1'9 volts. This cell is useful for strong and 
constant current. The cell has got the disadvantage of disagreeable 
fumes of nitrogen pero- 
xide. Some polarisation 
is present. Cautious 
handling is required. 
This cell has seldom any 
use now-a-days, 

(iii) The Grove 
Cell .—This cell is simi- 
lar to the Bunsen Celt 
except that the carbon 

Fig. 8—The Bunsen Cell rod is replaced by a 
platinum foil, which is very costly. This cell has practically gone out. 
of use. 


inte 


8. The Dry Cel!:— These cells are simply modified forms of Lec- 
lanche’ cells made portable by dispensing with liquids. The negative plate 
(Zn) is a hollow cylinder of zine which forms the walls and the bottom 
of the cell (Fig. 9). The positive plate is a carbon rod C placed in the 
centre of the cylinder. The carbon rod is fitted with a brass cap B 
w,bich forms the terminal of the positive pole, Instead of a solution 
lke that of the Leclanche’ cell, here a paste is made of sal-ammoniac: 
NH,Cl, MnOs, C (coke or graphite) and a little water. The space 
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between the carbon rod and the zinc cylinder is filled with the paste. ' 
Bii A paper lining (P.L.) separates the pasto. 
nz Z5 gis from the wall of the cylinder and the 
li. NH,Cl acts through this. The carbon rod 
is effectively insulated from’ the’ bottom of 
the cylinder by means of tar paper washer 
(T.P.W.). The top of the cell is filled up 
with a layer of sawdust (S.D.), followed 
by a layer of sand (S), then by a layer 
of pitch or wax (P) to prevent loss of 
water by evaporation and  short-circuiting 
of the poles. There. is a pinbole in the 
pitch (or wax) through which the gases 
escape. The ZnCl formed by the action 
| of Zn on NH,Cl, absorbs the ' NHs gas. 
^ x The coke or grapbite reduces the internal 
Fig. 9—The Dry Cell. resistance. The #.M.F., of thé cell is. 
about 1'5 volts. On continued use it may polarise, but recovers ita! 
E.M.F. if allowed to remain on open circuit for a, while. 

The dry cells have now-a-days become very important, They are 
indispensable for electric torches, portable testing sets, and for high tension: 
supply of radio sets. 

9. The Standard Cell :—The 
EMF. of the cells described 
above gradually decreases if conti- 
nuous current is drawn from them. 
For accurate scientific purposes it 
is necessary to have a cell of 
constant E.M.F. for comparison. 
Such cells called ‘standard cells, 
are used as standards of E M.F. 
for determining the E.M.F. of 
other cells by comparison; for 
testing p.d.'s between two points in 
an electric circuit, for calibrating Fig. 10—The Cadmium Cell 
ammeters, voltmeters, etc. but they yer) 
are not used for continucus supply of current. The E.M.F. of such a 
cell changes very little with temperature. i 

The Weston Cadmium (normal type) Cell—Since the London 
conference, on electrical Units and standards, of 108, this cell is 
recommended as the concrete standard of E.M.F. for international 
purposes. Such cells manufactured by different firms vary slightly 
in specifications and their general descriptions are about the samo, 
A cell of this type is made in the form of a H-shaped glass tube (Fig. 10): 
with two platinum wires sealed through the bottom terminating ab 
two binding screws. Pure mercury C is placed at the bottom of one- 


Cz 


Zn 


TPRW: 
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‘of the tubes serving as the positive pole. Upon this, there isa paste 
of mercurous sulphate D. At the bottom of the other tube an amalgam 
of mercury and cadmium 4 is placed which forms the negative pole. 
For completing the electric circuit a saturated solution (and so the 
‘cell is called a normal cell) of cadmium sulphate S is then placed in both 
the tubes which reaches a little above the horizontal connecting tube. 
"Orystals of cadmium sulphate B are placed in the solution to keep the 
strength of the solution constant. The EMF. of a typical Weston Cell 
4s 10183 volts at 20°C. The BMF. slightly decreases with rise of 
‘temperature and the following relation is given for calculating the E.M.F. 
ab any other temperature : 

#=1'0183 x 070000406 (¢—20) volts. 


The Latimar-Clarke Cell.—In this cell the arrangement is 
Hg|Hg4S0,: ZnSO,lZn. A pool of mercury at the bottom of the cell 
forms the positive electrode. This is covered with a paste of mercurous 
sulphate jn which the negative electrode, a zinc rod, is supported. To 
ensure saturation, crystals of zinc sulphate cover the paste, The cell thus 
differs in construction from the cadmium cell in the use of pure zinc 
throughout in place of cadmium, It is often shaped like a dry cell. 
At 15°C, its E M.F. is 1483 volts and at any other temperature ¢°C., 
it is 1°433—0'0012 ((—15) volts. Thus the temperature coefficient of 
the e-m.f. of this cell is much greater than that of the cadmium cell. 


Precautions of use of Standard Cells.—(i) No currents should be 
taken from a standard cell, otherwise it will be damaged, and that is 
why a very high resistance is always kept connected in series with 
such cells, 


(i) Care should be taken in moving a standard cell, for the shak- 
ing up of the chemical tends to alter the emf. f 

(ii) A dry place should be selected for the storing of these cells 
“at a fairly uniform temperature of about 15° to 20°C. Temperature 
variations affect the performance of the cells and moisture depositing 
on the insulating material produce leakage current between the 
terminals. 


10. Distinction between Primary Cells and Secondary Cells 
(or Accumulators):—All the voltaic cells considered above are called 
primary cells as they supply the current direct from the energy 
liberated inside them by the chemicals used in the cell. The cells 
have now been largely replaced, except for special purposes, by another 
‘type of cells, called secondary cells, which do not actually generate 
current, but strong current can be obtained from these cells after a 
‚current is previously passed through them for some time from another 
source, The charging current is conyerted into chemical energy within 
‘the cells and this energy is utilised for supplying current afterwards. 
In primary cells, the constituents of the cell require replacement 
because they are gradually used up, but in secondary cells, they need 
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not be replaced when run down ; they require recharging only.. The- 
theory of the secondary cells is described in detail in Chapter VI. 


11. An Electric Circuit :— When the two poles of a cell are 
joined by a metallic wire, an electric current is produced by the cell ;. 
the current passes through the wire and the liquid of the cell ina 
continuous closed path which is called the complete circuit ; the 
portion of the path formed by the wire is called the external circuit, 
and the portion through the liquid of the cell, the internal circuit. 
The current passes from the positive to the negative pole through the 
external circuit and from the negative to the positive pole through the 
internal circuit (vide Fig. 11), : i 

When the two poles are connected by a metallic wire, £e. by a 
conductor, the circuit is : 
said to be ‘closed’ and 
then only a current can 
flow, If the two poles are 
not connected by a wire, NEGATIVER\S POSITIVE: 
i.e, the circuit of the cur- PLATE] Nel UA PLATE 


rent is not complete, no 
current can flow, and the k J B: 
circuit is then said tobe 3 

It is to.be remembered T peal 

| T1 i 

depends on the E M F. ot WENN 
the cell and the resistance 3 : 
of the circuit (Art. 43) is Fig. 11 
the same everywhere in the circuit, both @ternal and internal. 


that the value of the 
eurrent strength, which 


12. Direction of Electric Current (Modern View) :—It has: 
been stated in Art: 8 of Part VI, that the electrons in an atom 
are all in the shell of the atom. The same electrons may not 
always remain confined in the same atoms but  they— specially: 
those near to the outermost boundary of an atom—may become 
easily detached, and wander about in all directions for a while before 
they get attached to other atoms. The substances in which the number 
of wandering electrons is great, conduct electricity well; and because 
the number is great in metals, metals are generally good conductors 
of electricity. Just as tiny particles, suspended in air, can be driven 
onwards by a breeze, so if an electric potential, or electric pressure, 
as it is called, is seb up between any two points of a metal—such as- 
can be done by joining the two ends of it to the two terminals of a 
celi— the wandering electrons will be driven onwards along tbe wire 
from the negative to the positive pole of the cell. This onward: 
motion of the electrons along -a wire from the negative to the positive: 
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pole is, according to the modern electron theory, called an electric 
CUTTENt, 

Tt isto be noted, however, that it is only an accepted mode 
of.speech to say that electricity flows from the positive to the 
negative pole, or from the higher to the lower potential, and it has 
‘become so firmly established that still this mode of describing the above 
phenomena is universally followed. But if an electric current is to 
be regarded as a flow of electrons (i.e. of units ‘of negative electricity), 
‘then it must travel in the direction, opposite to the conventional. current. 


12(a). General Effects of Electric Current :—The effects pro- 
duced. by an electric current can be chiefly divided into three classes : 
(a) Magnetic, (b) Heating, and (c) Chemical. 

(a) -A magnetic field is created in the region surrounding a wire 
carrying a current (vide Ch. II). 

(b) A conductor is heated when a current flows through it (vide Ch. 
V & Ob, VIII). 


(c) A current passing 
through a solution of salt or 
an acid decomposes it, the 
process being known as 
electrolysis (vide Ch. VI). 

13. Allessandro ` Volta 
(1745—1827) :— He “was born 
in a noble family of Como, 
Italy. In 1772 he was called 
to the University of Pavia as 
Professor of Physics. He 
ranks almost with Coulomb for 
his work on the quantitative 
measurements of electrical 
quantities, For a long time he 
was famous for his ‘electrometer’ 
made of two straws until the 
same was superseded by the 
gold-leaf electroscope and latter 
Allessandro Volta by an aluminium electroscope. 


"To make an eleotroscope more sensitive he added a condenser to the 
‘knob of it, the resulting electroscope being now-a-days known as a 
condensing electroscope or Volta’s electroscope, The electrophorus is also 
his invention. But these instruments, though unique by themselves 
showing a mastery in the art of mesurements, were not fundamentally 
new. His chief claim to immortality lies in his discovery of the Contact 
Theory of Potential. Before him people knew that electricity could 
be generated only by frictional methods. That it could be generated 
by chemical means originated from him. The work is of fundamental 
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mature and has opened up huge poissibili&ies by which posterity has been 
‘benefited. His contemporary, Galvani, a Professor of Anatomy in the 
University of Bologna, was carrying on extensive resevrahes at that time 
‘on the ‘Force of Electricity on the Motion of Muscles’. One day he had 
a freshly skinned frog which he hung up by a nerve attached by maans of 
a brass hook toan iron garden fence. He noticed that each time the 
muscle swang and touched the iron-fence, the muscle contracted. Tie 
seat of the driving force he thought was in the animal muscles, and the 
electricity he called animal electricity. It required the genius of Volta 
to point out that the seat of the electro-motive force was the place of 
contact. He next listed the meatllio conductors into a series, kaown 
as the ‘Voltaic series’ in such a way that the electro-motive force pro- 
duced by any pair of conductors together is proportional to their distance 
in the series. His next step of development was that when two dissimilar 
metals were separated by a cloth mositened with acidulated waiter, a 
continuous flow of electricity resulted. In Volta's pile, for wnich he 
is famous to-day the same effect has been multiplied by usiag similar 
pairs in series, one after another. This pile was the predecessor, of 
‘the simple Voltaic cell which he developed later. In a letter addressed 
to the President of the Royal Society, Volta communicated the discovery 
„of his pile in 1400, In the later years of his life he only devoted him elf 
to his family and at one time in 1:04 he wanted to retire fron bis 
professorship in Pavia. Napoleon Bonaparte was then the master of 
his land as victor. He refused to accept Volta’s retirement with the 
words,— I cannot agree to Volta's resignation. If his activities as 
‘professor are too great “a burden, they must be limited. He may be 
given even only one lecture & year, but the university of Pavia would 
bo wounded to the heart if I were to allow so famous a name to be struck 
off the rolls of its members ; furthermore a good general must die uyon 
the field of honour." The practical unit for potential difference—'the 
volt’, has been named after him to commemorate his name. 


Questions 
1. A strip of copper and a strip of zinc are dipped into & vessel containing 
dilute sulphuric acid The strips are attached to the two terminals of a galvano- 
meter, the needle of which is observed to be deflected. This deflectión uecresses 
considerably after the strips have remained for some time In the acid. uy is 
this? What methods have been adopted in practice to avoid this effect 1n v liaie 
cells? Give example. (0. 
2. Explain clearly the phenomenon of polarisation and its causes in simple 
cells, and show how these are removed in various cells. À 
(Pat. 1930, '32, '38 ; of. O. U, 1923 ; All. 1918) 
8, Explain ‘local action’ and ‘polarisation’ and show how they are avoided in 
‘a Daniell cell. (0. U. 1946, 748, 53 ; Dac, 1942 ; cf. Pat. 1942, '48) 
Why ie it necessary, for the good working of the cell, that the copper sulphate 
solution be kept concentrated ? (0. U. 1946) 


16 INTERMEDIATE PHYSICS: 


4. What are the defects of aj Simple Volatic Cell ? Explain how these defects. 
are remedied in a Daniell cell. (Rajputana, 1951 ; Utkal, 1952 ; Dao. 1984) 


5. Describe any two arrangements for maintaining a steady current of electri- 
city in s given wire, Explain the mode of supply of'energy for maintaining it in 
two cases. What becomes of the energy as it continues to flow ? (C. U. 1911; 

[ Hints, —Steady current can be maintained in a circuit containing any of the 
voltaic cells, say a Daniell, or a Bunsen cell The energy is derived from the 
chemical action going on inside the cell, which is dissipated by heating the wire. ] 

6, Explain the meaning of the term, and the cause of, polarisation of & Voltaic 
cell. Give two instances, of the use in cell, of depolariser, one being instance of a 
cell of single electrolyte and other of & cell of two electrolytes, 

(0. U. 1932) 


T. Describe a Daniell cell and explain its action, 
(And. U. 1952; Del. H. S. 1947; M. U, 1953 3 O. U, 1926, 728, '98 ; of, Pat, 
1927, 738) 

8. Describe a Leclanche’ cell and explain its action. Exjlain ‘local action’ and 
“polarisation and show how they are avoided in the above cell ? 


9. What do you understand by polarisation in a Voltaic cell? Describe a 
Leclanche’ cell, What are the means taken to obviate Polarisation in this cell? 
How far is this object attained ? What properties make this cell a suitable one 
for cleotric bell: (0. U. 1924 ; €f. *81; Pat. 1939) 


(Del. U, 1934 ; €, U. 1934 ; G, U. 1949) 
State, in general terms, on what thetelectro.mctive forces of the cell depends, 
(G. U. 1949) 


Il. Describe a Daniell cell. Explain tho uses of its varicus ec myorents, 
What chemical change take. place in a cell when current is taken from it? 


(Dac. 1927,49) 
12. Explain 'polarisation' in Voltaic cells. How are they avcided in a 


Daniell cell ? 2 (0. U, 1951) 
18. Describe the construction of*any simple non-polarieable Voltaic cell 

(Dac, 1981). 

14, Explain the relative advantages and disadvantages of [($ a Leclarche^ 

cell, ($i) a Daniell cell and (iii) a storage cell or accumulator, (Pat. 1987) 


15. Account for the chemical and other changes, if any, which cceur before} 
and after joining the terminals of a double-fluid cell by & wire. What advantage 
has a double-fluid cell over a simple cell ? . (Pat, 1936) 

16, Describe how a dry cell is constructed and explain its action, 

(And. U, 1951, '52 ; cf, G, U, 1951) 

1T. What is a standard cell, and why is it so called ? (€. U, 1986) 


CHAPTER II 
Magnetic Effects of Currents 


14. Oersted's Experiment :—In 1812 Oersted of Copenhagen, 
made the following experiment which established a relationship between 


magnetic and electric phenomena. 
Expt.—lIf a stretched wire AB carrying an electric current is held 


over a pivoted magnetic needle NS 

with the length of the wire parallel 

to the axis of the needle (Fig. 12), 

the needle is deflected and tends A 

to set itself at right angles to the A $ 
length of the wire; but being f 2 
influenced by two forces,—one due 
to the magnetic effect of the electric y 
current, and the other due to the 1 

earth's magnetic field —it takes up Fig. 12 

an intermediate position. It is observed that (i) the direetion of 
deflection of the needle depends upon the direction of the 
current ; (ii) the deflection increases with the strength of the 


current, 


15. Direction of the Magnetic Field:—To determine the 
direction in which a magnetic 
needle will be deflected due to an 
electric current, the following are 
the two governing rules— 


(1) Ampere's Swimming 
Rule. If a man «be imagined to 
be swimming in the current-carry- 
ing wire in the direction of the 
current with his face (im normal 
; position with respect to his body) 

Eus turned towards the needle, then 
the north pole will be deflected towards his left hand (Fig. 18). Evidently 
in that case the south pole of the needle will be deflected towards the 


right hand of the swimming man, 


Thus the dire ticn of the current flowing through a wire can be 
detected by observing the dir: tion of deflection of any pole ci a magnetic 


needle pivoted underneath the wire. 
Vo, II ( EO)—2 
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(2 Maxwell's Cork-serew: Rule.—If a right handed cork-screw 
) ba screwed along the wire so that 
,.. Direction of current tha point of the screw travels im the 
same direction as the current, then 
the direction along which the thumb 


“en a, rotates indicrtes the direction of the 
4, 7^ magnetic lines of force,—ie., the 
KA direction in which the north pole 

i of a magnetic needle will be defleo- 
Fig. 14 ted (Fig. 14). This law. enables 


one to draw the lines of force around a current indicating their 
directione, 

Thus, if a magnetic needle is pivoted between two parallel wires, 
ond above and the other bəlow the needle (vids Fig. 30), carrying 
currents in opposite directions, the current in the wires will tend to 
deflact the nexdle ia the sane direction, je. additive magnetic effects 
will be produced on the needle, and more turns of the wire will obviously 
inorease the effect, just as it is done by increasing the current strength. 
Thus the deflection of the needle depends upon the number of 
turns of wire and the current strength. By using sufficient turns 
of wire, a very weak current can ba male to produce an appreciable 
defl-ction of the needle. This principle is applied ia many galvanomaters 
which are instruments for detecting and measuring small electric 
currents (vide Chapter III). 


16. Magnetic Field due to a Linear Current :—Since a wire 
carrying œ current deflects a magnetic needle, as done by a magnet, 
it indicates that a eurrent also 
has gob a magnetic field near 
it just as a magnet has. This 
magnetic field due to a current 
can be plotted (as done in the 
case of a bar-magnet) by means 
of & compass needle or iron 
filings, 


If a strong current be passed 
through a vertical wire passing 
centrally through a horizontally P 
placed cardboard over which Fig. 15 
iron filings are sprinkled, then on gently tapping the board, it will be 
observed that (a) tha iron filings (and so the lines of force) surrounding the 
straight wire set themselves in concentric circles (not spirals) round thé 
wire as their common centre (Fig. 15) ; (b) the planes of the circles are at 
right angles to the direction of the wire. Hence a magnetic needle placed 
just below horizontal wire carrying & current tends to set itself along the 
lines of force surrounding the wire and so experiences a force at right 
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zangles tothe wire; but, under the action of this force and also the force 
de to the earth, the needle takes up an intermediate position. Now 
Placing a small compass needle on the board near the wire in different 
position: and ma king its ends, the direction of the lines of fore» can 
be determined. Observe that (c) the direction is reversed by reversing the 
direction of the current. On loosiog along the wire carrying current away 
fron the orserver (d) hs positive direction of tha lines of force will appear 
to be cl ckwise (cf. Cork-screw rule). It will also be noted that (e) the 
strength of magnetic field due to tha current increases with the strength 
of the current, and (f) decreases as the distance from the wire increases, 


17. Rotation of Magnet round a Current :—A line of force 
indicates the direction in which a free north pole should move when 
placed in a magnetic field. But as a single pole cannot be practically 
obtained, the above fact c1nnot be demon-trated in practico. Faraday, 
however, devised an apparatus by which the motion of a magnet pole 
rouud a current can be exhibited. 


In the arrangement of his apparatus (Fig. 16), the current produced 
by a battery passes up a vertical 
hollow brass stand A which 
is fitted at the top with a brass 
cap containing mercury. Two 
cylindrical bar-magnets n, s with 
their m-poles downwards are 
fixed to'a brass frame-work 
F and are suspended from a 
beam B by an unspun silk fibre, 
The frame F carries a pointer P 
which dips into mercury con- 
tained in an annular cup C 
which surrounds the magnets. 
As the magnets rotate, the 
pointer also moves providing a 
rotating contact in a circle 
‘touching the surface of mercury 
‘in the annular cup. The current 
passing up the pillar A goes to ` 
‘the pointer P through the frame 
F and thus to the mercury in 
‘the cup. The annular cup C is 


Fig. 16 
connected by means of a brass connector to the negative pole of the 
battery while the positive is connected to the pillar A. 


The magnets rotate on completing the circuit. The direction in 
which the magnets rotate, can be easily traced by the application of 
Maxwell's. Cork-screw rule. On reversing the current, the direction of 


rotation is also reversed. 
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18. Laplace's Theorem :—When a current is passed through a 
conductor, a magnetic field is established. 
This discovery is due to Oersted, as 
already described. Laplace’s theorem gives. 
us a quantitative relation between the 
strength of the current, and the intensity 
of the field, and the law applies to all 
cases of conductors irrespective of their 
shapes. The theorem states that the 
magnetic field F at a point distant r from 
a short segment (ab) of a conductor of 
length J carrying a current C is 


Fig. 17 


(i) directly proportional to the current, ic, Fe ; 
(ii) directly proportional to the length, 1. i.e. Feel ; 


(iii) directly proportional to the sine of the angle (8) between the 
direction of the current and the line joining the point to the middle of 
the element 7, i.e. Fœ sin 60 ( vide Fig. 17) ; 


(iv) inversely proportional to the square of the distance r between. 
the element and the point, i.e. Fo 1/7?. 


In symbols, Fœ gre 


Ts 
o, poEOUmo y dé E AD 


where K is a constant: whose value depends only on the units in 
which the other factors are measured. ; 


19. The C.G.S. Electro-magnetie Unit of Current: The 
definition of the c g.s. absolute electro-magnetic unit (e.m.u.) of current 
is derived from Laplace’s theorem. This unit is so defined that K 
assumes a value equal to unity. The definition is as follows : 


The ¢.g.s. absolute electro-magnetic unit of current is such & 
current which flowing through a conductor 1 cm. long, bent into 
an are of a circle 1 cm. in radius produces at the centre of the 
circle a magnetic field of unit intensity (one dyne). 


[The practical unit for current is the Ampere which is one-tenth 
of one c.g.s. electro-magnetic unit of current ie. 1 ampere = xs e.m.tu. 
of current.) 
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it we apply this definition to Laplace's theorem as expressed by 
equation (1) of Art. 18 we have to put C=1,1=1, r=1, 0—909, and F 
also as unity when we find that K reducesjto unity. 


So, Laplace's theorem can be expressed by, F= Vio ui e MA) 
r 


whére O is in e.m.u. The electro-magnetic unit is so called as it is 
based on the magnetic effect of an electric current. 


Tt should be noted, however, that the law, as stated above, does 
not give the direction of the field. The field is always perpendicular 
to the plans containing the conductor and the line joining the point 
(where the field is to be found) to the conductor. To get the sense 
of the actual direction, either Ampere's Swimming rule or Maxwell’s 
Cork-screw rule may be applied. In Fig. 17, 
field F at P is perpendicular to the plane modi T 
of the paper [ for.the conductor AB, and / 
the line OP joining P to the middle O ji 
of the element AB, are contained by the i 
plane of the paper] and will be directed ( i 
upwards; this may be verified by applying p». 
either of the two rules cited above. 

In Fig. 17(a), a conductor carrying 
current has been shown bent into the form 
of a circular arc having a radius of cur- N 
vature of 1 cm., when a current of 1 c g.s, , 
electro-magnetic unit flowing along 1 om. Fig. 17(a) 
length of the are will produce at the centre of the arc a magnetic field 
of 1 dyne in the direction of the arrow. The difference of Fig. 17(a) 
from Fig. 17 is that in it the valueof 9 is 90°, This figure may be 
remembered for ready reference whenever any confusion regarding the 

_ direction of the field due to a current arises. 


20. Field at the Centre of a Circular Coil carrying a 
Current (C):—This may be derived at once from Laplace's theorem, 
a8 expressed by equation (2) of the foregoing article. If the circular 
coil is of radius r, and has m turns, | (for the whole length)=2anr ; 
moreover here, 9@=90°, for the line joining the centre to any point 
on the circumference of the circular coil is normal to an element of the 
wire at that point. . 

: ped i sin 6. OX9znrXsin 90° _ 9xnC fino e. (3) 


» r y? r 


if r is in centimetres and C-in c.g.s. electro-magnetic units. 


Tf O is in amperes, F nid dynes Ar 2 (4) 


22 INTERMEDIATE PHYSICS 


21. Intensity of Magnetic Field due toa Linear Current :— 
Before passing a current through the wire (Fig. 15), let a small 
magnetic needle, suspended horizontally, swing under the  earth's 
horizontal field H and let the number of oscillations be æ per minute ; 
thea Hxn*, Now passa current up the wice and find the number 
of oscillations m, per minute at a distance d; to the magnetic east of 
the wire. On the east of the wire, the direction of lines of force due 
to tbe current and that due to the earth's field are the same ; hence 
[vide Art 49(1), Part V] the resultant field (Fi--H)*«7,*, where Fa 
is the magnetic field due to the current at a distance dy. Repeat the 
experiment at a distance ds and let mz be the number of oscillations 
per minute, Then the resultant field, (FaH H)e ng”. 


Fictie 


Hence, 7— 3 
a ns'—m 
Tt will be found that (15* —5*) : (n;* —5*)—d. : ds. 
uy Bind, À 
EES AS (1) 


i.e, the intensity of the; magnetic field due to a current varies inversely 
as the distance. 


Note.—(;) Onthe west of the wire, the direction of the lines of 
force due to the current and that due to the earth are opposite, and 
so the resultant field would be (F,— E), assuming F1 to be greater, 
and in that case (Fi—ll)o-m'?, n’ being evidently less than ma. 
Hence counting the number of oscillations of the needle per minute 
on the east and also on the west of the wire keeping it at the same 
distance from the wire in both thé cases, the direction of the lines 
of force duetothe current can be known by knowing the direction 
of tbe lines of force due to the earth's field, which is from geographical 
south to north.” ~ 

(4) It should be remembered that the rule due to Laplace is that 
the intensity of the magnetic field at a point due to the current in a 
very short element of current is inversely proportional to the square 
of the distance from tbat point ; but when this rule is extended to the 
whole circuit, the results are as stated above in eq. (1). This was verified 
by Biot and Savart. 

(it) Again by passing a current of double strength in the wire, 
it will be seen that the intensity at the same point near the wire will 
be twice as great, i.e. Fı/Fa=2 : 1, or the intensity of the magnetic 
field at any point varies directly as the current strength. 


If the intensity of the field F is calculated theoretically, it is found 
to be given by F (dines) - 72, where OC is the current in c.g.s. e.m- 


unit. 
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22. MsguetieField due to a Circular Current :—If a strong 
current be passed through a circular wire, then by observing (Fig. 
18) the effects as before, it w 
may be noted that, (a) near 
the wire, the lines of force B 
are approximately circular, and, 
within the space enclosid by 
the wire,- the limes of force  — 
all travel im the same direc- 
tion; (b) near the centre, the A 
lines of force are apprczi- 
mately parallel so that the 
magnetic field may be taken to 
be uniform for a small space Fig, 18 
round the centre; (c) at the ie; 
centre, the direction of the lines of force iS at right ongle to the plane 
of the coil. The dircticn of the limes cf force com be assigned by 
applying the cork-screw rule. 


From Fig. 18 it is clear that when a face of the coil is beld before 
an observer, the lines of force inside the circular wire will point 
(i) away from the observer, whin the direction of the current ds 
Clockwise, and (ii) towards the observer whn anti-clockwise. 

The magnetic field due to a current 

round the circular loop closely resem- 

bles t! e field due to a magretised diso 

of steel having the tame area as the 

area of the loop and the thickness 

Fig. 19 «qual to the diameter of the wire. 

Also, like the megnetied dise, the 

wire-loop will present opposite polarities in the two faces. Thus, the wire- 

loop with its current will behave like a magnetic shell ; the face in which 

the current seems to passin a clockwise directicn, when held perpen- 

dicularly to the line cf sight, acquires south-polavity and the face 

in which the direction is anti-clockwise acquires north-polarily 
(Fig. 19). : 


93. Ampere’s Theorem :—Thus we have got the following 
important Law stated by Ampere—4 current flowing in a closed circuit 
of any shape behaves exactly like a mognetc shell, the edges of which 
coincide with the wire carrying the current, the moment of the shell 
per unit area (strength of the shell) ting equal to the current 
strength. 

Examples,—i. A compass needle suspended at the centre ef a circular cosl of 
wire with ts axis in the magneisc meridion makes 10 vibratwns per manute in the 
earth's field alone and 16 wabrat&cms per manute when a current passes through the 
coil. Find the magnetic field due to the current am the cuil when the horwsontal 
component of the earth’s field és 0:2 Gauss, 
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Lat H=horizontal component of the earth's field ; F'=field due to the current 
in the coil; m=no. cf vibrations due to the earth’s field alone=10 per minute; 
nı no. of vibrations due to the combined field of the earth and that due to the 
eurrent=16 per minute, : 

Two cases may arise’due to the direction of the current in the coil— > 

(a) When the field due to the current and that due to the earth are in the 
same direction, we have the combined field =(F +H), 


H æn’ , and (F--H)sn,?. s. TIEL 


mise. s. Fa 1'56H=1'56x0'2=0812 Gauss. 


(b) When tha field due to the current and that due to the earth are in opposite 
directions, the combined field will be (F— H), and then we have, 

F-H nm, [109 64, UMS Š 

nE- -(5) map OF 2=89H=89x02 2 F=0712 Gauss. 

3. A current of 1 ampere flows at right angles to the magnetic meridian in a 
circular coil of wire of 10 turns and radius 10 cms. Find the magnitude of the 
magnetic field at the centre of the coil. 

A short magnetic needle suspended at the centre of the coil makes 10 vibrations per 
minute with no current passing. On passing the current àt Swigs through 180° and 
then mrkas 15 vibrations per minute, Explain this, What is the strength of the 
earth's field? É 


9rnC ) 2xI2x10X1 
We oe prin Tipe A b: 203" m SAS 
e have, 7^ Wu from eq. (4) in Art, 20 10x10 


=0°628 Gauss. 


The magnet swings through 180° when the current passes through the coil so 
that the direction of the magnetic field due to the current in the coil must be 
opposite to that of the earth’s field which has turned the magnet through 180°, 

s“. (As in the last example),combined field = F— H. 
go, ZALILO, whence 19H47 4X0'628—3519 ; 
S REO 9S4 j 


«. H=0'193 Gauss, 


24. The Solenoid :—A long insulated wire wound in the form of 
a spiral of several turns (Fig. 20) will form what ig called a solenoid, 


It has been said in Art. 22 that a single turn of wire carrying a 
current behaves like a magnetized diso; so, when a current is passed 
through the solenoid, each turn of the spiral will behave like a mag- 
netic disc, but its polarities are destroyed by the opposite polarities 
of the two neighbouring turns, exoept at the two extreme faces where 
the polarities are exhibited. According to the rule already stated (Art. 
93), the polarities of the face can be determined. The face in which 
the current is seen to flow in the clockwise direction will have south 
polarity and the other face in which the direction is anti-clockwise 
"will have north-polarity. A straight solenoid behaves exactly like a 
bar-magnet, Fig, 21 represents the distribution of lines of force when 
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a current flows through a straight solenoid. It will be seen that the 
-external magnetic field due to the solenoid is very similar to that of a 
bar-magnet. The polarity of the solenoid can be reversed by reversing 
the direction of the current. 


Fig. 20—Floating Battery. Fig. 21~Field due to a straight 
Solenoid 


The action of a solenoid can be experimentally verified by De la 
Rive's Floating Battery (Fig. 20). The two ends of the wire of a 
tolenoid are soldered to a zinc and a copper plate immersed in dilute 
sulphuric acid contained in s test tube which is made to float in water, 
being fixed to a pad of cork or rubber. A simple voltaic cell, thus 
formed, sends a current through the solenoid which, like a floating 
magnet, turns and finally points along the north and south direction of 
the earth The clock-face rule stated above can be verified by testing 
the polarities with another permanent bar-magnet. 


(a) Field inside a solenoid.—The strength of the magnetic field 
inside a solenoid of given shape and size depends upon two factors— 
(i) the number of turns of wire per unit length of the coil, and (ii) the 
strength of the current. 

Moreover, if for the same length of the solenoid the number of 
‘turns is doubled, the resistance of the wire is double and so the current 
strength is halved, and the intensity of the field inside the solenoid, 
therefore, remains unchanged. Hence the field depends upon the 
product of the above two factors, the current C (in amperes) and the 
number of turns n per unit length, or, in other words, the number 
of ampere-turna per unit length. Thus, if F be the intensity of the 
field inside the solenoid, Fen0 ; or, F=an0, where a isa constant. 
the value of which for a long straight cylindrical solenoid is 0'4%, when 
C is in amperes, .. F=0'4an0, The quantity nO is called ampere- 
turns per unit length. 

When Q is expressed in C.G.S. electro-magnetic units, the intensity 
F inside the solenoid is given by F= 4xAC. 
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25. The  Electro-Magnet:— If a rod of soft-iron be placed 
inside a spiral of wire through which a 
current is passed, the rod becomes mag- 
netised with opposite poles at the ends. 
When the current is turned off, the soft- 
iron rod loses its magnetism. When the 
current is reversed, the polarity is 
reversed. Such an arrangement is called 
an electro-magnet. If the iron bar is in 
the form of a horse-shoe, then the: 
arrangement is called a horse-shoe electro- 
magnet (Fig. 22). A very intense field 
is produced between the pole-pieces of a 
horse-shoe magnet, the poles being near: 


Fig. 22 
An Electro-magnet each other, 


The coil of wire must be wound around the two limbs of such a. 
magnet in such a way that, when the magnet is held in front, the 
current would appear to flow in a clockwise direction at one end and 
in an anti-clockwise direction at the other end. To do this, the two 
limbs of the electro-magnet are wound with the wire in opposite 
directions as shown in the figure, and finally the two terminals are 
connected to two binding screws, In this way the action of the 
two straight solenoids, corresponding to the two limbs, as they nre 
found, assist one another by setting up lines of force in the same 
direction through the iron, The strength of an electro-magnet de- 
pends on tha ampere-turns per cm. [vide Art. 94(a)] and the quality 
of the core. Moreover, to make the field intense and localised in a 
small space, the two poles are brought close, and sometimes detach- 
able pole-pieces of soft-iron, varying in shape according to the purpose of 
use, are mounted on the poles. > 

An interesting application of an electro-magnet is in the Electric 
Bell (vide Chapter VIII). Besides this, in induction coils, telephonic 
and telegraphic receivers, loud speakers, cranes, etc., the principle of 
the electro-magnet has important applications, 

(a) Ditferent Uses of Electro-magnets—The electro-magnets 
can be made much more powerful than permanent magnets, and they 
are u:ed for various industrial purposes, such as (a) for lifting heavy 
pieces of iron ; an electro-magnet ean lift even 100 to 200 pounda of 
iron per square inch of its pole-face ; (b) for separating iron from 
mixtures containing non-magnetic substances, e.g. from clay used in 
porcelain manufacture; (c) for any apparatus that behaves as a 
magnet only temporarily and loses magnetism as desired, e.g. in working 
electric bells, relays, eto. ; (2) for producing an intense magnetic field 
such as is required in electric motors and generators. They are also used 
in surgery for removing small pieces of iron from the eye, The electro- 
magnets used for different purpo-e may differ widely in their construo- 
tions and designs, but the principle used in all of them is the same. 


_the pele of the regnet. If the current is ' 
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Another. Use.—Electro-magnets can be used to prepare good! 
permanent magnets. The methods are as follows :— 


(i) Draw each face of a bar of steel several times across one pole of the: 
magnet, the stroking being always in the same direction, Finally touch 
each end of the steel bar with an unlike pole of the electro-magoet, and: 
then slide oif at right angles to the surface where the contact is made. 

(ii) Place the bar across the top touching the two poles of the: 
electro‘magnet and start and s'op the current several times. Switch’ 
ing the current on and off during the process of magnetisation helps: 
to jerk the molecular magnets of the har, but'a few gentle taps, while the 
current is on, will also help the process and increase the strength of the 
new magnet. 


The Difference in Action between an Electro-magnet and a: 
Natural or Artificial Permanent Maguet lies in the following 
respects :—(i) An electro-magnet is more powerful than a natural or: 
an artificial magnet. The action of an electro-magnet increases at. 
first with the strength of the current in the coil surrounding it, but. 
for strong currents the magnetisation reaches a saturation stage: 
(ii) The magnetism in an electro-magnet disappears as soon as the: 
current in the magnetising coil ceases to flow, but in a natural or an: 
artificial magnet the magnetism is more or less permanent. (i) The 
polarity can easily be reserved in an electro-magnet by reversing the. 
direction of the current, but this cannot be easily done in the case of a 
natural or an artificial magnet. y 

26. Action of Magnets on Currents :—We have already- 
considered the action of currents on magnets and observed that e. 
freely suspended magnetic needle brought near 
a current-bearing conductor is deflected. Here 
we shall consider the action of the magnets on 
currents, and the case of the rotation of a current 
round a magnet. The method is due to 
Faraday. 

Expt.—A glass tube is taken which is closed 
at both ends with corks and clamped vertically 
(Fig. £8). Through the lower cork the north 
pole of a bar-magnet projects a short distance 
into the tabe and through the upper one a wire 
is suspended from a hook with the lower end 
dipping in mercury poured into the tube, so 
that the pole projects slightly above the surface 
of mercury. On pasting a strong current down’ 
the wire, the wire will be found to rotate round 


reversed, the direction of rotation of the wire 
is also reversed. 
(a) Fleming's Left-hand Rule.—To deter- 
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'mine the direction of the deflection of a linear current placed at right 
angles to the magnetic field, the following rule due to Prof, Fleming 
is useful— Hold the thumb and the first finger of the left hand 
as fully extended as possible, and bend the second finger at right 
angles to the palm so that the three fingers are mutually at right 
angles to each other. If the first finger points in the direction of tha 
lines of force, and the second finger to that of the current, then the 
thumb will indicate the direction of motion of the conductor (Fig. 24) 


Magnetic Field 
—— 


|e rrent 


Fig. 24—Representation of Fleming’s 
‘Left-hand Rule, Fig. 25 


(b) llustration of Fleming's Rule—Fig. 25 illustrates how 
"Fleming's rule can be verified directly, From a horizontal metallic 
support a conductor AB is suspended at its upper end which terminates 
in a ring at A. The lower end B dips in mercury kept in a trough 
which is placed, as shown in the figure, between the opposite poles of two 
‘bar-magnets DS and ON. As a current is passed between the trough 
and the horizontal wire, through the vertical wire BA, BA moves out 
of the magnetic field in a normal direction. The direction of deflection 
is reversed either on changing the direc- 
tion of the current or of the field, the 
direction being always in accordance with 
Fleming's rule. 


27. The Barlow's wheel :—The 
Barlow's wheel is an instance of rotatory 
motion of a conductor carrying a current 
placed in a magnetic field. 


Ib consists of a star-shaped metal 
wheel, capable of rotating about a 
horizontal axle (Fig. 26). It is so arranged 
that when the wheel rotates, only one 
tooth of it just dips into a groove (at the 
base) containing mercury placed between 
Tig. 26—The Barlow's Wheel. the poles of a strong horse-shoe magnet, 
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the plane of the wheel-disc being at right angles to the field. As one 
tooth just leaves the mercury, the next is about to contact. As soon as 
current is made to pass from the axle to the mercury through a tooth of 
the wheel, the wheel begins to rotate. On reversing the current, the- 
direction of rotation is also reversed. The speed of rotation depends on 
the strength of the field and the strength of the current. The direction: 
of rotation can be determined by Fleming's Left-hand Rule. The expert 
ment embodies the principle of the electric motor [Art. 79]. 


Explanation of the Direction of Motion in terms of Lines of 
Force.—Fig. 27 explains the behaviour of a current-bearing conductor 
placed in a magnetic @) (9) (0) 
field (as in the case umog 
of Barlow's wheel) 
in terms of the pro- 
perties of lines of 
force. Fig. 27(a) re- 
presents the lines of 
force passing from r 
the north to the Fig. 27 
south pole of a magnet, and the circular lines of force in Fig, 97(5) are 
due to an electric current in a linear conductor flowing downwards 
perpendicular to the plane of the paper. Fig. 27(c) represents the: 
resultant effect of placing the conductor in the magnetic field, where it 
may be noticed that on one side of the conductor the two sets of lines of 
force, one set due to the current [Fig. 27(b)] and the other due to the 
magnet [Fig. 27(a)] when superposed, are in the same direction (upper 
half) and repel each other ; while on the other side (lower half) they are: 
in opposite directions and cancel each other, The resultant effect 
of mutual repulsion is the movement of the conductor in the direction. 
indicated. 


=- 


— 
——= 
(a) (6) "ei [2m 
Attraction Attraction Attraction ^ 


Dee | 
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Repulstan Repulsion Repulstom’ + 
Fig. 28 


28. Action of Currents on Currents :—It has been found that 
a magnetic field is always present round a eurrent-bearing. conductor... 
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If a second current-bearing conductor be brought within the field 
due to the former, there will be attraction or repulsion between them 
according to the following laws— 

(1) Laws of Parallel Currents.—Two parallel currents flowing 
in the same direction attract each other [Fig. 2c(a)] and flowing in 
opposite direction repel each other [Fig. 8(d)]. 

Suppose in two parallel wires, A and B, suspended vertically, 
currents are flowing downward; then, the direction of the lines of 
magnetic force in each wire will be as that shown in Fig. 29(a). It will 
be noticed that the direction of the lines of force due to one of them, 
anywhere between the wires (as at C) will be opposite to that due to the 
other, So if one of the wires is placed within the field of the other, then 
they will attract each other. If the current flows in opposite directions 
as shown in Fig.29(b), the directions of the lines of force meeting at a 
point C between the wires will be the same,and so they will be repelling 


Fig. 29 
each other, This also follows from Fleming’s Left-hand Rule. Consider- 
‘ing one of the wires A (Fig. 29) 
‘to be fixed, and the other B free to 
move, the direction of the magnetic 
‘lines of force at any point B due to 
‘thecurrent in A is perpendicular 
both to A and to the linejoining the 
point to the wire A at right angles. 
Now applying Fleming’s rule it will 
‘be found that B will tend to move 
towards A. If the current is rever- 
sed, A and B will repel each other. 


(2) Laws ef Oblique Current.— 
Two obliqua currents attract each 
other when they proceed from [Fig. 23 
(b), or to [Fig. 28(c)], their apparent 
point of vntersection, and repel each 

„other if one flows from, and theother Fig. 80—Roget’s Vibrating 
towards, the point [Fig. 2b(e) & (/)]. Spiral. 


ZL 
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28(a). Roget's Vibrating Spiral :—By this experiment the 
attraction of parallel currents flowing in the same direction can be 
verified. It is a close sprial wire which hangs vertically carrying a 
small metal weight L at the lower end just dipping in a mercury cup 
placed below [Fiz. 30]. The upper end of the spring is attached at the 
top of a stand. When a current is sent through the coil, adjicent 
turns carrying currents in the same direction attract each otner (like 
parallel currents) and so the small weight is lifted ont of mercury. 
This breaks the current. As soon as the current stops, the attractive 
force is removed and the spiral drops bask in mercury by its own 
weight. This re-starts the current and the former process is repeated 
every time 

29. Andre’ Marie Ampere (1775-1836):—He was born in 
Lyons in France. We owe to him the science of electro-dynamics. 
t.e. the science of moving electricity, and the equivalence of current 
electricity aad magnetism. Though Galvani and Volta Opened up 
® new road to the production j 
of electric currents, and Ovrsted’s 
experiment showed the magnetic 
effect of moving electricity, it 
was Ampere who clearly estab- 
lished what we. call electric 
currents to-day by precisely 
stating the nature of their mag- 
netic effects. It is he who defined 
the direction of the current as 
the -direction in which we 
imagine the positive electricity 
to move. This - conventional 
direction has been still retained, 
thouzh according to the modern 
electronic theory the direction 
of the current should be just 
the oppo-ite. The Swimming 
Rule, formulated by him and 
named after him states clearly 
the nature of the magnetic field Andre’ Marie Ampere 
set up by the conventional current. He for the first time used the 
word ‘galvanometer’ and ‘current measurer’, He further discovered 
that parallel currents in the same direction attract one another, and 
those in the opposite directions repel one another. He also experi- 
mented with currents flowing through wires bent into circular forms 
and named them solenoids. The discovery of the action of currents 
on currents led him to a peculiar conception of magnetism. He re. 
garded a magnetised rod as equivalent to a coil carrying a current, 
This oppened up the way to constructing strong electro-magnets with. 
oub which modern  eleoiro-technios would be unthinkable, The 


32 INTERMEDIATE PHYSICS 


Ampere-current-balance, an instrument for measuring current 
depending on the action of currents on currents, bears his name, He 
invented also the astatic needles. 

In honour of him, the practical unit for current has been name 
an Ampere. 


Questions j 


1. You have access to the terminal wires of a hidden battery, How can you 
find out which wire is connected to the positive pole of the battery ? 
+ (Pat. 1937} 


2. How would you demonstrate the magnetic action of electric current ? 
(Dac. 1940) 
8, What is an electric cirouit? Describe two methods by which you could 
detect the existence, and determine the direction, of an electric current flowing 
in a circuit. (0. U. 1914 ; cf. 1946) 
4, A current passing through a long wireis so weak that, when the wire is 
stretched over and parallel to a suspended magnetic needle, the needle is not 
perceptibly affected. Desoribe and explain an arrangement which would enable 
you to obtain a movement of the needle by the action of the current, 
*(0, U. 1928) 


[Hints.—The wire should be coiled several times round the needle and the 
plane of the coil should be set in the magnetic meridian. If there are n turns of 
the coil, the magnetic effect produced on the needle would be n times as that due 
to a single turn. ] 

5. A strong electric current is passing through a long wire stretched vertically. 
State clearly how you would detect the direction of the current from its effects by 
(1) a magnetic needle, (2) the rate of vibration of the magnetic needle, and (3) 
a flexible wire carrying a current. (Pat. 1998 ; Utkal, 1951) 

6. Describe the magnetic field in the neighbourhood of æ long straight con- 
ductor carrying & current and show how you would verify your description. 


What experiment would you arrange to find out how the conduetor carrying 
an electric current tends to move in a magnetic field ? (Pat. 1932) 

7. Asmall magnetic needle is suspended on a vertical pivot. How would it 
place itself and why ? 

A wire carrying a current is held horizontally (a) alon b ; 1 
to the magnetic needle above its centre. Explain the akost eee Bagiecteriy 

The current is (a) increased in intensity ; (b) reversed in direction. What 
will be the effects? Why? (0. U, 1919) 

[Hints —Vide Arts. 14, 16 and 21. (b) If the current flows from west to east, 
the direction of the magnetic lines of force due to the current is the same as that 
due to the earth’s field. Hence the needle is unaffected ; but if the direction of 
the eurrent is opposite. the needle will turn round, when the field due to the 
current is stronger. 

The intensity of the magnetic field increases by increasing the current st th 
and so the needle is deflected more, Reversing the direction of the SERRE 
needle is deflected on the other side of the meridian,] d 
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8. Give an idea of the megretic field due to a straight current. From the 
observation ‘hat two parallel currents sttvact each ctber, deduce a geners] rule 
for the action of the magnetic field on a cor ductor carrying a current. (Pat, 1927) 


[Vide Arts. 16, 26 and 28; Fl ming’s Left-hand Rule.] 


9. Find an expression for t! e magnetic field at the centre of the circular coil 
carrying a current and hence derive the furmula for a tangent galvanometer. 

. (A. B, 1952) 

10. A current is flowing in a straight wire four meters long. You sre given 

& magnelis-d steel needle about 1 cm. long suspended by mesns of a sik fibre. 

How would you prove experimentally that thertrength cf the magnetic field due 

to the current falls off as the distance fiom the wire increases 


11. Describe experiments to show that à circuit cerrying a current behaves 
likea magnet. Under what circumstances wil two neighbouring circuits repel 
each other? Why? 3 

12. Describa the construction of an electro-magnet. 

(O. U. 1912, '15, "18, 91, 26, 39, 45 ; Utkal, 1047 ; cf. Pat. 1949) 

How does it differ in construction and action from (a) a natural magnet ;' (b) 
&n artificial magnet ? (O. U. 1918) 


18. Describe an arrangement for producing cortinvous rotsticn of a wire 
carrying a current when placed in a magnetic field. How is the direction o! the 
current related to the field ? (0. U. 1917, 19) 


14. Describe an experiment to show that a mechanical force acts on a current- 
carrying conduot«r situated in a magnitic field. Show how this force is made 
use of in a direct current motor. (0. U. 1949) 

(vide also Chapter VILI). 


15, Explain the action of Barlow's Wheel or any srrargement for producing 
continuous rotation by electr'cs] means. 
(0. U. 1912, 118, 722, 26, '20 ; Pat 1947 ; cf. R. U, 1950) 
16. Describe Barlow’s Wheel snd explain how it can be used to demonstrate 
the principle of working of an electric motor and à dynamo, On wl at factors 
does the speed of rotation of the wheel depend ? (Pat. 1944) 
[ vide also the article on Dynamo, Chapter VIII]. 


17. Describe experiments which illustjate the action between two currents, 


and that (f a maguet o3 a current. (0. U. 1912, 716, 17, 729) 
18. Describe and explain the principle of action of the Roget’s Vibrating 
Spiral, (Pat. 1947) 
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CHAPTER III: 
Galvenometers 


90. Galvanoscope and Galvanometer :—These instruments have 
been named after Luigi Galvani of Italy (Arb. 41). Both of them are 
current-iadicating iastruments operating with only a small current. 
They are not calibrated instruments, i.e. their indications do not give 
the value of a test current directly. Tho only difference between these 
two varieties of iastruments is that while the former is at best a rough 
tool for detection of a current the latter can, however, be used for 
measuring the current. 


The action between the field of a permanent magnet and that of 
the test current passing through a coil is commonly utilised in these 
instruments to produce a rotational deflection in one of the two 
interacting systems and the observed deflection is used to determine the 
fest current. 

(a) Galvanoscope.—A simple form of galvanoscope consists of 
a freely-suspended or pivoted magnetic needle surrounded by a coil 
of & few turns of wire, the Plane of which should be in the magnetic 
meridian ( Fig..31). As soon as current passes through the coil, the 

needle is deflected, (vide Art. 14) and 
tends to set itself at right angles to the 


plan of the meridian, as the lines of forca 

one of the magnetic field due to the coilare 
s perpendicular to the plane of the coil ; 
but at the same time the needle is also 


influenced by the earth's magnetic field, 

AGJ [8 whien tries to pull the needle back into 

Figs 81 the magnetic meridian, $e. the action of 

8: the earth on the needle is opposite to 

i that of the current. By applying 

Ampere’s rule it will be evident that currents in the wires of the coil 

both above and below the needle, which are in Opposite directions will 

produce deflection of the needle in the same direction, i.e. additive 

magnetic effects will be produced on the needle. The deflection of the 

needle is due to. the resultant of these to forces—the force due to the 

earth's magnetic field, known ag the controlling force, and that 
due to the magnetic field of the coil, known as the deflecting force. 


The magnetic field due to the coil depends upon the current strength, 
and the number of turns of the coil, as each turn is effective in producing 
à magnetic field (vide Art. 14). So in this Way even weak currents can be 
detected by increasing the number of turas of wire surrounding the needle. 


(b) Galvanometer —A common galvanometer may be either of the 
following two types—(i) suspended-needle type (or moving magnet 
typ-)—in which the coil is fixed and the magnetio needle ig movable, 
viz. astatic galvanometer, tangent galvanometer, sine galyanometer, eto. 
(ii) suspende. -coil type (or Moving-coil type) in which the coil 
moves and the magnet is fixed. 
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91. Astatic Pair of Needles : Astatic Galvanometer :—: 

(a) Astatie Pair of Needles, —If two magnets are so chosen 
that their resultant moment is zero, the pair will remain at rest, when 
suspended in any manner in 
a uniform field. Such a pair 
of magnets is said to be an 
"'astatic" pair. It is practi- 
cally obtained by taking two 
magnets NS and N'S' of 
‘equal length, and of almost 
equal pole strength, and 
placed parallel to each other 
with the opposite poles 
towards the same end, the 
two being rigidly fixed together in a frame (Fig. 32). 

An astatic pair, free to rotate horizontally, would come to rest in any 
direction (nos necessarily in the magnetic meridian ) In practice 
however, it is not possible to secure two needles of exictly the same 
strength, and so the combination behaves as.a weak magnet on whioh the 
earth's turning effect is very small. . 

«If m and m’, which are nearly equal, are the pole strengths of the 
magnets of an astatic pair, the force due to the earth’s field acting on 
one of the magnets is mH, and that on the other m’H. So the resultant 
controlling force acting on the pair is (mH—m/H). 

(b) Astatic Galvanometer.—This 
consists of an astatic pair of needles, i.e.. 
a combination of two needles of equal 
length and strength, rigidly fixed paral- 
lel, with their opposite poles adjacent 
and suspended by means of a single silk 
fibre (Fig. 82). The lower needle of 
the pair moves freely within a coil 
ABCD of many turns of wire wound 
on & wooden frame, and the upper one 
lies above the upper layer of the coil. 
An aluminium pointer, attached at right 
angles to the pair, moves freely 
over a graduated circle to indicate the 
deflection. The deflection may be 
measured, with greater accuracy, by a 
spot of light which is thrown from a 
lamp on the mirror M attached on the 
suspension fibre and received on a 
distant translucent scale after reflsction 
(vide Art. 38). Two unlike poles of the 
Fig. 33—Astatio magnetic needles being adjacent to each 
Galvanometer, other, the turning effect of the earth's 


Fig. 32—Astatio Pair of Needles, 
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magnetism on one is almost cancelled by an almost equal effect in the 
opposite direction on the other. Thus the controlling (ie. opposing) 
force due to the earth’s magnetic field is very small, and so the deflection 
of the pair is larger for a very weak current. The only controlling 
force in this case is the torsion of the silk fibre, 


To use the instrument (depicted in Fig. 33), it is first levelled 
by means of the levelling screws with which the instrument is 
- provided and is so placed that the 
coil is parallel to the length of the 
magnet pair: 

The strength of the current is. 
proportional to the angle of  deflec- 
tion as long as it is small (not greater 
than 10° to 15°). 


32. The Tangent Galvanome- 
ter:—The Tangent Galvanometer is 
a moving magnet, fixed-coil type, of 
galvanometer. This consists of s 
circular coil F of several turns of 
insulated copper wire mounted ver- 
tically on a wooden board G provided 
with levelling sorews (Fig. 84). The 
frame containing the circular coil 
can revolve about the vertical axis 
over a circular scale Sy on the wooden 
board at the base, and any rotation. 


Fig 84—A Combined Form of given to the coilcan be measured in 
‘Tangent and Sine Galvano- this scale by means of a light pointer 
meters P attached to the frame and rota- 


table with it. At the centre of the 
coil a horizontal circular scale S, ( graduated in four quadrants reading: 
0° to 90°, 90° to 0°, etc. successively) is fixed, and a small magnetic needle 
M is suspended or pivoted at the centre. The needle is provided with 
a long pointer A made of aluminium wire attached at right angles. 
to its length, which moves oyer the graduated scale with the movement 
of the needle., 


The needle and the scale are enclosed in a flat casing B. provided 
with a glass top. There is a strip of circular mirror at the base of 
the casing and in it the reflection of the pointer is observed to avoid 
parallax error in readirg the deflection of the needle on the graduated 
scale. In some instruments, instead of one coil, two or more coils of 
wire having different diameters and turns, and each having separate: 
binding screws E, are set up in the frame and any, or all of them at a 
time, may be used according to necessity. 
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Theory and Use.—({i) All permanent magnets or magnetic subs- 
ances in the neighbourhood are removed as they will affect the 
position of the needle. (ii) The ins- 
trument is levelled so that the 
needle moves freely and rests exactly 
“over the centre of the scale. (zit) 
The coil is then rotated until it 
is in the magnetic meridian 4e. 
parallel to the needle, so that the 
coil and the needle are in the same 
vertical plane. The pointer carried 
by the needle should now point to 
‘tthe zero on the scale; if not, the 
circular scale which is rotatable 
is turned till the zero of the scale mH 
comes against the pointer, Now, . 
when the current passes through Fig, 85 
the coil, the needle NS is deflected through an angle 0 (Fig, 85). 
If F be the intensity of the magnetic field at the centre of the coil 
‘due to the current and m the pole strength of the magnet, the forces 
acting on each of the poles will be mF’ dynes, which will form a couple. 
Another pair of forces each equal to mH dynes due to earth's field, 
will act on the poles of the needle and tend to bring the needle back 
to the meridian, Due to the opposing action of these two couples, 
the needle will finally come to rest making an angle @ with the 
magnetic meridian. At this position the moments of the couples balance 
each other (read Art. 44 with ‘note’ Part V), whence, 


F=H tan 6 ose oss 0 1) 


or the tangent of the angle of deflection is proportional to the deflec- 
ting force F, since H is constant for the given place. This is known 
as the Tangent law. , 


If the number of turns used—7; the mean radius of the coil=r 
ems. ; and current strength=C ine.m. units; we have from eq. (3), 


Art. 20, the magnetic field at the centre, F= Sent. 


Hence from eq. (1), à " =H tan 6; 
H H one 
= tan g=— “ie 
or, e JE an 6 tan 6 (2) 


where G.—?zn/r, which is constant for the same galvanometer and is 
called the Galvanometer Constant. 
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Again, for the same place, H is constant. So, fora particular place, 
the quantity H/G is a constant for the same galvanometer. 


Putting H/G=E, we get C (in E.M U.)=K tan 9, where K is called 
the Reduction factor of the galvanometer. It is the factor by which 
the tangent of the angle of deflection must be multiplied to give 
the value of the current strength in e.m. units, 


It should be noted that the galvanometer constant is the rame for 
any particular instrument, whereas its reduction factor varies from place 
to place as the value of H varies. ` 


In the above equations, the value of C is expressed in C G.S. electro- 
magnetic units ; but if ¿ bethe number expressing the strength of the 
current in amperes, then since 1 ampere is equal to Yo C.G.S. unit of 


current, i= 100 ; or, te ; 


or, 4 (amperes)=10 (A/G) tan 0—10 K tan 9. 


This instrument is called the Tangent Galvanometer as it obeys 
the tangent law, that is, the tangent of the angle of deflection produced 
by the current is proportional to the current passing round the coil. 
Thus, if a current produces a deflection of 20°, then the deflection when 

_ the current is doubled, will not be 40°, but an angle the value of whose 
tangent is twice the value of tan £0°. In order that the tangent law may 
be followed, the field due to the current in the coil should be uniform 
in the region in which the needle moves. As the magnetic field due to 
the current is fairly uniform Only over a small region round the centre in 
the horizontal plane (vide Fig. 18 and read Art, 22), the needel of the 
galvsnometer should be very short, so that the whole of it may move 
in a uniform field and the relation given in eq. (1) or (2) may hold 

good, 


The following important points sbould be borne in mind regard- 
ing the uses and adjustments of a tangent galvanometer— 


(1) Tt should be noted that the galvanometer needle will not at all 
be deflected, if the plane of the coil is at right angles to the plane of the 
magnetic meridian. 


(2) Any current from zero to infinity can be measured with a 
tangent galvanometer, but when using a tangent galvanometer, it 
should be so arranged that the deflection is as near 46° as possible— 
at least it should be between 35? and 60° so that any error made in 
reading the angle may introduce only the minimum eror in the value 
of the current. 


(8) The reason for placing the plane of the coil in the magnetic 
meridian is that the suspended magnet ray experience the greatest 
couple turning it out of the meridian, while the horizontal component. 
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of the earth's field H tends to keep it in the meridian, and this is exactly 
the condition of the tangent law (vide eq. 1, Art. 82). 


(4) Though, just when the current is allowed to flow in the coil 
the deflection may go beyond 90? due to inertia, there car not be a 
permanent deflection of 90° in a tangent galvanometer owing to the 
opposing effect of the controlling field due to the earth's magnetism. 


(5) Note that the tangent galyanometer is essentially a magneto- 
meter (vide Art. 55, Part V) in which the magnetic field F is due to 
a current flowing in a circular coil, the plane of which is in the magnetic 
meridian. A magnetometer is used for the mesrurement of a magnetic 
field, and a tangent galvanometer is used for the measurement of a 
current, 


(6) From eq. 8 (vide Art. 20) it is clear that the intensity of the 
magnetic field, due to the current, produced at the centre of a tangent 
galvancmeter (a) varies directly as the number of turns (n), and 
(b) inversely as the radius (r) of the coil. To make the arrargement 
sensitive, the coil should be of small radius and comprise many turns. 


(7) Readings should always ke taken vertically from above the 
pointer, i.e, when the pointer is just above its own image in tbe mirror 
in order that any error due to parallax may be removed. 


(8) If the needle is suspended, then it shculd be examined whether 
tke needle truly lies in the magnetic meridian or not. If not, there is 
torsion in the suspension fibre, which must also be avoided, 


(9) In working out the theory of the instrument, the magnetic 
needle bas been assumed to move in a uniform field. In onder that 
this condition may be at least roughly fulfilled, the needle should be 
as short as possible, because for only a small region near the centre of the 
coil, the field is uniform. 


(10) For a small deflection near zero, the tangent galyanometer 
is most sensitive, but it is accurate near about 45°. 


33. Sensitiveness of the Tangent Galvanometer :—The sensi- 
tiveness may be defined as the amount of deflection. for a given 
current. With a weak current if the deflection prcduced is large 
the galvanometer is sensitive. So it is clear that the sersitiveness of 
the tangent galyanometer will increase if (j) m is increased, and (ii) r 
and H are decreased (vide eq. v, Art. 82). But it should be noted 
that by increasing m the resistance is also increased snd so the 
strength of the current is diminished. Hence n cannot be increased 
indefinitely. Again r cannot be decreased below a certain value as 
the needle has got some definite Jength. So the only other suitable 
alternative is to decrease the controlling field H by any antificial 
means. This can be done by fixing a bar-magnet horizontally & bove 
the galvanometer needle and adjusting its distance (and so the mag- 
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netic field due to it) such that it opposes the horizontal field due to 
the eth. Ib thus produces a resultant field whish is weaker than the 
earth's fisld and the value of te controlling field being thus reduced, 
the gilvanometer givas a greater deflaction for a given current. 

Examples. 1. A current of 10 amoeres produces a deflection of 45° in a tangent 
galvinom ier. What 4s the vilue of the current which will produce a deflection of 
30° in the same galvanometer $ (C. U 1938) 


Ans. A currentof 10 amperes produces a deflection of 45°, So from the 
relatioa, curreat C=10K tan 0, we have 10=10K tan 45°=10K ;0or, K=1. 
+, The current (in amperes) required to produce a deflection of 30° will be 
given by, 
C=10K tan 80°=10x1x1/.J3=5'77 amperes. 


9. .A current és sent through two targent galvanometers in series. The radius 
of the coil of one of these «s three times that of the other and they have the same 
number of (urns, If the deflection in the latter case be 60° what 4s the deflection in 
the former ? (C. U. 1940) 


Ans. Let r, and rs be the radii of the coils of the 1st and 2nd galvanometers 
respectively, aud so r; —3r,. 
Beoiuse the galvanometers are joined in series, the current is the same in each 
of them, and the number of turns n being the same. 
ge Hrs tan 0, Hr, tan fy, 
2an Qn” 
s. ora ban 0, rs tan 6,5 but r,=8r, and 0,—60* ; ,", 3r, tan 0, =r, tan 60* ; 
or, Sten 0,=,/8; or, tan e J. S. 0,= 80°, 
94. The Sine Galvanometer :—This galvanoveter is similar to 
the tangent galvanometer with this special feature that the coil F of 
T the galvanometer oan be rotated round 
E ^ the central verticai axis, and that a 
i horizontal circular scale S, [Fig. 35(a)] is 
f provided on the base-board G to read 
: accurately the amount of rotation. A 
i pointer P rigidly attiched to the frame of 
the coil enables the amount of rotation 
to be determined from the base scale. 
Theory and Use.— As in the case of the 
tangent galvanometer, the plane of the 
coil of a sine galvanomoter is first placed 
in the magnetic meridian, but when, 
after passing the current, the needls 
NS is deflected, the coil is rotated until 
the needle lies again in the plane of the 


i coil ke an angle, say, 6 with the 
Au meridian [shown by the dotted line ms 
Tue ora) [Fig. 35(a)). The deflecting forco mF 


is ab right angles to the coil where F is the field at the needle due 
to fhe current, and because in this position the needle is in the plane 
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of the coil, mF is perpendicular to the axis of the needle. We have, 
the amount of the deflecting force—the moment of the controlling force 
at this position of the needle. The controlling field is due to the earth's 
horizontal component and is equal to mH acting parallel to the meridian. 
That is, mfx NS=mHXSP, where SP is the perpendicular dis- 
tance between the two controlling forces, mH, acting at the two ends 


of the needle j or, F=H SE, ie, F=H sin 0. But po TP = 77 sin 9, 
Theret Sou y D MT E ^ 
erefore, we get, C T sin 6 d sin 0— K sin 9. 


If C is in amps. C— 10 K sin 9. 


Advantages over a Tangent Galvanometer.— 


l) A current O, which gives a deflection of 45° in a tangent 
galvanometer, gives a deflection of 90° in the same instrument when 
used as a sine galvanometer. For, let K be the reduction factor of the 
galvanometer, and 6; and 04 be the deflections for the tangent and the 
sine galvanometers respectively then O =K tan 04— K sin 65. 

Now, if 01 —45?, we have, K tan 45?— K sin 05 ; 

or, 1=sin 65; 002 997; 

Therefore, the sine galvanometers are more sensitive, and so for 
feeble currents, sine galvanometers are more suitable than the tangent 
galvanometers, but for heavy currents, tangent galvanometers should be 
used. 

(ii) Since the needle is in the plane of the coil at the starb, as also 
finally, the suspending fibre is always untwisted, so there is no error due 
to torsion in the sine galvanometer. 

(iii) In a sine galvanometer, the coil and the needle are always 
brought to the same relative positions and so the field of the coil in 
which the needle lies is always the same. So, for comparative measure- 
ments, that is when two currents are to be compared, the coil may be 
of any shape and the needle may be long, 


The Disadvantages of a Sine Galvanometer.— 


(i) A. preliminary adjustment should be made before every 
reading, and (ii) heavy currents cannot be measured by i, $e. currents 
greater than H/G (for which 6=90°) cannot be measured by a sine 
galvanometer, 

35. Stewart and Gee Tangent Galvanometer t—This consists 
of a circular coil of wire on the axis of which a, deflection magnetometer 
is placed, which can be slided along the axis. The coil is adjusted in the 
magnetic meridian and the magnetometer is placed in the tangent-A 
position, When a current passes through the coil, a magnetic field is 
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produced in a direction, perpendicular to the plane of the coil. The 


Fig. 36 


magnetometer is slided to the east or west, at a distance, say c om! and 
the deflection 0 of the magnetometer needle is noted, 

Theory :—OConsider the field at P due to an element dl of 
the circle carrying current ias shown in Fig. 37, the plane of 


the circle being 


Fig. 87 


to the plane of the paper. 

So the line r is perp. to dl. 

The field ab P due to dl 
idl sin 90* 

ri 

and is given by PB which is 
at right angles to the plane 
containing d] and r, So PB 
is in the plane of the paper. 
Now resolve PB into two 
components PD and PO per- 
pendicular and parallel respec- 
tively to the axis PO of the 
circle, If we consider now 
an equal element di’ of current: 
at the other end of the same 


carrying current j— 


diameter on which dl lies, it will produce, similarly as above, a field 
PB’ which will be equal in magnitude to PB and equally inclined 
to the axis PO but on the opposite side of PB. Its perpendicular 
component PD’ will be equal and opposite to PD and the other: 
component PO’ will be equal to but in the same direction as PC. 
So for the two equal elements di and dl’ at the Opposite ends of a 
diameter of the circle, the two perp. components PD and PD’ will cancel 
each other's effect and the resultant field produced by the two elements 
di and di’ will be=2* PO=2PB sin 0, 


2 idl 


_é dl sin 90° idl 


sin 0, since PB — — — —'E—. 


7 T 
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To obtain the field at P for the complete circle we have to add 
up such expressions for the values of di extending over a semi-circle. 
Now dl for a semi-circle—za, where a= radius of the circle, So the 
net field at P (directed along PC) 


den "m LH 
m m? Wem 1-5 fence a Bib. a as] 
9na*i 
ME M BY Lis ji E AL) 
la? +g?) 


If the current is due to » turns of a circular coil, each carrying 
a current iin the same direction, 4 in equation (1) isto be replaced 
by ni, so 1 
Ima ni 
F= a uL 
(a? +z’) 
Now, if the compass-needle is placed at P and the plane of the coil 
isin the magnetic meridian, then 


F-—H tan 0; where H=the horizontal component of the earth's. 
magnetic field, 


ae 
Ima ni ,— H tan 6, 
(+e) 

5 
pa Cial i 


AGE H tan 6. 


or, 


For a constant currenti flowing through the coil, 


-3 

(a? -F e?) ?« tan 0. Y 

Tt is evident from the graph 
(Fig. 88), plotted with z and 
tan 0 along the œ- and y-axis 


o 
respectively, that tbe field at s 
the centre of the coil and upto M 
' & certain distance along the g- 
axis is uniform. So the LIEU Sa NOU RETE 
intensity of the magentic field reed = Ws 
at P is same as that experienced Fig. 88 


by the magentic needle at P. 

But the needle has some dimension however, small it may be. So the: 
magentic field is not uniform over the whole length of the needle, This. 
is the main disadvantage of this galvanometer, which is removed in a. 
double coil galvanometer. 
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36. Helnrholtz double coil Tangent Galvanometer :—This 
galvanometer consists of two identical circular coils ( N,M, and NM; ) 
placed vertically on a common axis separated by a distance equal to the 
radius of either coil ( Fig. 39). The deflecting needle M is placed 


horizontally ( suspended or pivoted ) on 


the common: axis just midway 


between the two coils, The current flows in the same sense in both the 


Fig. 39 


"the mid-plane of the coil. 


The rate of change of the field 


coils. In other respects the 
description is the same as in the 
case of the ordinary tangent 
galvanometer and the procedure 
to be adopted for using it is also - 
exactly the same. 

The above arrangement of 
the two coils and the deflecting 
needle . ensures a sensibly 
uniform field in which the 
needle moves when the test 
current traverses the two coils, 
This can be shown as follows. 

The field F at a point on 
the axis of a circular coil of n 
turns is given by, 


1 27n4*i 
pots o 
(a* +a?) T" (1) 


where a=radius of coil, and 
w=distance of the point from 


strength with distance is given 


2 
"by A Ifthis rate is constant in a region, then af there, must be 


aro. To ascertain such a region, if there be any, we have 


ar 


ito evaluate >-;, equate the same to zero, and solve for c. 


dz*' 


That is, for that region, -— 
Bb is, for region. dii 


a 9-na*i 


d? 2 2 weet E 2: 3 
or, aa Tc ] =0, 2z5a*i being a constant. 


Now, 2 Ta?) ** — — 3z(a? +a"), and Zi- Sz(a* -2*):**] 


= — 8[(a* +g") *^* — &z* (a* 9) "91. 
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Pattingthen, 3 — [(a*--2*) *—52%(a? +2") *]=0, 


PE S 
we have, (a* +g?) *—5z?(a* +g" t or, a? -z* — bg? ; 


a 


or, g=- oe 


2 


E OTT UE 


Thus at the point where s=5 the field changes at a uniform or 


constant rate. 


In Fig. 40, AB and CD show respectively how the magnetic 
field within the space between the two coils due to the current in 
the two coils NyMy and NMa falls 


off as distance from 
increases. Either curve 


either œil 
shows a 


straight portion about the position O 
(which is preceded by a concavity 
downwards and followed by 2s con- 
cavity upwards) which is midway 
between the two coils, the distanae of 
O from either coil being equal to half 
the radius of either coil. Asa result, 
since the current is arranged to flow 
in the same sense in both the coils, 
tbe diminution of field due to one 
coil about O is made up by an 


Fig. 40 


equal increase of the field there due to other coil. So over 
a wide region surrounding the point O, the resultant field atsu- 


mes a sensibly uniform distribution, 
as has been shown by the curve 
EF (obtained by adding t! e ordinates 
of the two component curve:), Fig, 41 
shows the nature of the resulting 
field in terms of lines of force. 

The combined field strength F 
at the point O where the deflecting 
needle is placed may, therefore, 
be obtained by putting w=a/2 in 
equation (1) above remembering 
at the same time that the resultant 
field is contributed by two identical 
coils carrying the same current ¢ 
whose fields are added up. 


a; 39 : 
dini 2 os deu (3) 
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It then H is the horizontal comronent of the earth's field at the 
place of observation, and 6=deflection of the needle at the equili- 


brium condition, we have fus 0, as in the tangent galvanometer. 


That is ———. “=H tan 05 or, i= MUS aH. 0 s+ (4) 
t a 32 an 
Comparing eqn. (4) with that for a single coil galvanometer, 


namely <= 22 tan 0, we find that the reduction factor 
2an 


IZA : 2 
iia of the Helmholtz galvanometer is smaller by a factor 2n V 
Zan 
than that of the ordinary tangent galvanometar, So the Helmholtz gal- 
vanometer is more sensitive than the ordinary tangent gilvanometer, 


87. Lamp and Scale Arrangement :—This is an arrangement 
for measuring accurately the angle of deflection of a galvanometer 
needle or coil in place of the pointer ordinarily used for the same 
purpose. In this method a beam of light is obtained froma lamp L 
enclosed in a metal case provided with a fine ‘slit and an adjustable 
tube in which à convex lens is fitted (Fig. 4). The beam 
of light passing through the lens is directed upon the mirror M, 
usually concave, attached 
with the suspending fibre 
of the galvanometer, -and 
is reflected back upon & 
translucent soale placed 
at some distance from 
the mirror; Deflections 
are observed by  focuss- 
ing the image of the slit 
on the graduated soale 


BS j the 
Fig, 42—Lamp and Seale arrangement, lens. by adjusting 


It should be observed that, if the suspending fibre rotates through 
an angle 0, the mirror is rotated throuzh the same angle, bit the 
reflected spot of light rotates through an angle 29 (vide Art. 32, Part IV). 

If D be the perpendicular distance of the scale from the mirror 
and d the distance through which the image is shifted, we have, 

tan 26=d/D. 
Since 26 is usually very small, tan 26=26 ; 
<. 20—d/D; or, @=d/2D. 


Thus 6 «d ; or, the deflection is proportional to the shift of the image 
on the scale. $ 
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38. The Suspended (or Moving) Coil Galyanometer :— 


The suspended coil type galvanometer is a delicate instrument 
far superior in sensitiveness to a suspended or pivoted magnet 
Salvanometer as a current indicating 1 

device. Though often it is used in 
deflectional methods, its principal appli- 
cation is as an indicator of zero current 
in potentiometrio and bridge measure- 
ments. For the fulfilment of such 
Purposes a  galvanometer besides being 
Sensitive, must have a stable Zero, & 
short periodic time and nearly critical 
damping, which means that the move- 
ment should come to rest quickly at the 
same definite position always. Robustness 
and portability though desirable, may 
not be obtainable in the more sensitive 
instruments, 

Description—It essentially consists 
of a rectangular (or circular) coil B of Fig. 48—Suspended 
insulated fine copper wire of many turns Ooil Galvanometer 
suspended between the poles of a perma- 
nent horse-shoe type magnet whose pole faces (N and S) are shaped 
concave (or circular) so as to leave a cylindrical (or spherical) nir-gap 
in between (Fig. 43). There is often a fad cylindrical (or 
spherical) iron core Æ inside the coil, the sides S of the coil wires 
being situated in the two air-gaps (which are narrow) between this 
core and the permanent magnet. This core concentrates the lines 
of force of the magnet on to the ooil and due to the shape of 
the pole-faces a radial field (Fig. 44) is produced in the gaps, 
The advantage of such a field 
is that the plane (a d) of the 
coil, suspended vertically in 
it, is always parallel to the 
same field in all its positions 
of rotational deflection and the 
magnetic field always cuts the 
vertical sides of the coil at right 

es. The coil is suspended by means of a single thin and narrow 
Ens order bronze* A which issoldered to one end of the coil 
and it serves as one lead to the coil and finally connects to one terminal 


Fig. 44 


* Phosphor bronee is the best material for use as & control spring, because it 
does not easily break, or oxidise, but can be twisted easily. It is non-m»gnetio, 
has low resistances, and is ahove all oom paratively free from fotrgue Due to thig 
last property a stable zero forthe movewent is obtained with eontrols made of 


this material. 
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of the instrument. The other end of the coil is soldered to one end 
of a loosely coiled spiral (CD), also of phosphor bronze, ultimately 
leadirg to the other terminal of the instrument. The suspension string 
and the spring provide the controlling torque when the ccil rotates 
under the action of the deflecitng torque. The suspension carries 9 
small mirror M upon which a beam of light is cast through a glass 
window in an outer brass case in which the instrument is enclosed. 
The beam of light is reflected on to a translucent scale—graduated in 
milimetres—placed usually at a distance o! one metre from the mirror— 
upon which the deflection is measured. A torsion head is provided 
for the adjustment of the coil position and the zero-setting of the 
reflected beam on the scale, To prevent any damage to the suspension, 
usually there is an arrester (or clam;) for holding the suspension when 
the galvanometer is not in use. In some galyanometers the whole 
optical system is self-contained. 


For caving time while using the galvanometer, it is necessary to 
provide for the damping of the movement, In practice, it is simply 
done by winding the coil on a light metal former. A torque 
produced due to the permanent magnet field and currents which are 
induced in the metal former when it cuts the magnetic field while 
rotating opposes the deflectional motion proportionally to the motion 
and provides the damjing. The damping obviously- is zero 
when the deflection is steady. Damping may also be alternatively 
provided by winding the coil on a non-conducting former and connecting 
a rosistanca across the galvanometer terminals. The damping is then 
dependent on the value of this resistance by adjusting which the damping 
may be made near critical, 


Adjustments.—Ib is first levelled so that the coil hangs freely 
without touching either the pole pieces or the soft-iron core. Before 
sending current through the coil, the torsion head supporting the 
suspension fibre, placed at the top of the galvanometer casing, is. 
carefully turned in the proper direction until the spot of light 
reflected from the mirror M (Fig. 43) is received on the zero mark 
of the scale. 


Action.—When the current is passed through the coil, the coil 
experiences a couple due to the interaction of tbe field get up by it 
and tle permanent field due to tbe magnet. This is the deflecting 
couple ; under its action tbe coil is urged so as to set itself at right 
angles to the magnetic field. Actually, however, it takes up an inter- 
mediate «quilibrium position owing to the controlling couple, set 
up by the torsion of the phorpl Or-bronze strip, which opposes the 
first couple. The controlling couple is projortional to the angle of 
deflection of tke coil, which is indicated by the movement of the 
spot of light received on the scale, When equilibrium is established, 
the deflection is proportional to the current in the coil, That is, 
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If C be the strength of the current and d the deflection on the soale, 
Cd. 


Theory.—Let C=strength of the current, H=field strength in 
the space occupied by the coil, J=length of the vertical side of the 
coil, b— breadth of the coil (a d, in Fig. 44). Then the forces experienced 
by each vertical side of the coil at right angles to the plane of coil=nCHl, 
where n=number of turns in the coil. 


*. The total moment of the deflecting coil about the suspension 
fibre=nCH1xb. If r=moment per unit twist of the suspension 
fibre, which is constant for phosphor-bronze for small angles of twist, 
the controlling couple for a twist 6—-.0. In the position of steady 
defleotion 0, ACHIX b=7.9. i 


is, = T xpo. Aj 2j 
That is, C dues uu? (1) 


where A=area of the coil; then, Ce, since 7, n, H, A are all cong- 
tants. Buto e d (vide Art. 83), .. Qaeged oe ic COE 


Remarks.—This form of galvanometer was invented by D' Arsonval, 
and so a moving coil galvanometer is often referred to as D' Arsonval 
galvanometer. 


In the recent types of galvanometers, the permanent magnet is 
made almost completely cylindrical, two poles of which are brought 
very near each other leaving only a very narrow cylindrical gap in 
which the coil rotates. In this type, no iron core is necessary to 
make the field radial. The coilis often put inside a thin silver tube, 
which, when rotating develops induced currents whose action opposes 
the action of the main current (vide Chap. VII) and thus the coil is 
brought to rest quickly. 


D' Arsonval galvanometers are very sensitive, and the current 
measured by these galvanometers should be very small, being of the order 
of 107° amp. or less ; such galvanometers are damaged, if heavier currents 
are passed through them. 


Sensitiveness of D’ Arsonval Galvanometers.—From equation 
(1) above, it is evident that 6 will be large for a small current O, it 
7/nHA is small, Thus the condition for such a galvanometer to be 
sensitive is that r/nHA must be as small as possible, i.e., 7 small, while 
^», Hand A large, Aand n cannot be increased indefinitely without 
increasing the mass (and so the inertia) of the coil, the size of the 
galvanometer and its resistance. So, in practice, H is sought to be 
increased as much as possible. For phosphor-bronze, r is small but 
the tensile strength is large, and that is one of the reasons why it is. 
used for suspension work almost universally, 
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Difterert types of Suspended coil Galvanometer.— 


"The requirements to be fulilled by a galvanometer are different 
"n different types of measurements, For example, when a stordy 
‘deflection, or a steady null is required, the desirable characteristics of 
tthe galvanometer will be different from when the galvanoneter will 
be used to indicate a sudden transient charge passing through if, In 
the former type of meisurements what is required is a dead beat type 
of galvanometer whereas for the latter type of measurement a galvano- 
meter called the ballistic type galvanometer is to bə used, 


‘Daad Beal’ Galvanometer.—Ina ‘dead beat’ (otherwise called 
aperiodic) galvanometer the  moviog system comes biok from its 
deflectad position to its zaro position very quickly with vary few 
oscillations on withdrawal of the current, Ib takes up its stealy 
deflacted position also very quickly without much oscillation ahount 
ib when subjected to a steady currant. Such a moving system is 
known as a near critically damped system. This is realised in 
practisa, as describad already, by wiading tha coil ona light metal 
former or enclosing it in a silver tube. When the coil moves, eddy 
currants indueed in the csadactiag frame reach with the pər- 
manent magnetic field opposing the motioa of the coil and damps the 
movement, 


Ballistic Galvanometer (Moving coil type)—This: galvano- 
meter, as stated already, is used to moasure a quantity of small charge 
which pases when a current pisse3 through the coil fora shor& tims, 
such as the discharge of a condanser, or an ioduced courrant. The 
requirement here, in the first plice, will therefore be that the tine 
period of the moving system must be large comoared to the duration 
of the discharga so that the impulse due tə the whole transient 
charge may ba received by it when it is practically ab rest. Secondly, 

G all sortsof damping of the 
movement must be reduced 
to & minimum ; for, in this 

Ti case we require not the stedy 

B deflection of he coil, but the 

$ maximum throw of the coil 

L which will bə reduced if 

R oe is present. The 

2 electro-magnetic damping is 

Fig. 45 reduced by winding the coil 

on anon-magnetio frame such as wood, ebonite or bamboo frame, 

and the damping due to air resistance is calculated out by 

LA several successive amplitudes of the oscillation of 
the coil, 


[It the sams galvanomoter is used both as a dead-beat and a ballistic galvano- 
meter, as is usual, the winding of the ovil is done on a non-conducting frame and 
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‘the arrangement shown in Fig. 45 is used. Here T,, T, and T, are binding 
terminal, R an auxiliary resistance usad for damping, G the galv coil and G 
@ metallic link for connecting T, and T,. When the link L is connected to T 
tha galv, becomes aperiodic or dead-beat because of the current induced in the 
closed circuit of G «nd R while the coil moves and produces a torque in opposition 
to the deflection. Tf the damping is not sufficient, the galvanometer coil should be 
short-circuited externally by connecting its terminals to the binding posts of & 
*apping key and pressing the key when the deflection passes through the sero 
ofthe scale. The current inducel will damp the galvanometer quickly. The 
tapping key is to be kapt open when the current is passed and the steady 
deflection is then observed. ] 


High aud Low Resistance Galvanometers.—In comparing 
galvanometers, often the criterion looked after is its fisure of mori, 
By the Figure of Merit of a galvanometer is meant the current in 
amperes through the galvanometer which will produce a deflection 
of one millimetre on a scale placed parallel to the plane of the 
galvanometer coil at a distance of ons metre. For a suspended coil 
galvanometer, the figure of merit depends [vide equation (1), Art. 39] 
upon the number of turns, area of the coil, strength of the magnetic 
field and the couple per unit twist of the suspension. Here two 
types of sensitivities, current sensitivity and voltage sensitivity 
are distinguished. Other factors remaining the same, they depend 
upon the resistance of the galvanometer. In a hizh resistanos galv. 
the galvanometer coil has large number of turns of wire, and as such 
a large deflection 6 will be obtained even with a minute current C 
[vide eqn. 1, Art. 39]. Thus a high resistance galv. (several hundred 
ohms) will be current sensitive, Such  galvanometers are used for 
measuring weak currents and at comparatively large potential differences, 
‘On the other hand, in a. low resistance galv. (which means that 
the coil has only few turns of wire), a small p.d. will cause a relatively 
larger current to flow through it and the deflection will be larger. 
So a low resistance (a few ohms only) galv. is voltage sensitive, 
Such galvanometers are required for measuring thermo-eleotric e.m f s. or 
for use in low resistance potentiometer circuits in null point methods, 


40, Comparison of the Two types of Galvanometers :— 


Moving-Magnet Type. 
(1) Here the controlling field 
jis the earth's field, which is not 
very strong; so it is affected by 


the presencs of any external 
magnetic field, 
(2) Every time, when using 


the instrument, the coil must be 
placed in the magnetic meridian, 


Moving-Coil Type 


(1) Dae to the strong field of 
the permanent magnet the instru- 
ment is not affected by external 
magnetic fields (including the 
earth's fisld) which are usually small, 

(2) The — galvanometer may 
face in any direotion, as the con- 
trolling force is the torsion of 
the phosphor-bronze strip and nof 
the earth's field. 
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Moving-Magnet Type Moving-Coil Type 
(3) The suspended ^ needle (8) There is some arrange- 
takes a long time to come to rest. ment within the galvanometer for 


stopping the oscillations of the 


coil or the same can be done by 
an external damping key. 


(4) A current smaller than (4) A current even as small 
1075 amp. cannot be measured as 10^? amp. can be measured 
with it. with it. 


(5) The constant H/G of the (5) The constant of the gal- 
galvanometer changes from place vanometer is independent of any 
to place of the earth's surface. change of place. 


The only disadvantage of a moving-coil galvanometer is that 
the current cannot be calculated from the dimensions of the instru- 
ment as in the case of the tangent galvanometer. But this disadvan- 
tage is only a minor consideration ; so many instruments which are 
used to measure currents are of the moving-coil type. This type 
of galvanometer cannot be used to measure strong currents directly 
as (+) the instrument being sensitive will give a deflection too large 
to give accurate results, and (ii) it may be spoiled. In that case it is 
used along with a shunt (vide Art. 55). 


41. Luigi Galvani (1737—1798) :—He was born in Bologna, a 
. place in North Italy. He was a Professor of anatomy at the Uni- 
versity of Bologna, and later a Professor of Obstetrics. He became 
attracted to study the contraction 
of living muscles produced by 
electric shacks—a phenomenon 
known since the time of 
Guericke and Leibniz. In 1791 
he published an Essay on the 
Force of Electricity in the 
Motion of Muscles. It contains. 
a very famous observation 
which is the starting point of a 
very important later discovery 
—the discovery of the Voltaic: 
Cell, made by Volta, a contem- 
porary. One day he had hung 
up a freshly skinned frog. The 
nerve of the animal was at- 
tached by means of a brass 
hook to an iron garden-fence. 
He noticed that each time the 
muscle swung and touched the 


Luigi Galvani 
c jron-fence, the muscle contrac- 


ted. The seat of the driving force, he thought, was in the 
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animal matter, and so he called the driving cause animal electricity. 
His idea was as if the nerve and the muscle together acted like a 
Leyden Jar able to charge itself and which was discharged when the 
two were electrically connected as the muscle touched the iron-fenca, 
Hiis main discovery lay in the fact that the amount of the contractions 
depended on the choice of the two metals, which must touch one 
another at one end, the other ends connecting the nerve and the 
muscle respectively. It remained for the genius of Volta to point 
out that the seat of the electromotive force was not the animal 
muscle, but the place of contact between the two dissimilar metals. 
Pursuing this theory Volta eventually discovered his famous Pile 
and finally, the simple cell—a source of electromotive force obtained 
by chemical means. 


The closing years of his life were greatly disturted by political 
events. Napoleon Bonaparte captured North Italy and founded the 
Cisalpine Republic to which Bologna belonged. Galvani refused to take 
the oath of allegiance to the new Order and was therefore removed from 
office. His friends succeeded in bringing about his re-appointment, but 
he died before taking it up. Ampere first used the word galvanometer as 
current measurer as & mark of respect to the memory of Galvani. The 
word has stayed. 


Questions 


1. Describe the construction and action of a simple galvanometer. 
(0, U. 1929) 
2, What is meant by an astatio system of two needles? What is its useful- 
mess? Explain the principle of the astatic galvanometer, 
(O. U. 1921; Bom. 1931; Pat. 1928; All. 1929) 
3, Describe and explain the action of a simple form of tangent galvanometer, 
(O. U. 1913, '22, 24, '31, 39, '52; Dac, 1932, 94; Pat, 1918 ; 729, 746) 
Why must the needle be very‘small ? (Pat, 1941; All, 1929; O. U. 1940) 
4, What is meant by ‘Reduction Factor’ of a tangent galvanometer ? 
(0. U. 1941 ; All. 1944) 


Explei hat is "meant~by (a) the galvanometer constant, (b) the reduction 
cs aW A (Pat. 1946 ; Œ.: U. 1949) 


4. (a) Assiming Laplace's Law for the magnetic field due to an electric our- 
rent, give the full theory of the tangent galvanometer and obtain an expression 
for its reduction factor in practical units, (M. B. 1952) 

5. Calculate the'streng&h of the magnotic field at the centre of a coil of single 
turn and of 34 cms. radius, if this gives deflection of 45° with a ourrent of 8 
amperes, (Pat. 1918) 
[Ans : 015,0.G.8. unit nearly ] 
6. The coil of a'tangent galvanometer is 10 oms. in radius. How many turns 
.of wire must be wound on it, if a current of 0'01 ampere is to produce a deflection 
of 45°? H=0'18 C.G.S. unit. 

[Ans. : 287 approx. ] 
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7. Define vnit current-and establish the working formula of a tangent galvano- 
meter, What modifications would you require to be introduced in a tangent 
galvancmeter ip order to convert it into a sine galvyanometer ? Which of the two 
will be more suitable for measuring (a) heavy currents, and (b) feeble currents ? 

(Pat. 1995,'20 ; cf. C. U. 1981, *44) 

Compare the merits and demerits of these two types of galvancmeters. 

(Pat, 1980) 


8. Describe a tangent galvanometer and deduce its.equation, What happens 
(a) if the plane of the coilis not in the msgnetic meridian, (b) if the plane of 
the coil is not vertical. and (c) ifthe magnetic necdle is nct small? (C. U. 1959) 


9, What isa tangent galvanometer and why is it so called? Show how the 
apparatus is used to obtain the absolute yslue cf an electric current. 
[vide Chapter VIJ- (Pat. 1912; cf. All. 19:9; R. U. 1950) 


10. A tangent galvanometer gives a deflection of 20° for a current of 001 amp, 
in England, but only a deflection of 12° for the same current in Ceylon. How 
do you account for it ? 


11. A tangent gelvanometer is found to give a deflection of 15^ when a current 
of 0'5 amp. is flowing through it, What is-the current flowing when the galvano- 
meter readirg is 20* ? 

[Ans.: 0:679 amp.] 


12. Describe the tangent galvanometer. When a battery of 10 ohms resistance 
is connected in series with a gelvanometer of10C* turns and of 40 ohms resistance, 
the deflection is 45°. What would be the deflection, if only 50 turns of the 
galv»nometer were connected in series with the battery ? (0. v. 1939) 

[Ans.: 39° 487] 


18, A tangent galvanometer shows a deflection of 45° when connected to a. 
battery through a resistance of £41 ohms. When the resistance is altered to 985 
obms, the deflection is only £0°. Find the:resistance cf the battery and the: 
galvanometer taken together (tan 20°=0'864). (Pat. 1949) 

[Ans,: 97 58 ohms. ] 


14. Describe a tangent galvanometer and explain how you would use it to 
measure an electric current. Deduce the necessary formula, 

(All. 1946 ; cf, Pat. 1949) 

, How will the deflection be affected, if (a) tbe pole-strength of the magnet is. 

increased, (b) the gslvanometer is carried frcm latna to London, the current 


Passed thrcugh the galvanometer in each case being the same ? (Pat. 1944) 
[vide also Art. 51 (note) Part v] 


15. Describe a simple form of tangent galvenometer. Why must the coil be. 
placed with its plane in the magnetic meridian ? 


._ A current is sent through two tangent galvanometers in series. The deflection 

is seen to be the fame in both the galvancneters. Ccmpare tbe radii of the coils. 

if the number of turns is 110 in the first coil and 25 in the second. (C. U. 1947). 
láns. ; 92: 5] 


16, Describe a suspended-coil type of gelvancmeter and explain its action, 
(C. U.19.2; All 1912,'92; Dac. 1981) 
What are the special’ merits of this type ? (All. 1932 ; R. U. 1952) 
17, Describe with a sectional diagram. and index of parts, a galvanometer of- 
the moving-coil type, and give the theory of the instrument. 


How would you determine the constant of the instrument ? (G, U. 3950). 
On what factors will its sensitiveness depend ? (R. U. 1948} 


CHAPTER IV 


Ohm's Law : Resistance 


42, Connection between Static and Current Electricity :— 
Electric charges tend to flow from one point to another when a yotentia® 
diference exits tetween the two joints. When such charges flow, wi 
say that a current of electricity, or simply an electric-current, ie 
produced, For steady current to be preduced, the flow of charges musl 
take plece contipvously st a uniform rate. In tbe light of the above 
ideas we should now examine if there are any differences between the 
two cases, (j) when two charged koóies, or a charged body and an 
uncharged body, are connected to each otber by a conductor producing 
an electric current through it, ard (ii) when a current is produced 
through a conductor by connecting it between the terminals of a 

Voltaic cell. 

When the two coatings of a charged Leyden Jar are connected by 
a discharging pair of tongs, electricity flows from one ccating to the other 
through the tongs. Similarly, if at the time of working a Wimsburst 
Machine, the two knobs of the sjark gap are joined by a metallic wire, 
electricity instead of passing in syarks, passes from one krob to the otber 
along the wire. Exactly the same thing happens when the two terminals 
of a cell are joined by a metallic wire. The difference between the two 
cases lies only in the magnitude of the effect, the character being the 
same. Another difference is that the flow of electricity produced by 
discbarging a Leyden Jar, or by connecting the two knobs of a Wim- 
shurst Machine, lasts only for a short time, while, in tbe case of a cell, 
the current lasts for long. The flow of electricity produced by the 
electric machine can be comjared to a mountain torrent falling from a 
great height and making a ood deal of noise and disturbance with but a 
small quantity of weter, while the electric flow produced by a battery of 
cells is hke a broad river flowing slowly and steadily with a difference 
of level of a few feet only per mile, 

To sum up, in the case of the discharge of a Leyden Jar or any such 
electric discharge, the electric flow is momentary andthe quantity of 
electricity small, but the potential difference (P.D,) is bigh ; while in 
the cace of the Voltaic battery, the electric flow is continuous ard the 

quantity of electricity is large, but the P.D, is small. 

[The yoles of a Voltaic cell or even of a battery of a few accumulators, 
may be touched by the two hands without taking any precautions against 
having avy shocks or the connecting wires may be touched without 
aflecting the current passing in the circuit, as the leakage of current 
through the body in this case is very small. This is because the P.D. is 
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very small. But in the case of a charged electrophorus or other statically 
charged bodies such as the Wimshurst Machine, etic. enough precautions 
have to be taken to avoid touching them by which there will be imme- 
diate leakage of all charges through the human body, the P.D. being very 
great even though the human body bas a moderately high resistance. 
There will be real danger when both the P.D. and the quantity of eleotri- 
city are great. It is not safe to have the discharge from a Wimshurst 
Machine through the human body. The following facts may well be 
remembered in this connection. The maximum potential difference 
between the terminals of a Leclanché cell is about 1'5 volts, while a glass 
rod by rubbing with silk may be raised to some thousands of volts. The 
smallest potential difference necessary to affect a gold-leaf electroscope 
is about 100 yolts. To make a spark pass in air between two metal balls 
each of 1 cm. diameter, the surfaces of the balls being 1 om. apasi a P.D. 
of nearly 27,000 volts is necessary, ] 

Thus, except i in the numerical values of the quantities involved, there 
is no difference in any other respect between the currents produced by 
statical sources or sources of Voltaic electricity. A few experiments 
described below also establish this unique nature of electric currents, 
whatever may be the sources from which they are produced. 


Magnetic effect—We know that a steel knitting needle placed 
inside a coil of insulated copper wire is magnetised when & current is 
passed through the coil. 


The needle is also found to be magnetised if, instead of passing a 
d from battery, a discharge from a Leyden Jar is passed through 
the co; 

Heating Effect. —By connecting two insulated metal spheres by 
a fine copper wire, the wire may be turned red hot when a discharge 
from a Leyden Jar is passed through the wire, and, by passing a heavy 
discharge, the wire may be even volatilised. 

The same effect is observed when a current is passed from a 
battery, 

Lighting Effect.—Everyone is familiar with the lighting effect of 
current electricity in glow lamps. 

In -statical electricity, the same effect may be observed everytime 
when a spark passes during the discharge of a Leyden Jar or a Wimshurst 
Machine, 

“Chemical Effect—If a piece of paper soaked in a solution of 
Irem iodide and starch is placed in contact with the two poles of a 
battery, iodine is liberated at the positive terminal due to which the 
spot round the positive terminal is turned blue. 

Similar effect oan be obtained by placing a piece of thin paper in the 
path of the discharge from a Leyden Jar. 


Pole-finding Paper.—A piece of white blotting paper is soaked 


ge en 
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in iodide-starch solution and allowed to dry. This is a pole-finding 
paper and is used (after wetting it) to find the pole of a battery, as 
explained above. For pole-finding, the following method may also 
be adopted. 

Take two lengths of an insulated wire and connect one fo each 
terminal of the battery. Now hold the free ends of these wires abouti 
half an inch apart and in contact with a strip of red litmus paper, which 
has been wetted and laid ona sheet of glass. The paper in contact with 
the negative end is turned blue, 

. 43. Ohm's Law :—Dr. G: S. Ohm, a German Professor of Phy- 
sies at Munich, established in 1826 the exact relationship between 
the current flowing in a conductor and the potential diferenca to which 
it is due. In the whole range of Physics it is perhaps the simplest, but 
the most fundamental of all laws. The law is known as Ohm's law and 
may be stated as follows $ 

“For a conductor at a constant temperature, the current is 
directly proportional to the potential difference at its ends,” 

If H=potential difference, and G=current, we have then, He C, 


or, ana constant, R. This constant for a conductor is called its 


resistance. When for a conductor this constant is large, the current 
that can be produced in the conductor for a given potential difference 
between its ends in small. That is, its nature is to oppose the flow 
of electricity through the conductor. This is why it is termed the 
resistance of the conductor. For a conductor, its resistance depends 
on the nature of its material, its geometrical dimensions, and 


temperature. 


In practice, Ohm's law is expressed in a ma&hemationl form as ond. 


where the letters have notations already stated. 
potential difference 
resistance 


or, potential difference current X resistance. 

The reciprocal of resistance, i.e. 1/R, is called the conductance of 
a conductor. The conductance of a rod 1 om. long and 1 sq. om. in 
cross-section is termed the conductivity of the material of the rod. 

44. Resistance:—As discussed in Article 42, it is clear that 
the potential differences obtained by voltaic batteries are much smaller 
than those obtained by electro-statical methods, the latter being 
generally very high. Tho rate of flow of electricity through any 
substance depends directly on the difference of potential, (or electric- 
pressure) as pointed out in Ohm's law. For this reason, a good con- 
ductor in electro-statical experiments may nol appear to be so in 


In words, current= 
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current electricity. In electro-statios, it has been found that metals, 
wood, buman body, all appear to be equally good conductors ; there 
an iron and a copper ball of the same size and similarly charged wil! 
behave exactly in the same way; but in current electricity an iron 
wire and a copper wire of equal length and cross-section will nob 
conduct electric current equally through them, the resistance offered 
by each of them being different. This shows that the resistance of 
a wire depends upon the nature of the material. The resistances of 
two wires of the same metal and the same cross-section, but of different 
lengths, will be different, the longer one baving a greater resistarce. 
Again, two wires of the same metal, having the same length, but of 
different cross-sections, will have different resistance, the resistance 
of the finer one being greater, The resistance of a conductor depends 
also on its temperature. For further discussion on the effect of tem- 
perature see Article 49(1), 


Specific Resistence.—It R be 
the resistance of a wire of length 7 
and cross-section S at a given tem- 


perature, then, R « 1, el (0) 
again, Rel, ME 
*—l cm» S 


r! Regio B-pi PC 


where p is a constant depending 
on the nature of the material of 


reac the wire and its temperature, This 
-—l cn P is called the Specific-resistance 

(or Resistivity) of the substance ; 

Fig. 46 when 7=1 and S-1, R=~. Bo, 


the specific resistance of a substance ai a given temperature 
is defined as the electrical resistance between the opposite faces of am. 
one-centimetre cube of the substance (vide Fig. 46). 


Note that conductivity is the reciprocal of resistivity. 


[For specific resistance of different substances, see Physical 
Tables (6)]. 


Law of Resistance— 


Tbus in the case of a conductor, the resistance depends on 
(a) the material; a copper wire has less resistance than an iron wire ; 
(b) the length of the wire ; if the length is double, the resistance is also 
doubled, 4e. the resistance of a conductor is directly proportional to 
its length ; (c) the cross-section ; if the area of cross-section be twice, 
the resistance becomes one-half, $.e. the resistance varies inversely as the 


OHM'S LAW t RESISTANCE - BA 


cross-section ; (d) the temperature ; the hotter a metal wire, the greater 
will be its resistance. \ 


Note.—Here we find that the resistance of a wire of given length. 
depends upon its cross-section, and not upon its circumference; so a 
hollow wire will not conduct electricity so well as a solid wire of the 
same exterral diameter, Thus the rule, observed in statical electricity, 
that electric charge resides on the external surface of a conductor does 
not hold good for current electricity. 


45. The Electromotive Force of a Cell :—The purpose of a cell 
is to supply electrical energy necessary for the work when a charge 
passes through a conductor connecting its terminals. 


The Electromotive Force (E M.F.) of a cell in volts is defined 
as the number of joules of eaergy supplied for one coulomb of 
electricity to pass round a complete circuit including the cell. 
In the next article it will be shown that it may be measured as the 
potential difference between the terminals of the cell when it is on open. 
circuit, i.e. when giving no current. When a cell gives current, the P.D, 
‘between its terminals is less than the E.M.F. of the cell, owing to ite 
internal resistance. 


(a) Obm’s Law applies to a complete closed circuit contain- 
ing a Cell.—It follows from the law of conservation of energy. Let. 


Fig. 47 represent a cell of E.M.F. E volts 
sending a current of C amps. through an 
external resistance R ohms, the internal 
resistance of the cell being r ohms. For each 
coulomb of electricity flowing round the 
circuit, the cell provides E joules of energy, 
of which V joules, suppose, is expended in 
sending it through R, and v joules through r, 
whence H=V+v from the law of conser- 
vation of energy. Applying Obm's law to E 
and the cell separately, V— OR, and v=0r ; 


Fig. 47 


or, H=OR+Cr=C(R+7), i.e. O (current) — E 
Hr 
E.M.F. in the circuit This is Ohm's law. 


Total resistance of the circuit 

(b) Again H=V+Or ; or, V=H—Cr. 

That is, (i the P.D. V between the terminals of the cell, wher 
it is giving current C, is less than the E.M.F. E of the cell by an amount: 
Or, where r is the internal resistance of the cell. 

(ii) When the cell is on open circuit, i.e. it is nob giving current, 
i.e. 0—0, we have V=Z ; in other words, the P.D. between the poles. 
gives the measure of the E.M.F. of the cell when on open cirouit. 
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46. Units for Electrical quantities :— 


Quantity of charge.—The C.G.S. electro-magnetic unit (E.M.U.). 
quantity of electricity is that which is conveyed by one og.s. unit of 
current in unit time. 

The practical unit for quantity of electricity is the Coulomb,* which 
is the quantity conveyed by 1 ampere in 1 second. 

[Ampere is the practical unit of current. 1 Ampere=25 C.G.S. 
electro-magnetic unit (vide Art, 19).] 


or, Quantity (in coulombs)=Current (in amperes)Xtime (in 
seconds) 

1 coulomb= y C.G.S. electro-magnetic unnit of quantity. 

“Quantity of Electricity” in the Two Systems of Units— 


1 electro-magnetic unit — 3 x 10*? electro-static units (#.S.U.). 
1 coulomb=y'5 E.M.U. Hence 1 coulomb=8 x 10? (Z..S.U.). 


Illustration— 


The charge of an electron 4°77 X 107 *° E,S.U. 

=(4°77X 10°29) -+(8 x 10°2°)=1'59x 10739. 7.0.0. 

=(1'59 x 10° *°)+3,=1'59 x 1071? coulomb. 

Current Strength.—I; is the quantity of etectricity flowing through 
a conductor im one second, ie, it is the rate of flow of electricity 

4n a conductor. If O denotes the current strength, and Q the quantity 
of electricity passing in ¢ seconds, C =Q/t, and Q=Ct. In an electric 
circuit, viz. the entire closed path through which a current flows, 
the strength of the current is everywhere the same, but there is a 
fall of potential along the direction in which the current flows. There 
cannot be any accumulation of electricity in any part of an electric 
«circuit, 

[Note.— Considering an electric current as the passage of electrons 
along a conductor, the strength of a current is measured by the number 
-of electrons moving past any section of it per second. 

For the C.G.S., E,M.U. and the practical unit of current vide 
Art, 19, 

Current in the two systems— 
1 electro-magnetic unit of current — 3 X 1019 eleotro-sbatic units, 
re ampere=75 Z.MU. Hence 1 ampere—8*X10?  olectra-static 
units, 

Petential difference and E.M.F.— The units for both of them are 
the same, 

Potential Difference.—The Potential Difference (P.D.) between 

any two points in an electric circuit is one Q.G.S. electro-magnetic unit, 


* the unit for quanti electricity i lled I 
Augustin de Coulomb, a Tres A scientist, ( 1738-1806) ee eu rur 
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if unit work (one erg) is done in conveying an electro-magnetic unit 
quantity of charge from one point to the other. 

The practical unit is one volt. 1 volt—10* E.M.U. of P D. 

This means that when one E MU. quantity of electricity passes 
under a P.D. of one volt, 10° ergs of work are done. But a coulomb 
being 1/10th of an Æ MU., the work done will be 10" ergs (or 1 
Tana) when one coulomb of electricity passes under a P. D. of 
one volt. 


P.D. in the Two Systems— 


8x 10*? electro-magnetic units } T { 1 eleobro-statio 
of potential difference (P.D.) unit of P.D. 

1 voltb=10° E MU. Hence 1 volt= gbo electro-static unit. 

[The unit of P.D. is called the Volt after the name of Allesandro 
Volta (1745— 1897), the discoverer of voltaic cells.) 

One Electro-static Unit of Potential difference=800 volts. 

Resistance.—A conductor has a resistance of one C.G.S. electro- 
magnetic unit when a P.D. of one electro-magnetic unit between its 
ends sends a current of unit strength through it. 

The practical unit of resistance is the Ohm. 

A conductor has a resistance of 1 Obm. if a current of one 
ampere passes through it, when a P.D. of one volt is applied between. 
ils ends. 


1 volt _ 10° EMU. _ 199 ; 
= vou 22v “~~: =10% E.M. units. 
1 Ohm- ampere 1/10 EMU. 


Remember the practical units— 

Tho unit of Current Strength is the Ampere. 

Tho unit of P.D. is the Volt. 

The unit of Resistance is the Ohm. 

International Standard Units— ^ 

For the convenience of measurement, reproducibility and good 
maintenance, the following standards have been accepted by inter- 
national agreement, and they are called the International Standard 
Units, and the legal definitions of the ampere, ohm, and volt are as 
follows. Their differences from the corresponding practical units 
based on the absolute values are very small and oan be neglected 
at this stage, and discussions on them here will be beyond the scope 
of this treatise.” 


The Internatio 
of an unvarying electric 


nal Obm is the resistance offered to the passage 
current by a column of mercury ab the 
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temperature of melting ios, of mass 144521 gms. of uniform aros:- 
aectional area and of lenzth 106300 ons. (tha cross-seo5io1, though 
unnecessary for the definition, of such a column is very nearly 
1 sq. mm.). 


The International Ampere is the unvarying electric current which, 
when passed through a solution of silver-nitrate in water (according to 
‘specifications stated) deposits silver at bhe rate of 0'00111800 gm /sec. 


The International Volt is the steady electric pressure which, anplied 
to a resistance of 1 International Ohm, producss a current of 1 Inter- 
national Ampere. Approximately it is equal to 1/1'0183 of the B.M.F. 
of a Weston Cadmium (saturated) cell at 20°C. 


Remember also— 


(a) Current is the rate of flow of electricity. 
(b) Resistance opposes the current and regulates its flow, 
(c) E.M.F. is the motive force which causes the flow of current. 


4T. Applications*ot Ohm's Law :— 


(A) Let a cirouit contain a sonrce of E M F. E., external resis- 
‘tance R, and internal resistance r. Then applying the law to the whole 
circuit, 


LB _ BMP. 
R+r Total resistance 
Therefore, CR + Or = T (1) 
(P D. used in (P.D. used in - (Total 
external circuit) internal circuit) E M.F.) 


(i) EM.F. and P. D.—The above relation means that of the 
total E M F. E., a portion Cr is used in driving the current through 
the internal resistance of the cell, and the remainder CR through the 
external resistarce R. The portion CR available from the action of the 
cell for external work, is known as the terminal P.D. or the available 
volts of the cell. 


Or, Terminal P D. 


Exterual resistance R 


Bo, if #, volts be the value of P D. between the terminals of a 
vell when no current is taken from it, and E4 volts be the correspond- 
ing value when the cell delivers & current through a olosed circuit, it 
will be found ia all cases that Hy is greater than Eg. The P.D. 
between the terminals of a cell on open circuit i+, therefore the 
maximum, and this maximum value of the PD. developed 


* Asa result of high precision attained in absolute electrical measurementa, 
the international electrical units were abandoned in favour of the absolute ohm 
and the absolute ampere with effect from 1948. 


a 
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‘between the terminals of a cell by chemical action taking place 
within the cell is called the E.M.F. of the cell. 


(ii) Lost Volte, —The difference (E,— Eg), whioh is the part of 
the E.M F. of the cell used up in driving current through itself, is some- 
times called the ‘lost volts' of the cell. Thus 
Lost volts , 


Internal resistance=— jor, 
Current 


Current O= —:— Josh Sil i 
nLernal resistance r 
The greater the ourrent, the greater will be the lost volts. "Therefore 
tin a cell which ig generating current, 


Total E.M.F' —available volts+lost volta 
E = OR + Or 
(also called (also called 
terminal voltage) internal voltage) 
(b) Comparison of E.M.F. and Potential Difference.— 


E.M.F.—1t is à motive force developed withta a cell due to chemical 
action, The direction of this force for a cell is fixed. Dao to this force 
electric charge tends to flow fro n one pie to obher when the poles are 
externally connected, Thus it is comparable to a mechanical foras whose 
effeot is also similar, By Obm's laws, 


Om Fre i or, H=CR+Cr, the letters having their usual notations, 
LA 


Tn the closed circuit therefore, the M.F. is used up partly in sending 
the current through the external resistance and partly through the 
internal resistance r. This division of the E.M. F. evidently takes place 
‘according to the resistances of the differbnt parts of the circuit, and each 
division of E M.F. is known as the potential difference P.D. between the 
‘two points considered in the circuit. Since the potential falls in the 
direction cf the current, the P.D. depends on the direction of the 
current. Remembering CE — E — Cr, it is clear that the P.D, between 
the terminals ot a cell on oloscd circuit is less than the M.F. 
of the cell by the amount which falls through the internal resistance 
of the cell. That is to say, the E.M. F of a cell is equal to the potential 
difference between the poles on open circuit only and not on closed 
circuit. 

In & battery of cella, the E.M F. 
of each particular cell always acts in 
its own way whatever might be the 
direction of the current in tbe circuit. 
Thus in Fig. 48, where a circuit hag 
been shown in which two cells aob in 
one direction in series and a third cell 
in opposition, the potential falls in the 
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clockwise direction depending on the direction of the current, but the 
E.M.F.'s are acting in their own ways, as shown by the arrows in the 
cells. Thus E.M.F. ia like a cause and P.D. like an effect. 


To apply Obm's Jaw in Fig. 48, the net E.M.F. in the circuit is to be 
considered. Because two cells act in the same direction, while the third 
one in opposition, the net E.M. F. is 2E— E. 


2E—E E 
So, 0= => where C=the current, E-—E.M.F. 
. R+ir R+8r’ j C] 
of each cell, r=internal resistance of each cell, and R=external 

resistances. 

Example.—The difference of potential between the terminals of a cell on ‘open? 
cércuit is 2'2 volts, When the terminals are connected by a resistance of 4 ohms, this 
difference of potential is reduced to 2 volts. What és the internal resistance of 
the cell f (Pat. 1943) 

Ans. We have [from Art. 45(a), H=CR+Cr; or, 2°2=2+OCr; or, C=0'2/r 

But CR=Cx4=2; <. C=2/4=0°5, aes (1) 

. «^, From (1), the internal resistance r=0°2/0'5=0'4 ohm. 


(C) Voltage Drop in a Line.—We have seen that the avail- 
able voltage (aleo called terminal P.D.) of a cell is less than the 
E M F. of the cell because some voltage is required to send the current 
through the internal resistance of the coil, So, when in a street supply 
of direct current the electric current is used ab a considerable distance 
from the power house where the current is generated, the voltage at the 
receiving end is bound to be always less than the voltage of the generator ; 
this drop of voltage in the connecting wire, called the line, is equal to the 
product of the current and the resistance of the line (CR). Ordinarily 
the voltage drop for house-wiring should not exceed 2 per cent, In 
every dynamo or motor the current flowing through the resistance of 
the armature causes a potential drop which does no useful work and 
which is subtracted from the generated E M.F. in a dynamo, or from 
the driving P.D.in a motor. It is a dead loss and known as the 
“lost volts". 


Example.—In an electrification scheme, the dynamo is of negligible resistance,. 


but the resistance of the leaaing wires «s 1 ohm per male. If the voliage «f the power 

house is 220 volts D.C., what voliage will be avasiable at a seciton 20 miles off, when 

a current of 2 amperes is arawn from tne leads? What can be the maximum strength 

of current available there ? (Pat, 1989) 
Ans. Total resistance of the two leading wires=(20+20)x1=40 ohms, 

7, Potential drop or lost P.D.—current x resistance =2 x 40 = 80 volts, 


Henee available voltage 220 —80 = 140 volts. 


Maximum current available there= 205-5 emps, 
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48. Verification of Ohm's Law t— 


(1) | By Tangent Galvanometer.—A oirouit is completed, through 

a key by a source of constant 

E.M.F, soy, an accumulator, a TG 

tangent galvanometer (T.G.) and 

a resistance box (Fig. 4!) Let B 

04 be the deflection of the galva- 

nometer needle for the resistance 

Ri in the box, when a current 

ig passed through the circuit, Then, 


neglecting the resistance of the conneo- esistano 
x 
4 1 E 
fing wires, current C, = ———— — 
g wires, i—EGGEB' MÁS 


where G is the resistance of the. gal- 

yanometer and B the internal resistance of the cell, Again, we know 
from the principle of the tangent galvanometer that ourrent C=10 K tan 
05 (amp.) [Art. 83]. 


: -rea HUC o HM 
40010 K tan 0, (ELTG3Bj E Ju (1) 
Again, on changing the resistance R, to Ry, the value of the ourrent 
will be changed, and the deflection will be changed to 69. So, 
in this oase, 
current Cs 7 10K tan 0s (amp.) 


ua E 
Hence, 10 K tan 97 (S GT) +G4B) M (2) 
From (1) we have, 10 K tan 0; X(R, -G--B)- E b (3) 
» (2) » » 10Ktan6,X(R,--G-FB)-E E (4) 


It will be experimentally found that the product of the Irft hand 
side of each of the equations (3) and (4) is equal to Æ, the E.M.F. of the 
cell, Thus Ohm's law is verified. 

“. (Bit+G+B)X tan 04 (R4 -G-- B) X ten 85 — constant. 

=R X tan 0, where E. is the total resistance, 

(2) Bv Graphical Method.—This method may also be used for 

determination of internal resistance of cells or the resistance of a tangent 


lv nometer. 
e For * cirouit similar to Fig, 49, (R--G-d-B)X 10 Kjtan 6=2 (vide 


equation 3, Art. 48). 
ETGTB. E. " y 
That is, Br 2 eae a constants» ss (say). 
SS R=m o&0h, where h=—(G+B), which is of the type 
y=ma » h, the equation for a straight line 
B^, if a graph AB is drawn with Band cot Ø, the graph’ will be a 
straight li: e (Fig. 50 ) The above equation has been deduced on 


Vol. II (0.E.)- 6 
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the assumption that Ohm's law is:&rue, Henos if the graph isa straight 
line, then the truth of Ohm's law is verified. 
Tt is to be noted that the graph does nob pass through the origin, 
but cuts the axis of the resistance 
8 at some point O on the left of the 
origin (where R=0), the intercept 
CO being the value of the Internai 
resistance of the cell plus the 
resistance of the galvanometer 
(Fig. 50) ; for, when cot 9=0, 
R=h=—(G+B). 
| So, if from the graph, the intercept 
C— ——o R— CO (—G--B) be measured off, B 
can be found when Gis known, or 
Fig, 50 vice versa. 


(8) By Voltmeter and Ammeter Method.—A series circuit 
comprising the battery B, the key K, the ammeter A, the fixed resis- 
tance r of known value and the 
variable resistance R ‘rheostat) is 
formed (Fig. =i). ‘The voltmeter 
V, connected across C and D, gives 
the P.D. between these points, 
For a certain value of R, the P.D, 
between O and D, (V,—Va), and 
the current OC through the fixed 
resistance 7 are recorded from the 
indications of the volimeter V and 
the ammeter A respectively. The 


Vo- Va 
0 


ratio is calculated. The ratio between these quantities is 
determined a number of times on changing the yalue of the current 
through r by altering the value of R. It will be found that this ratio 
remains constant for the various values of the current in the circuit, as 
long as the temperature of the circuit does nob change, and the vaiue of 
the ratio is found to be equal to that of r. 


des ph. or, Y,—Va-—rO. This verifies Obm's law. 

Note.—It should be noted that Ohm's law is applicable to a complete 
cirouit including a source of H.M.F. (as in Fig. 49) and also to any, 
Ro a circuit not including a sources of E.M.F. (as in Figs. 51 
an . 

49. Factors affecting Resistance i— 

(1) Variation of Resistance with Temperature.—I$ should be 
noted that in dealing with Ohm's law. stress hos been laid on keoping 
the temperature constant, The reason of this is that the resis- 
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tance of ail metus iacraase, whilst those of non-motals generally 
decrease, as the temperature rises, The resistances of most of: the 
elecirolytéd' and of eárbon, decrease with the ris» of temperature. 
For explo, the resistance of a metal filament lamp is much 
ereatier when the filament is hot shan when cold; whereas the 
resistanos of a carbon filament lamp is much leas when hot than 
when cold. Besides carbon, the resistances of insulators also decrease 
‘when hentied. 


. There are certain metallic alloys whioi have got high specific 
resistances buf very low temperatura’ coafficiont of resistance, that 
is, they aré almost unchanged in resistance bya change in temperature, 
These sre the copper-manganese alloy, called’ manganin,’ and the 
copper-niokel alloy, called Eureka (or Oonstantan), Niehrome, Gorman 
silver, eto. These alloys are, therefore, suitable for construction of 
resistance coils, 

(i) Temperature Coefficient —The change of resistance of a! unit 
resistance when heated through 1° is called the temperature ‘coefficient 
of that resistance. Tt varies from substance to substance, 

It Ro ohms be the resistance of a metallic conductor at 070., the 
resistance at "C. is given by, ] 

Tit — Ro (1-- at), where « is the temperature coefficient for a moderate 
range of temperatures, 

When the change in temperature is large, the variation of resistance 
takes place according to the following approximate formula— 

Re=R, (l+at+ft#) where a and B are constants for the 
material. j $ 

(ii) The effect of temperature on the resistance of a pure. platinum 
wire bas been made use of in an olectrioal thermometer known 
as the Platinum-Resistance Thermometer, A fine platinum wire 
wound on a mica frame enclosd in a porcelain tube makes such a 
thermometer. To use it for the determination of temperature of a 
bath, the resistances of the wire at 0°C., and at the unknown, tempera. 
ture are determined by moans of. a sensitive form of wheatstone 
bridge. From the knowledge of the temperature coefficients, @ and 
B, vhe unknown temperature ¢ is computed. These thermometers 
may be used to cover a range of temperatures from—200°C. to 
1200?C. a 
(2) Effect of light on Resistance; (Selenium. Cell).—I& has 
been found that the resistance of the element selenium (which closely 
resembles sulphur) decreases when exposed to light and so it becomes 
a better conductor of electricity when exposed to light than when 
it is kept in darkness. So light. falling on selenium included ina 
circuit can be used to vary the current of the circuit. This remarkable 
property of. selenium has: been utilised in the selenium cell, which 
is used in geveral'automatic instruments, viz, certain types of burglar 
alarm, eto; 7 OP ^ 777 
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Photo-eleetric Effect.— When light of a certain minimum frequency 
is incider t on the surface of a metal, electrons are emitted. The alkali 
metals like sodium, potassiume caesium, rubidium, eto emit electrons when 
visible light falls on them, but for other metals ultra-violet rays are 
necessary for the emission of electrons, The electrons are called photo- 
electrons, and they are of course identical with other electrons. This 
phenomenon is known as the photo-electric effect. 


The photo-electrio effect is utilised in the construction of photo- 
electric cells v ibbout which a Talkie Machine cannot work. These cells 
are slso ured in television, photometry, burglar's alarm, eto. 

The photo-electrio cell is an evacuated bulb fitted with two electrodes, 
the positive being a metallic ring while the negative is a metallic 
plate on which there is a thin layer of a salt of any of the photo- 
sensitive metals referred to above. Whena beam of light is directed 
against this plate, electrons are profusely ejected from the plate 
and fill the evacuated bulb, and as a result, the resistance between 
the electrodes falls. The cell is used as a part of an electric circuit 
including a battery anda lond-speaker. If the intensity of the beam 
is modulated, the resistance between the electrodes changes modulating 
the current through the  loud-speaker. So the. loud-speaker 


peaks, 

(3) Effect of Magnetic Field on resistance.—It is found that 
the resistance of some substances, especially of bismuth, increases 
when placed in a magnetic field, and this effect has been utilised in, 
measuring the strength of magnetic fields. 

50. Resistance of the Human Body :—The resistance of the 
buman body is about 50,000 ohms when the skin is dry. The resis- 
fance of the body is mainly due to that of the skin through which 
the ourrent enters and leaves it, and the resistance of the body is 
much lower—say, about 10,000 ohms—if tho skin is wet. Soib is 
dangerous to handle any electrical apparatus when the skin is wet, 
and for the ‘same reason, the switch of an electric ligat should not 
be handled while standing in a bath or barefoot on a wet floor.. To 
produce an electric shock in the buman body, a current of about one 
thousandth of an ampere must pass through the body ; asa P.D. of 
less than 50 volts would not produce any shock in the body when 
touched with dry hands. It is wise to avoid "live" wires if the voltage 
is over fifty. 

A bird can sib ov the high voltage cable in a street or a man can 
hang on it without experiencing any shook, as there is no closed 
electric circuit formed thereby, but if the man touches the other 
cable, or any conductor connected to the earth, the circuit will be 
on ana $ current will flow through him and probably kill 

m. i 

Examples.—1, A Daniel ceil is connected up in series with a tangent galvano- 
meler of 1 ohm resistance and a box of resisiance coils. When a resistance of $ ohma. 
$a taken out of the bow, the deflection of the galvanomster és 60° ; and when the resis- 
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dance in the bow increased to 20 ohms, the deflection falls to 30°, Find the resistance 
of the cell. (C. U. 1933) 


_ Ans, Since all the resistances are put in series, the total resistance of the 
oat the first case=(2+1+r) ohms, where r is the internal resistance of 
e cell. 


Therefore, the current C;= a , (Z7 E.M.F. of the cell.) 


In the second ease, the total resistance=(20+1+r) ohms, Hence the current 
E ee C1 MET be 
+r €, 8-47 

But C, —10K tan 60° (amp.) and 0 —10K tan 80* (amp,), where K=reduction 

factor of the galvanometer, 


2 


A 2l+r a, 
.. From (1), Sar 8; 


beim 
"DE 
or, 21+r=9+38r; or, 2r—12 or, r=6 ohms. 

2. The same current passes through a metre of conper wire 1 mm. diameter and 
two metres of a thinner copper wire. The difference of potential between the ends of 
the first wire 4s 1 volt and that between th» ends of the second wire 20 volts. Find the 
diameter of the thinner wire. (All, 1989) 

Ans. Let R, be the resistance of the first wire, Rẹ the resistance of the second 
wire, and C the current flowing in each wire ; then by Ohm’s law, 

OR, —P.D. between the ends of the first wire=1 volt, 
and CR; — P.D. between the ends of the second wire=20 volts. 


. Ril RN 
^ iT (1) 
TUE! r 3 100 
ip ETE d 
Again, if p be the specific resistance of copper, R; =p aie ('05)* an 
R, =p x where 0'05 om. is the radius, and 100 oms. the length of the first 
T7! 
wire ; and r the radius, and 200 cms, the length of the second wire. 
s Byn px100xar? o ri TA SND) 


R, px200xz(05)! 0'005 
gui 2-0" . 
Hence, from (1) and (2), we get, 005730 or, 7? —0'00025 ; 


or, r—0'0158 cm. 
*. he diameter of the wire--2x0'0158—0'0816 om, 


3. Two cells, a resistance of 2:5 ohms, and an ammeter of negligible resistance 
are all connected én series, and the ammeter reads 0'8 amp. If the cells are joined 
in opposition, the ammeter reads, O'lamp. If the stronger cell has an E.M.F, of 
1'8 volts and an internal resistance of 0°5 ohm, find ihe E.M.F. and the internal 
resistance of the other cell à (Pat. 1943) 

Ans. Lete be the E.M.F. and r the internal resistance of the weaker cell. 

Case I. Effective Æ. M.F.=1'8+6 and the total resistance in the cirouit 
—2'540'54-r8-r, À 
*. By Ohm’s law, on tte ; or, 6—0'8r=0°6 ough (1) 


Oase II. Effective E.M.F.—1'8—e, and total resistance —8 +r. 

1,1:8—5 s D 
-ooi- ; or, e}0'lr=1'5 TE) 
xiu Cae rome ea ( 
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From (1) and (2), we get, r=1 ohm. 

JS e+0'1LX1=15, or, e=1'5—0'1=1'4 volts, 

4. The DMF, of a cell is 2 wolis, and the P.D. between its plátós becomes 
16 volts when it a connected 4n series with a resistance of 10 ohms. Find the 
internal resistance of the ¢ell. 

Ans, Melhod 1, ltr bs the internal resisiance of the cel), then by Ohm’s law, 


= total E M.F, 2 
total resistance 10+r' 


s terminal P D. _ 1'6, . 2 .l'6 
EC Metro resistance 10 ' ' 104r 10' 


or, 1'6r—10(2—1':6) whence r=2°5 ohms, 
Method 2. The all of potential inside the cell=2—1°6=0"4 volt. 
This is equal to current x internal resistance of the cell, 


or, Oat exe, whence r=2°5 ohms, 


51. E.M.F. and Internal Resistance of Cells :—Tt snould be 
noted that the #.M.F. of a cell does not at all depend on the size of the 
cell, i &. on the area ofthe plates and the distance between them, It 
depends on (i) the material of tha plates and the liquids used in the cell, 


and (ii) the temperature of the liquid BE Cosi» o BE 
Thus, the E.M. F. of a large cell will be exactly equal to that of a cell 
nof larger than a test-tube, but constructed of the same materials and 
liquids. But the advantage of a large sized cell is that it offers much 
less resistance to the passage of the current through it. This resistance, 
which is known as the internal resistance of the cell, depends. on (a) the 
size or the area of the plates immersed-in the liquid, (b) the distance 
between them, and (c) the strength of the electrolyte, (or electrolytes) used 
in the cell. Thua ina cell, the BMF. is the same when the plates 
are separated further apart, or when the plates are much nearer, but the 
current in the first case will be much less as the internal resistance ig 
much greater. The great advantage of the accumulator is its yery 
low internal resistance, and so it can give a steady E.M.F. with varying 
currents. The internal resistance, of an accumulator is of the order of 
0'01 ohm, whereas that for an ordinary Daniell cell is of the order of 
Lohm, ‘Thus for an accumulator (internal resistance 0:01 ohm) giving a 
current of 10 amperes, the fall in voltara through its liquid . is only 
(10% 001), ¢.¢. 0'1 whereas. that fora Daniel cell it will be 1X 1, i.e. 
1 volt for a current of 1 ampere only. 


The reason of the low internal resistance of an accumulator is that 
the plates are very close together and that they have a large area, In 
accumulators the effective area is further increased by taking 
several plates usually connected together to form an electrode 
(vide Oh, VI). 
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52.. The Grouping of Cells :—There are three common ways of 
arranging a number of cells to get a strong current— 


(1) Cells in Series.— Cells are said to be joined in series when the 
positive terminal of the first n cells 
cell is joined to the negative 
terminal of the second, and 
the positive of the second to 
the negative of the third, 
and so on, If there aren 
cells, each of E.M.F. E 
volts and internal resistance 
T Ohms, then the total 
E.M.F. will be nE. and the Fig. 52—Cells in Series, $ 
total. internal resistance nr. If R ohms be the external resistance of the 
circuit (Fig. 52) then by Ohm's law, the current, 


id nor+R 


() It the external resistance R be large, compared with nr, then 
C=nBE/R, i.e. the current is increased n times that of a single cell. 

(ii) It R be small compared with nr, then O—E/r, X 
4.¢. the current is the same as that of a single cell and the arrangement 
has no particular advantage. 


R 


Hence, for a strong corrent, series connection should always be used 
when the external resistance R is large in comparison with the internal 
resistance r of a cell. 

(a) Special case: Wrongly connected series Circuit.—If one 
of the n cells is wrongly connected so that it sends a eurrent"in the 
opposite direction there will be (n—1) cells tending to send a current 
in one direction having a total E.M.F.—(n—1), E, and the remaining 
one cell tending to send a reverse current with an Z.M,F. equal to E. 
So the resultant E.M. F.—(n—1) E-E=(n—-2) E. 

The total internal resistance remains the same even when the cells 
are wrongly connected. 

20-23 E 
nrtR 

(b) Pocket Torches.—Tke batteries of small torches usually bave 
two or three dry cells in series, ‘There cells sre placed end to end, the 
bottom of the sinc cage of one touchirg the copper can on the top of the 
carbon rod of the cell below it. 


Hence by Ohm's law, the current, 
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(2) Cells in Parallel.—Cells are said to be joined in parallel 
when all the positive terminals are joined 
together to form common terminal and 
all the negative terminals are joined 
together to form the second common 
terminal (Fig. 53). The arrangement 
amounts to forming a big cell of plates m 
times as large as those of a single cell, it 
m cells are connected in parallel, The 
E M.F. will be the same as that of a 
single cell bub the internal resistance will 
be r/m, the effective area of the plates 
being m times increased. 

E mE " 


Hence, by Ohm's law, C= mth ZR 


(i) If R be small, C—mElr, i-e. the 
Fig, 58—Cells in Parallel, current is m times that of a single cell, 


(i). If R be large, =i, i.e. the current is the same as that of 


a single cell, 

Hence for a strong current, parallel connection should always be 
used when the external resistance is small in comparison with internal 
resistance of a single cell.. 

Series and Parallel Groupings.— 

(1) When the cells are joined in series, the same current as in the 
external circuit flows through each of the cells ; but when they are in 
parallel, the current flowing in the external oirouib is divided equally 
between the cells when they are indentical, and the value of the total 
current is the sum of the currents through all the cells. 

(2) The E.M.F. of the battery in s series circuit is the sum of the 
#.M_F.’s of all the cells ; but in a parallel circuit, it is the same as that 
of a single cell, if al! the colls are identical. 

(8) The total internal resistance in a series clrouit is the sum of 
the resistance of the individual ocells; bus in a parallel cirouit, the 
reciprocal of the effective internal resistance of the combined battery 
is equal to the sum of the reciprocals of the internal resistances of the 
individual cells. 

Also Note—that (i) a battery consisting of cells in series is 
more powerful than when the cells are joined in parallel ia which 
oase the battery, though not so powerful, can supply current for a 
longer time. (ii) In the case of a series grouping of cells it is nob so 
much necessary to have identical cells, but for a parallel grouping 
the problem becomes complicated if the cells are not identical 5 as; in 
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this case, the current from a cell having a higher E.M.F. may flow 
through a weaker and in the opposite direction and the caloulation of 
the nef current, becomes complicated. 

(8) Mixed Circuit.—Cells are arranged in a  mired circuit 
when they are divided into several pair 28 
rows in parallel, each row containing y 
several cells in series (Fig. 54). : Let 
the external resistance be R, and the 
E.M.F. of each cell E, the number 
of rows m, and the number of cells 
in each row n, Then the total 
E.M.F. is nE, and the combined 
internal resistance is nr/m. Hence, 
by Ohm's law, the total current O Fig. 54—Oells in a Mixed Cirouit, 
passing through the external resistance R is given by, 


nE ., mnE ) 


eee, E 


4 

$ 
= 

n cells in series 


HHHH 


+ 


armo R nr+mR 

(4) Best Grouping for Maximum Currents,—To get the maxi- 
mum current oub of a number of cells N, let them be divided 
into m. rows having n cells joined in series in eachrow. Then 


N=mXn. TR ny sii (2) 
_ mnE |. NE 
We have, from (1), | Ome ee PETEN i 


The numerator being a constant, current will be maximum when 
(the denominator (ar+mR) will have a minimum value. 


Now, (ar+mR)=( Jar— JmR)*+2 Jmar—R. The last term is 
constant, 


*. O will be a maximum, when (Jar— J/mR)* has a minimum 


ivilabi 
But, as a square quantity cannot be negative, the minimum value 


ot (Jnr—JmR)® is zero... G will be a maximum, when 
( Jar- Jn. B) =0. 

— ps nr 
or, Jnr— JmR; or, nr mE ; or, m ud St 


That is, tha current will be a maximum when the total internal 
resistance of the battery as a whole is equal to the total external 


resistance. 


Examples.—1, Determine the number of cells required to send a current of half 
an'ampere through a body whose resistance is 30 ohms, åf each cell has r^ HN 


of 1°25 volts and a resistance of 8 ohms. i l 
Ans. Since the external rosistaace is large compared to the internal resistance 

T E 

of a cell, the cells are to be arranged in series, We have, O= Le 


(8) 


+R 
[vide Art, 62(1)] 
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Here C=} amp, }\r=2 ohms ; R=80 ohms, ; H=1'25 volts, 


E i 3 
= 1 - ; = 4 
RA na P 2n+80=2'5n ; or, n=60 cells, 
2. `` Two cells A and B each having an E.M.F, of 1'5 volts and internal resistance 
of 0'8 ohms, are arranged in series. The positive and negative poles of ihis batiery 
are connected wiih the positive and negative poles respectively of a third cell, C, exacily 
like A, the connecting wires having negligible resistances. What is the current in 
the circuit and what 4s the potential difference belween the poles of Cand also between 


those of At | ! (Pat, 1945). 
Ans. Here the cell C is arranged to work against the other two similar cella. 
Mos ce (2x1'5)-15 5 
LU gne ial aru s 
So the current flowing in the circuit, I: SXU830. 8 amp 


We have, E-IRB (ie, P,D.reqd.)-- 1r. [ Art. 47(A)]. 
J P, D. between the poles of 4=15-(8xo'8)=1 volt and P.D, between 


the poles of 0=15+(5x08)~a volts. [In this case the current inside the ei 


is from positive to negative pole, vide Art. 47(4), eqn, 1 ]. 

8. A battery of 24 cells, each of internal resistance 2 ohms, and E.M. F. J'4. volts 
ás to be connected so. asto send a maximum current through a wire of 12 ohms. Show 
how you will connect them ; and find the strength of the current in each cf the cell ; 
also the potential difference at the ends of the external resistance, (Pat, 1928) 

Ans. [Vide Art, 52(8)]. Let the cells be arranged in a mixed circuit, Then 
to get the maximum current the internal resistance nrlm of the battery must be 
equal to the external resistance R, where is the number of cells in each row, 
m the number of rows, and 7 the internal resistance of each cell. 

Then, wehave mn=24, e n224Im TT T (1) 


and, nr|m-R; or, 2nlm=21; or, n=om=6x 2t, from (1) 


or, n'—144, or, n-12,andso, m=32, 
Thus the cells should be arranged in 2 rows in parallel, 12 cells in series in 
each row, 
Qurrent in the external cirouit= 2 x WE. =O7amp. This current is divided 
——-t13 
2 


divided equally in the two rows, > The current in each 108 «0:85 spa which 
is also the current in each cell. 
P.D. at the ends of the external resistance» 0'7 x12=8'4 volts, 


(ip, 4. You are given 48 cells each of E.M, F. 18 volis and resistance of 0'8 ohm, 
How would you arrange them to produce the greatest current in a circuit of 5 ohms 
resistance? _ h (C. U. 1956) 

Ans. Let n-number of cellslin a row and m=number of rows in parallel, in 
a mixed circuit. í 

Let nm=48 ; NXO'3/m=5, whence m=2, and n=24 as the only possible 
tolution. Note that the current through the 5 ohms resistance will be less if 
instead all the cells are joined in a teries circuit. 

b. Five celis, each having an E.M F, of 16 volts and internal resistance of 8 
ohms, are connected in series with cm exiernal resistance of 10 ohms. Find the 
current passing through ihe circuit. What will be the change in the current through 
the circuit, if the celis are formed in parallel f (Pat. 1941) 

5x16 
3x5+10 


Ans., When the cells are connected in series, current, C,= =0'Samp~ 
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When the cells are connected in parallel, the current, 


t "| 
0, FIRE *0'14 amp. (approx.). 

4. The change in the current- C4 — 0, —0:8 -0:14 9016 amp. (approx.). 

6. A batlery of 12 equal cells in series, screwed up in a bos being suspected of 
having some of the cells wrongly connected, is put into circuit with a galvanometer 
and two cells similar to the others, Current in the ratio of 8 to2 are obiained accor- 
ding as the introduced cells are arranged so as to work wath, or against, the batiery. 
What is the state of the battery # (Pat. 1981) 


Ans. The resistance of the circuit is not affected even if some of the cells are 
wrongly connected. Bothe currents will be proportional to the electromotive 
forces. If E be the E M.F. of the battery, and e that of a single cell, C4 the 
current when the two cells are arranged to work with, and C, when arranged to- 
work against the battery. 


O, D-2 0, 2 E-9e 8^ 
Hence, out of the 12 cells of the battery, one cell is wrongly connected and’ 

acting in opposition to the others, and thus neutralising the effect of another, and 
leaving only 10 cells effective, 

58. The Grouping of Resistance :—Resistavoes can be arranged 
in an electric circuit in two ways : (1) in series, and (2) in parallel, 

(1) In Series,—AÀ number of conductors. having resistances. 
T1, 14 "3,650. are said to be joined 


in series when joined end to end an 5 


0,.9. - B+ 8. o. pesos, 


in succession, ż¿.e. when the same A B c D 
current passes through each ot 

them in succession (Fig. 65). The Fig. 55.—Resistanoes in 
resistances fy: 7g, fg...in series Series. 


have a total P. D. of Orr+Org+Org+... or, O(ratratrst...) 
between the points A and D, C being the current passing through 
each of them. “If E be the total resistance of the conductors, then 

patotal PD. _ Or rry) 

current — [o 
ie. R=r1 tre Prat.. 

Thus, the total resistance of a number of conductors in series 
is equal to the sum of the resistances of the individual conductors. 
(2) In Parallel (or divided Cireuits)—A number of conductors 
having resistances 71, fo, "3, etic. 
are arranged in parallel when 
one end of each of them is join- 
ed at & common point A and the 
other end at another common 
point B in such a way that a 
current C entering at A is divid- 
Fig. 56,—Resisiances in Parallel, ed into parte, a part flowing in 
each of the branches, and again 

nieeting at B to reconstitute the total current (Fig. 56). 
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Let C be the total current, 01, Ca, Os, obo., be he. currents in 
T1) Ta, 1s eto. respectively, and Va, Vp, the potentials at A and B. 
Then, we have, C—0,-- 05 0 +--+ 


By Ohm's law, ge ; 0,2 P ; 0,2 ; elio. 
1 3 8 


Adding, C1 Os + 0s +... — (Va— Vo) 5 TITIq4e) 
1 2 s 
, Tati d 
o deyi LL FIERE (etse) 
n (Ya 9) (C f. pa 


If B be the equivalent resistance of the combination, i.e. tobal 
xesistance between the common points A and B, we have, 


gea unl ^. Mid 


: Va- ty. _ b asd alus 
“+ Brom (1), P Ya (7,— gy (+2424 ) 
LP oa 
T R HM 
Thus, the reciprocal of the equivalent resistance of a number 
-of conductors connected in parallel is equal to the sum of the 
reciprocals of the resistances of the separate conductors. 


N.B. ($) Note that (+1 is always greater than Lol. 
Ti Ts Le Ts 


Bo, a is greater than L or ki and hence R is less than 7, or rs. 
R Yi rs 


Bo, the effective resistance of two or more conductors in parallel 
‘ds smaller than that of any one of them when used alone. 

(i) Note that in the case of several conductors joined in series 
the P.D., is divided among the conductors in the proportion of their 
resistances, bul the same current passes through each of them ; 
"whereas all the condustora, when connected in parallel, have the same 
P.D. but the total current is divided amongst them in proportion to 
‘their conductances, i e. reoiprocals of resistances (1/r.). 

The current in a circuit can be regulated by introducing a resistance 
Or m combination or resistances in series or parallel with it. 

(iii) Laws for Parallel Circuits are: (a) The voltage across 
‘Several resistances in parallel is the same for the circuits. (b) The 
total current is the sum of the currents through the different 
branches. (c) The total resistance is the voltage divided by the total 
surrent. ) 

94. Connection of Electric Lamps :— 

Electric Lamps are invariably connected in parallel; for, it they 
‘Were connected in series, then switching out one of them would 
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cause the other lamps also to go out. Fig. 57 shows a lamp-board: 
on which lamps are connected in parallel, and it is evident that 


any oneof the lamps can be disconnected without 
affecting others. By disconnecting one lamp the 
current passing in other is nob changed, because 
the current passing in each lamp is V/r, where V 
is the P.D. between the mains (which is also the 
P.D. for each lamp) and r the resistance of the 
lamp. The effect of disconnecting the lamp would 
be to change the current of the main circuit. 
If the lamps were connected in series, then the 
removal of one of the lamps would result in 
diminishing the total resistance and so increasing 
the current passing in the circuit, and thus the 
lamps would. geb, more than their correct voltage 
with disastrous results. nis is not the case when 
they are connected in parallel, Thus a lamp-board (Fig. 5%) 
eonsisting of several lamps, which are alike connected 
in parallel, provides a very convenient form of adjustable 
resistance, which is often used in accumulator T 
obarging eto, Fig. 57 

.— An electri: ent from a bati of 6 volts s ths h a circuit 
UM ame A 27 and 4 rd d We parih Moat the 
currents passino in the lamps when (a) all the lamps are in their sockets, (b) first. 
lamp of resistance 2 ohms 4s removed, 


: 1.13. 1 18 12 
Ans. (a) If R be the total resistance, Rote m ;on R is ohms, 


*. By Ohm's law, current in the main circuit, 0-6/2 6s amp, 


If C,, C, and C, be currents passing in the lamps having resistances 2, 8 and 
4 ohme respectively, we have by Ohm’s law, 


Jd vB 2 
€, -2-3 amps, , Oze =a amps, ; Las =1'ő amps., where 6-volts form, 


the P.D. for each lamp. 


2 
(b) Total resistance, ar tsi ohms, 


*. Qurrent in the main cirouit=-°_=9'5 amps. 


“e ft 
61 id 
And Camina amps. ; and Ui DA 5 amps. 


That is, by taking out the first lamp C, and C, are not changed, 


AB. Shunts:—When using & sensitive .galvanometer  preenu- 
fee be taken against sending a strong current through it as 
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the current, may bo large enough tojjburn the suspension ôr the Spiral 
spring of the instrument. In such 
& case, the two terminals of the 
galvanometer are joined with resis- 
tance of small value, called the 
shunt, which acts as a conductor 
parallel to the galvanometer (Fig. 58), 
By this most of the main current 
passes through the shunt. For the 
"main current is divided into the two branches according to the resistance 
of each branch. 

Let G be the galvanometer resistance, S the resistance of the shunt, 
Os the current in the galvanometer, and C, the current in the shunt ; 
then if V; and Vp he the potentials of A and B, we haye by Ohm’s law, 


(Va V3) =CoX G90,X8; or L-g, 1,6. the current in the branched 
g 


Fig. 58 


cirowits are inversely proportional to the resistances’ of the two 
branches A 

we Fe 825 or, 67828 ('. the main current 
0-0, 0). 

[The faotor HE by which ‘thie’ gilvarionister® current Og, is to be 


multiplied to give the total ourrant C is called the muliiplying power 
(m) of the shunt. That is, it gives the number of times the "maia 
current is stronger than the galvanomeler current. 

So, by a shunted galvanomefér, wa can measure a current much 
stronger than that what is possible by the galvanometer used alone, 

Now, 0 48! or, the fraction of the total current through the 

resistance of shunt 

galw. resistance+ shunt resistance’ 
Hone, Ve Ce RT. A3 aa (1) 
Thus, if l/nth of the total current is to be sent through the galvano- 


ing galvanometer = 


Oa_1 S . 
meter, we have, Cn ane? 9h $5-1-8; 


or, S= x G, i.e. if the Value of S be qn of G, the cürreit 

in the galvanometer will be i/nth of the total current. 

2 E making S EA 4 = 3 1) Sy on ba made as small as possible. 
18 necessary to send (say), 1h of the main n b i - 

oe. we Lavina m T current in the galvano 


Orm Lo S 
ON ft UL LIBE C09 


= 
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“+ Erom (2) S=} G, that ii the resistance of the shunt should 
be 1/9 of the resistance of the galvanometer in order that yo of the 
main eurrent may pass through the shunt. Similarly, if or tobo 
of the main current is required to be passed in the galvanometer, 
the resistance of the shunt should be gs or 337 of the resistance: of 
the galvanometer. Tt is clear that the sensibility of the galvano. 
meter is thus reduced by 10,. 100 or 1000 times, as the deflection in 
each of the above. cates is obtained by a very small fraction of the 


original current. > 


Note—í(i) A galyanometer, when shunted, becomes less sensitive, 
Therefore, in many experiments, based on the null method though 
the galvanometer is shunted in the begianing in order to prevent 
any damage to the galvanometer, resulting from any large current 
traversing it, the shunt is removed at the time of taking the final 
reading so that the galyanometer may be in. the » most sensitive 
condition, 


(ii) When the shunt is used, the equivalent résistance between 
the two terminals of the galv. is equal to. GS/(G--S), The total regis- 
lance of the galyanometer. cirouit will, therefore, be reduced by an 


amount, a- GSGS) mA a -2G- (3. Consequently the 
main current will increase. The current Q, through the galvano- 
meter will be S/(G-FS) fraction of this inóreased current. For this 
reason, when tha galvanometer resistance is the main part of the total 
resistance of the circuit, the current through the galvanometer may not 
be much reduced though it is shunted by a low resistance, 


The quantity, a-g, gives the additional  resistanos which 


must be added in series in the main circuit in order to keep the total 
resistance (and so the main current) unaltered when a shunt of 
multiplying power m is used with a galvanometer. There are 
constant total current shunts’ where the insertion of a shunt coil 
automatically throws this requisite resistance into the main Circuit. 
The Ayrton's Universal Shant Box works on this principle. Buch 
a Universal shunt may be used with a galvanometer to reduce the 
current passing through it to 35, 385, rogo etc. of the main current, 
When such a constant. total current shunt is used, i.e. the total resig- 
tance of the main ciroui$ is kept constant by addition of & résistance, 


the value of the shunt S necessary to pass 7t part of the constant 


current C through a galvanometer of resistance G will be given by. 


g--9.. 
n—1 $ 
E les.—1. The total resistance of a simple circuit is 80 ohms including the 
résistance Gf d LRQ galeanomeler which is 4 ohms. The galvanometer gives a 
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deflection of 60°. Ii és then shunted with 16 ohms coil, What és the new deflection f 


(Pat, 1944) 
Ans. CaseT. We have o= =10K tan 60° e E (1) 
Pot gives, A ENTO: 
Cee Rate Fue 
Now, the main ourrent in the cirouit, C; — — 
(80-4) 44X76 
1 11'6 
and the current in the galvanometer, C,—C,X E 
Ei LC wes i 
EREA] 10 K tan ô. N me (2) 
11'6 


tané 2 


where 0 is the new deflection. From;(I) and (II), agre T a 


. x2 oma X N3 2 r omiani 2 
J, ian 6 gn 60 3 yar: é@=tan NI 
N,B.— The resistance of the galvanometer is 4 ohms, but on being shunted the 
AxT6. 
11°6 
Hence if it is desired to keep the current in the min circuit i 
(4—2'62)=1'38 ohms, is to be added in series. TA on AEI 
3. Determine the resistance of a shunt which when joined to a galvanometer oj 
resistance 8.663 ohms will result in 1/84 of the de current Nen through T 
aleanometer. Determine also (a) the jomi resistance of the galvancmeter and shunt ; 
b) ihe external resistance which must be added when ihe shnut is applied so that the 
total ourrent may be unaltered. 
Ans. The shunt resistanee, S, will be given by 
C/C - SI(G--S) ; or, yy—S) (3663+85) ; 
or, 8663+S=34S ; or, S=8663/38=111 ohms, 
lux 1 c4 MougS ES 
Beep ill 86687 or, R=107°73 ohms, 
(b) The external resistance required to be added in series 
= 3663 — 107 73-3555 27 ohms. 
56, Kirchhoft's Laws and their applications :— 
The following two rules, known as Kirchhoff's laws enable us to 
solve pro’ lems on currents flowing in a network of conductors. 


(i) In any network of conductors the algebraic sum of the currents 


which meet at a point is zero 4.6. X C=0. 
Conventionally, a ourrent approaching the point is taken ag positive 


and a current leaving the point is taken as negative, 

(i) The algebraic sum of the electromotive forces in amy closed 
mesh is equal to the algebraic sum of the products of the resistances 
R of each part of the mesh and the currents C flowing through them, i.e. 
XEH-ZCR. 


equivalent resistance between terminals fell to 2°62 ohms approximately. 
t 
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Example... The arm EFG of a circuit (Fig. 59) consists of a resistance of 10 
a cell of E.M,F. 2 volis and tniernal Hinan 1 0 while hf branch ang. ee 
of a resistance of 20 Q and two similar cells, f 
Across EG a baltery of E.M F. 6 volts and lon +y 
of internal resistance 0'8 9 4s placed. Cal. 
culate the currents through the branches 
EFG and EHG if the E.M.F.s are as El 
directed $n the figure. |. w 

C 


Ans, Let'C, and O;, directed ag shown, 
8 the currents required while C, ag shown, 
represents the current in the branch EUG, 


Then, by Kirchhofi's first law applied, 
to the point E, we have, pr Fig. 69 


0-0,-C,-0: or, C=0,+0, E. ved (1) 
Applying Kirchhoff's second law to the mesh EFGH, 

100, +10, +20, ~200, = -2+4 
or, 110,~290,=9 So ER (3) 
Applying: Kirchoff's second law to the mesh EHGJ, 

200 90, 4-030 —44.6—2 
or, 200,+2C,+ 0°3(C,+C,)=2, from (1), 
or, 22°30,;+0°30,=2 ose s wee (8) 
Solving equations, (2) fand (8) C,=0'85 amp., and C,=0'085 amp, 


Now, hy correcting a wire of resistance equal to $ of the instru- 
ment (i.e. $X9—1 ol m) across ite termirals, i.e. by using a shunt of 
1 chm resistence, we allcw only yb of the total current to flow through 
the instriment. So tbe enmeterovn now ke used to rend currents 
10 times greater than the original current, $e. it cen row read up to 
(5X10) or 50 imjerg ‘Thus the range of the insromtnt is increased 
10 times, "Rin jary by using shunts of cther values, the range of the 
instrument can be convenier tly changed. PITSI 

Examples.—7. 4n éleciric current of 6 amreres is divided inlo three branches, 
‘the length of ike wires «n the three bronches being proportional to 1. 2, 8; Jind the 
I 


current in each. (The wires are of the same material and cross-section.) 
Ch (C. U. 1912, ’29) 


Ans. Let V= P.D, between tbo terminals ; C1, Cs, Og= the respective currents 
in the three branches having resistances, say, r, 2r, 9r, 


Then V=C,r=C,x2r=C,x3r, C, Vir; C,-YV]r;: Cy=Viar. But the 


total current=5 amperes. ,”, 520,10, 0 7 Visi +2)ato, 


VOL. II (C.E.)—6 
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C, 15 
1 


30 n 
Hence, Oe amp. ; and 0.37 v p 


smp. and a-G-0 amp. 


and B ara maintainad at a constant potential difference 

of 110 volts, A third ooint O és cnnnactad, to A by tor resistances of 100 and 
200 ohms resnactively én prrallal and to B hy a single resist ince of 300 ohms, 
Find tha current in each resistance and the potential difference between A ani C, 
Q and B. (Pat. 1926) 
Ans. Deawadiageam, If R be the combined resistance: between the points A 


2. The points 4 


1 $ 1 8 200 , H 
and C, we have n 103 900 300! or, R=-> ., The total resistance between 


(A and B= +300 10? ohms, 


Hence by Ohm’s law, the total current C=110 / 20-5 -0'3 amp. 

This currant flows in BO, but is divided into two branches having resistances 
of 100 and 200 ohms respectively, 

The P.D. b»t«asa O and B=ourrent X resistance 0:3 x 300 9 volts, 


* The P. D. bstwaen O and 4 110—902) volts [ or, 200 x0'3=20 volts J. 


Honoe, the currant ia ths branoh OA having 100 ohms resistance 

= P.D. +rasiatans9= 20/100 =0'2 amp. ; and the current in the branch having 
900 ohms resis!ance=20/200=0'l amp, 

Tana, ore sara of O'L, 0'2 aad 0*3 amp. flow in the resistances 202, 109 and 800 
ohms respectively. 


Othsrwise thus: Lot E bo the P, D- batweea 4 and C, then the P.D. betwesn 
Gani B -/110 - Z : sad the currents through two parallel resistances are El[100 


and E/200 respectively. 


: EN ED soa thi 
The total current 16 ar 00 7200 and this flows through CB. 


1 n 110- E 8B 110-E 
, bh t B= ——.._ H — H = 20, 
Again, the curreatia C $00 ence 3007 - 300 1 wherce E20, 


- The ourrents can then be calculated as above. 
Taree wirss of resistances 2, 6 and 19 ohms, resnectively are connected 


8. 
4n parallel and are insarted in a circuit with a cell and tanrent galuanometer, 
The deflection is 60° ; tha lohms wire is removed, and the deflectim becomes 45°. 


galvanomeler. (Neglect the resistance of the cell) 


Oaloulate the resistance of the 
(Al. 1925) 


Ans, If R be the combined resistance of the three wires, 
10D 531.8 SPI! 
“R= 2 $ b tga 5 ohms or R 3 ohms, 
If R, bo the combined cesistanaa of tha two wires of rassitance 6 and 12 ohms. 
E429. 1 s 
R= E Pi tis nx ohm ; or, R,=4 ohms, 
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If G be the galvanometer resistance and Z the E.M F. of the cell, the total 
fesistance of the circuit in the first case- G +$ ohms, and that in the second osse, 
G+4 ohms. Now, if O, be the current in the first case and C, that in the second 
case, 


c, - E/ (a-*)-1ox tan 60° amperes, where Kis the reduction faotor of the 


galvanometer, and C,=E/(G+4)=10K tan 45° amperes, 


Dividing one by the other, we get, aii ctn 60* —1'732 ; 


or, 2:196G-5'072; .. G=2'311 ohms, 


4. The poles of a Daniel cell of E.M.F. 1'1 elis and internal resistance 
1 ohm are joined by two wires in series, a wire AB of 4 ohms and a wire BC of 6 
ohm resistance, The positive pole of the cell is connected to the end A of the series, 
What will be the readings of a@ voltmeter connected between (i) A and B 
(ii) BandC, (ii) Aando? (0. U. 1938) 
Ans, Hare the resistances arein series, so the total resistancoo=4+6+1=11 


ohms. 


E.11 
7 -— mi 0" i 
.X.  Ourrent C. IT ST. 1 amp. 

Now, if V, ba the P.D. between A and B; V, that between B and C ; and V: 
that between 4 and C, we have, 

V,70'1x4-04 volt ; V, 90'1x6-0'6 volt ; and V,=0'1x10=1 volt. 

Note that V,~ Terminal P.D of the call or the avilable volts of the cell for 
the given rate of current low--1'1-0 1x1-1volt. (Art. AT). 

5. Acell hasan. EMF. of 1°5 volts and internal resistance 2 ohms. If the 
terminals of the cell are connected by two wires in. parallel of 2 ohms and 4 ohms 
resistance respectively what és the current in each wire and what is the potential 

ap M 


difference between the terminals of the cell. 1 i 
Calculate also the potential diferenca when, (a) the current is cut off in one of 
the wires, and (b) when it is cut off in the other. ts (Pat. 1941) 


Ans. Lat V ba the P.D. of the terminals of the cell. and C, the currant passing 
co of 4 ohms. 


yee 


through the wire of 2 ohms rasistancs and C, tho current in the wi 
resistance. Then, we have, the total current, C=C, +03. r 
: . av 
If_R be the combined resistance, 1/R= Pi ^ C=, $ po 
i 


i - 15 9 K 8V_ 9 

Again, C ER SORT d 
3 
VB hehe OT asuB- ug: i 

We have, Uie pir 0'38 amp. ; C, Ls 015 amp. 


Again, (a) when the current is cut off in the wire of 2 ohms resistance, 
wo havo, C= 15 =0'25; .*, P.D.=0'25x4—1 volt, 

2T4 4 : 
(b) When the current is cut off in the wire of 4 ohms resistance, 


L5 M Ne 0:375 X 2075 
we have, C ce 0:375; e P.D.=0°375 Y 
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58. Some Accessories for Electrical Expsriments :—Some 

useful accessories necessary for 
T electrical experiments are given 
| below— 


TÉ t (A) Connectors and  Bin- 
^ Bam 
Mg E— wem cx 


and also for other different 


Connector, . Binding Screw. purposes, These are of various 
Fig. 60 shapes and types and are made 
` of brass or copper (Fig. 60). 


(B) Keys—A key is used for opening or closing an. electrical 
ircuit: There are different types and shapes of keys of which the 
following two are very common, 

(i) Plug Key.—Two metallic bars C, C are fixed on an ebonite 
base B being separated from each other by a small gap, which can be 
bridged by a brass plug P with an ebonite handle T (Fig. 61), S, S 
being the two binding sorewa. 

(ii) Tapping Key.—lt consists of an ebonite base B on which 
two binding screws T, T are fixed by means of which the key can 
be inserted in the circuit. One of the screws T has attached to it a 
metal spring S having an ebonite tapping button P [Fig. 61(a)]. Below 


_ Fig. 61 —Plug Key. -  Fig.'61(a)—Tapping Key. 


this there is a metal stud connected by means of a metal strip (or wire), 
with the other binding screw 7. Contact is made only as long as P ia 
pressed down on the stud. When the finger is withdrawn, the metal 
spring springs up and the cirouit is broken. 

Tapping Key is used if the current is required for a short time, 
while the plug key is used if the current be required for a longer time. 

(©) Commutator.— A commutator is an arrangement for reversing 
the direction of the current passing through any portion of a circuit. ` 
There are different forms of commutators. . iem) 


(i) Quadrant Commutators,— Fig. 62 represents a four-way plug 
which can be used as a commutator. Four thiok metal plates 1, 2. 
8, 4, are separated from one another by gaps (Fig. 69) The 
plates are fixed on an ebonite base B and provided with binding 
screws A, C, B, D [Fig. 62(a)]. Contact is established between the 
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plates by inserting metal plugs between the gaps, as shown in the 
figure (Fig. 62). Tig. 62(a) explains the manner in which the four- 


Fig. 62—Plug Commutator. Fig. 62(a)—Connections in a Plug Commutator, 


way plug key can be used as a aommutator. The battery is joined to 
a pair of opposite terminals, A and B, and the two ends of the portion 
of the circuit in which the current should be reversed (here the 
galvanometer cirenit) are joined to the other pair of terminals, O and 
D. If one plug is inserted between B and D, and another between 
A and C, the current reaches the galvanometer through C (as shown 
by the arrow ab) and comes back to the battery through B. Tf, again 
the pluzs are inserted between A, D, and B, O, the direction of the 
current in the galvanometer is reversed (as shown by the’ dotted arrow 
od). The direction of the battery current is the same in both the cas-s. 
(ii) Pohl Commutator.—Fig. 63 represents another commuta- 
tor known as the Pohl Commutator. This is generally used for 
rapidly reyersing the direction of a current. It consists of six mer- 
ury cups on an insulating base, each provided with its own binding 
gorew. One diametrically opposite pair of cups is connected by a 


Fig. 63—Pohl Commutator. Fig. 69(a)—Oonnections in.a_Pohl Commutator, 
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‘piece of thick copper wire, and another such pair is also connected 
by another wire which is bent in order to avoid contact with the first. 
Conrections are made as shown in Fig, 63(a). The two middie legs 
of the wire-frame rocker E remain always in contact with the mere 
cury cups 8 and 4. The rocker works in such a way that when the 
two front legs dip in the cups 1 and 2, the two back legs do not touch 
the mercury cups 5 and 6. Again, when the two back legs touch 5. 
and 6, the front legs do not touch 1 and 2. 

Now suppose in Fig. 63(a) the front legs of the rocker touch the 
cups land 2. The current from the battery goes to the cup 3 from 
the cup 1 through the wire-frame and then passes through the galva- 
nometer G in the direction ABCDEF. Then from the cup 4 ib reaches 
the cup 2 through the wire-frame and returns to the battery in the 
direction KH, When the back legs touch the cups 5 and 6, the 
direction of current through the ; alyanometer will be just the opposite, 

(D) Resistance Coils and Resistance Boxes—Coils of insu- 
lated wire baving resistances from fractions of an ohm to hundreds 
or thousands of ohms are made by instrument-makers and are usually 


CiS 
B= 


A A 
Fig. 64—Rosistance Box, Fig. 65—Double Wire 
` (Non-inductive) Winding, 
arranged in a box, called a resistance box (Fig, 64). Coils having 
Ebonite standard resistance are also separately’ 
: sold and used. Each insulated wire in 
the coil is doubled on itself (Fig 65) to. 
eliminate the effects of self-induction 
(vide Chapter VII) The tree ends of the 
wire are soldered to adjacent bars A, A 
(Fig 66). When a plug P is ont, the coil 
is in the circuit, “ie the current passes 
from one brass bar A to the other bar 
A through the wire, and when the plug: 
is in, the current passes straight from Æ 
Y io A snd the resistance coil is not inolu- 
Fig. osprey: o. eds ctum by changing the plugs in 
ce Do: Ə an’ i 3 
lo CERERI. + any required combination of 
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(E) Rheosfat.—The resistance in a circuit, and hence the cur- 
rent, can be changed Ly inclvding in the circuit a resistance box, but 
when the value of the included 
resistance need not be known, 
an adjustable resistance is 
often used. Such a variable 
resistance is called a rheostat. 
Fig, 67 illustrates & sliding 
rhea This usually goonie 
of a coil of uncovered ~ ire of 1 
high specific resistance wound on Peet ARDEN 
a slate br porcelain cylinder in such a way that the neighbouring turns 
do rottcuch one another. The two endsof the wire are connected 
to the two front binding screws T, T. The instrument is inserted 
in a circuit ty means of the binding screw A at the top and one of 
the front cres T, T. Ashüirg piece on the top ber R makes contact 
with the wire of the cylinder, and the resistance can be altered 
by altering the poirt of contact Ly moving the sliding piece along 
the bar. 

(F) Regulator.—It is also a variable resistance generally fitted 

with electric fans or motors. It 

has ot several resistances AB, 
BO, CD, DE eto. in series (Fig. 
68) for regulating the current 
according to necessity, There are 
severa] studs A, B, O, etc. the last 
stud F being outside the circuit, 
A metal handle PE is so arranged 
that one end of it moves over the 
studs and the current entering at 
A is completed through the end 
Fig. 68— Regulator. P. The current is minimum when 

the end of the handle is over the stud E and the current is off when 


it is shifted to F. 

59. Mearurement of Resistance :—The following two are easy 
methods for measuring & resistance. 

Method of Substitution —The unknown resisterceis joined in series 
with a battery of ample capacity (ince it ia imyortant in this method 
that the supply voltage: s! all remain constant) and a galvanometer, and 
the deflection is noted, After this, a suitale reristance box is inserted 
in place of the vrkrown yesistance and the resistance in the box 
are adjusted until the galvonometer gives the original deflection, The 
total value of the »eristences used in tbe box gives the value of. the 
unknown one. "be method is chiefly used in a scmewbat modified 
form— in the measurement of high resistances, d.e, reistances of 100,000 


ohms and upwards 


88 INTERMEDIATE PHYSICS 


Method of Comparison.—The usual method of measuring a resist- 
ance is by the principle of the Wheat- 
sione's Bridge, which embodies a 
method of comparison. 

(a) Wheatstone’s Bridge.—It 
consists of four conductors AE, CE, 
CD, DA having resistances P Q, 
X, E respectively (Fig. 69). Ordi- 
narily, the positions P, Q, R and 
Xare called the first, second, third 
and the fourth arm of the bridge. 
The two junction points E and D 
are connected through a galvano- 

Fig. 69—The Wheatstone’s meter G, and a key Kı. A battery 

Bridge. Bisapplied between the other two 
junction points A and OC through the key Ka. The resistance of 
the ditferent branches are so adjusted that when the two keys Ke 
and Ky, are successively olosed and a current pisses through the 
network, there is no d:flection in the galvanometer. This happens 
when the potentials of Band D are the same and so no current flows 
through the branch ED, i.e. through the galusnometer. Any experimental 
method by which this condition of ‘no deflection’ ia obtained is 
called a null method. The current coming from the battery is divided 
at A into two portions C; and Ca flowing in the two branches AEG 
and ADO respectively, which again unite at C and flow bagk to the 
battery. Let V; and Va be the potentials at 4 and C, and let the 
potentials at the points Hand D, which are supposed to be the same, 
be V. As there is no flow of current between the points E and D, 
the same current C, flows through P and Q, while Ca flows through R 
and X. By Ohm's law, 


Vi-V_V-V. : y-V y- 
we have, Chen zu Q * j again o, ats 
WW RE EU ARE SEU 
Hence Y-Y, Q X a y? X p 


Or, knowing any three of these resistances, the fourth oan be 
calculated, 


From the above relation we also get H -2 which shows that when 
this condition is satisfied, the potentials of A and C will be the same on 
interchanging the positions of the galvanometer and the bittery, d.e. 
there will be ‘no deflection’ in the galvano neter, So by using the 
above metho? of connection for ‘no deflection’, the positions of the 
battery and the galvanometer can be interchanged without disturbing 


the balance. 
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So the arms 40 and ED in a Whentstone's Bridge, i.e. the battery 
arm and the galvanometer arm are called Conjugate arms. 


Two forms of Wheatstone's Bridge, which are generally used for 
onc of resistances, are (i) the Metre Bridge, and (ii) the Post 
‘ice Bom, 


Deduction of the Wheatstone's Bridge Principle by applying 
Kirehhofr's Laws.—tet P, Q; X and R joined in series represent the 
four resistances of the Wheastone's Bridge 
and the galvanometer of resistance G and the 
driving battery of resistance B be connected 
in their usual positions as shown in 
Fig. 69(a). 

Then according to Wheatstone's principle, 
2 => when no current passes through G. 

Wo wore required to prove this by applying 
Kirehhoff's laws. f 

Let us assume that è, 41, ig, ig, $a, and da j 
be currents through the different branches of Fig. 69(a) 
She network as indicated in tho figure. 


By applying Kirchhoff’s Ist law to the junction point Z, 
we have i; — i245 0, and to the junction point D, we have, 
ia ig—$,-0, Bub ab the condition of no current through 
G, $90, 48437498 Col og] 
and ig=ig - - (9) 
By applying Kiroh*off's 2nd law to the closed mesh AED, 
we have, 44 X P+igX G— i4 X R0, 
When tj,=0\¢,%P=iaXB , wee (8) 
Similarly, from the mesh, HCD, 
"we have, tg X Q7 4i,X X-H9XG=0; 


or, i4XQ-i4 X X, when ig=0; ... e 0) 
or, 4 XQ-is X X, from (1) & (2) ... e. (5) 
Š P R. 
&. From (3) & (5), FX 


(b) The Metra Bridge.—This consists of a fine bare wire AO 
af uniform cross-section, one metra long, stretched along metre 
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scalo upon a wooden toard (Fig. 70). The two ends of the wire 
are soldered at the points A and C of the series of copper plates AT, 


TL, MN, JF avd FC of negli- 
gible resistances. Binding 
screws are provided at the 
points marked by letters 
A TW MND Ne TF, 
and C. 


There is a slider E, also 
called the jockey, by pressing 
which contact of the galv. G, 
can be made st any joint of. the 
wire. The bridge has two gaps 

Shine LM and NJ for the insertion 
Fig. 70—The Meter Bridge. of retistances. 


. To measure a resistance, X, it is placed in the gap between N 
and J, A known resistance R is placed in the rap betwen L and M. 
The two termirals of a eslvenometer G ave joined to the binding screws 
at D and E, E beirg cn a tlidirgkey slo known as the jockey. Two 
terminals of Fattery B ere joined at T and F through a key K. Now, 
closing the battery circuit first, move the jockey slong the wire to a point 
near the end A, when on pressing it the galvanometer will show a 
deflection, Next move the jockey to a point near the other end C, when 
on pressing it again, the galvanometer will show a de flection in the 
opposite direction. The electric connections will be deemed correct, it 
such oprosite deflections are obtained. Aiter testing the connections in 
this way, move the jockey in between A and C, and press it at different 
points until a porition E on the wire is found for which there is no 
deflection of the galvanometer. At this position, 7 olentials of D. and E 
ave the same. Istlbe the length of the portion AE of the wire 
and (100—1) that of HO, and leb P and Q be their respective. 
resistances. 


Then, we have, x from the Wheatstone’s Principle. 


Assuming the wire to be uniform the resistance of any rortion of it 
is proportional to its length ; fo if p be the resistance per unit length of 
AQ, the resistan: e P of the lengthl=pl, and the resistance Q of length 
{100—1)=p(100—2). 


NS l 


, A E a SECO P . Rx100— 1) 
quocp eh rep RE PES 
Note.—It may be noted that the bridge will be mort sensitive 
when the posit on of the balance yoint E is obtained near the middle 
of the wire. For this reason E should be as nearly as possible equal 


to X. The result may be confirmed by repeating the experiment: 
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with the resistarces in the two graps interchanged. When the balance: 
is nearly obtained, the shunt used in the galvanometer in the preliminary ; 
adjustment may be removed for increasing the galvanometer sensitivity. 
The experiment should ke repeated on reversing the connection of the: 


Fig. 71—The Post Office Box, 


battery B, The values of X obtained from direct and reverse current: 
and on interchanging the gap resistances for each current, will in general 
be slightly different. The mean of the values may be taken.as the: 
approximate value of X. 


Resistances below 1 ohm or above a few hundred ohms are not. 
measured by this method. 


(c) End.Corrections of a Metre Bridge.— The resistances of the 
copper strips and the resistances at the junctions (4) and (C) of the bridge 
wire with the copper strips AT and CF (Fig. V.) were assumed as 
negligible and it was also assumed thatthe two ends of the wire were 
exactly coincident with the zeroand the hundred centimetre marks of 
the scale On account of some finite resistance of the copper strips 
however small may be, and due to bad soldering, and non-coincidence 
of the ends of the wire with the zero and hundred centimetre marks 
of the scale, resistances equivalent to, say 44 and Ag centimetre lengths 
of the bridge wire are introduced at the left and the right ends of the 
metre bridge wire respectively. The values of A, and Àa are called the: 
end-corrections of a metre bridge. 
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With the resistances R and X used in the left and right gaps respeo- 
‘tively when the balance is obtained at a distance 7 cm. from the left 
end, we have then, 

R_ I+), 


X 100—(tÀs 


If the resistances are interchanged in the gaps, and a new balance 


¿point is obtained, say at a distance }’ from the left-hand end, we have 
‘then 


m a ss (1) 


R_100-V+N.s 
fe n zm Sese) 


The end-corrections are ordinarily emall, say only a few millimetres 
«or so, They are negligible if 7, 100—7, 100 —/', i^ are very large com- 
pared to A, and As, Ay and Àa can be calculated from the above two 
equations. Of course R must not equal X, for no change in the balance 
is pro luced on interchanging them, A convenient ratio is R/X=10: 1. 


(d) Carey Foster's Bridge—It is a metre bridge with four gaps 
‘instead of two gaps. This bridge is a very convenient one in performing 
‘the division of the bridge wire into a number of parts having equal 


‘resistance or to determine the resistance per om. of the bridge wire or to 
calibrate the bridge wire, 


The principle used in the bridge is that if a balance be obtained 
‘at a distance 7, om. from the left end A [Fig. 71(a) with two 
Unequal resistances M and 
AN inserted in gaps 1 and 4 
and ratio arm resistances R 
and X, and the resistances 
Mand N be then interchan- 
ged when a new balance at a 
Gistance le om. is obtained, 
the difference between the 
resistances M and Nis equal 
to the resistance of the bridge 


Fig. 71 (a) wire between the two points 
of balance. 
M+1,X% 
8o, Rika oe, = ET d 
s IX— 5G is (1) 


"where T'=length of the whole wire in centimetres, and p=resistance 
of the wire per cm. 


Again, for the new balance, 


N+lon 
Xs Tana 
BP -ui -— m7 om 8 


OHM'S LAW : RESISTANCE 9$ 


Adding the numerator and denominator toget a new numerator in 
each case, we have from equations (1) and (2), 
M+ ptN+(T—1r)p_ N+loe+M+(T=1e)p , 
N+(2=1,)p Eo M+(L-ts)p i 


M+N+Tp _M+N+Tp . PAIGE de Po 
eT A mk Tou ER A Fm 

or, M-—N-lsp-—lip-(ls—i)e ee 2s a (3) 

It N=0, M.=(la—lı)p. To make N=0, a thick copper strip 
with two suitable slots cut in it to fit the gap in the bridge may be 
used. Obviously, p will be determined from the exprimental value 
of la—lı and knowledge of M. To perform a calibration, a short 
resistance wire (say, of manganin) soldered to two stout plugs and 
having a resistance of about wo of that of the bridge wire may 
be taken. For R and X two resistance boxes should be used. E 
and X are varied until, with the contact maker placed near the left 
end of the bridge wire, say at distance lı cms. from the end, a balance 
is obtained. R and X are then interchanged and a new talance, 
say at distance J, cms. from the left end, is found, Thus the first 
section of the wire, la—lı has resistance equal to M. Keeping the: 
contact maker at la, and varying E and X and repeating the fore- 
going process the next section having resistance equal to M may 
be determined and in this way, the whole of the bridge wire may: 
be calibrated. For closer calibration, only a smaller value of M is. 
to be selected. 

(e) The Post Office Box.—This is & compact form of the 
Wheatstone's Bridge [Fig. 71 (b). Tb is so named because this insbru- 
mont was originally intended for 
service in the British Post Office 
for measuring resistances of tele- 
graph wires, etc. On examining 
the box whose inside electrical 
connections are given in Fig. 
71 (b), it will be found that in the 
first line AC there are two sec- 
tions, A and EC, each contain- 
ing a set of three coils of resist- 
ances 10, 100, 1000 obms res- 
pectively. These sections form 7 
the P and Q arms of Fig. 69 Fig, 71(b)—The Post Office Box 
which are al-o galled the ratio Connections, 
arms of a Wheatstone Bridge. The resistances of the remaining 
coils vary from 1 obm to 5000 ohms or may be any other suitable 
series. This section forms the arm R of Fig. 69, called also the 
rheostat arm, which should be adjusted till no current will pass in. 
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‘the galvanymater. In order to inser& a resistance in the oirouib, the 
plug in the corresponding coil should be taken out. The unknown 
resistanie X i4 put in the forrth arm bstwaen D ani O, The galvano- 
meter G is inserted between E and D throush-tha tanoing key Ky 
while the battery B is connested between A and C through the other 
key Kg and a rheostat in series, 


Exot.—For the measurement of an unknown resistance X, first 
draw a diagram of the Whentstone's Bridge, and make the connections 
‘as in Fig. 71(6) In making the me surement, fir-t take out the two 
plugs eorresponding to resistances 10 ohms from eich of the ratio 
‘arms HA EO, and adjust the resistance R in the rheostat arm AD, 
‘till the*galvanometer gives no deflection. 


In this position, we have, P/Q =R/X 
-p0-p10. 
or, X=R P R mi B. 


Or, the resistance in the AD arm gives directly the valua of the 
unknown resistance. If, however, the exact balance point is nob 
odtrined, the orrrect value oan be caloulated by the principle of pro- 
portional parts. By chaning the values of the rasio arna, and 
correspondingly changing the value of tha 4D arm, the resistance up 
fo the second place of deci nal oan be dstarmined. 4 


For example, siy, the valus of an unkno vn resiatinoa i3. 931. ohms, 
‘Ohanging the ratio of P:Q from 10:10 to 100: 10 and fiaally to 
1000:10, tha eorresoondinz resistinces in the AD arm should be 


hanged from 2 to 23, and finally to 231 in order that there may be no 
deflection in the galvanomete-, 


^i t 
Then, we have, TOUR Therefore, X —2'21-ohms. 
ROUTE: 
Medium resistances, ie. resistances b-twsen 1 ohm and 100,000 
“ohms are ordinarily meatured by this method, 


Note,—-Remember always to close the battery circuit before 
the galvanometer circuit, for if the galyanometer circuit is closed 
before the battery circui , a temporary current may flow through the 
galvanomeser in the opposite direction to the main current dae to 
‘Belf-induction (vide Cnapter VI). Follow the reverse order when 


breaking the cirouit, i.e, break the galvanometer oiroui& before the 
battery circuit. 


60. Determination of the resistance of a galvauometer :— 


To do this, the most satisfactory procedure for a moving needle 
galvanometer is to renova the needle, and for a moving coil one to 
clamp the coil and then measure the resistance between the two 
‘terminals in the usual way by means of the P. O. Box. A second 
:salvanometer is, however, necessary in this method. 
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Thomson's (or Kelvin's) method.—Here only one galvanometer, 
ie. the galyanometer under test is required. A P.O, Box is neces 
gary, though the electrical connections 
are not in the usual way. The connec- 
tions may be made as shown in Fig. 72. 

A steady current flows through the 
galvanometer (of resistance G) when the 
key Ka in the circuit of the battery B 
is closed. For any value of the resistance 
Q the potentials of E and D are not, in 
general, the same. Hence when the key 
K, is pressed. it produces & re-distribu- 
tion of currents in the different branches 
of the network and the current through 
the galvanometer either increases Or 
decreases. But when the resistances 
P, Q and R are so adjusted that the 
relation PXG=Q*R is satisfied, the 
points E and D become equipotential and Fig. 72 


then there is no change in the distribution of the currents when 
K, is closed. Actually Q is adjusted keeping P and Q constant till there 
is no change in the galvanometer deflection either on closing or opening 


K,. Gis then given by the relation, a=$x R. 


E 61. Determination of the internal 
resistance of a battery :— 
Mance's method.—The battery ` (of 
resistance B) is, placed in tbe 4th arm CD 
< $e. in the place ordinarily occupied by the 
unknown resistance, in the usual Wheat- 
stone's bridge method, while the ‘usual 
battery branch contains a tapping key Ks 
only (Fig. 73) The galvanometer is 
deflected. Resistances P, Q and E are 
then adjusted until the galvanometer 
deflection remains the same whether the 
j key Ka is either closed or opened. When 
Fig. 73 this condition is reached, the usual cal- 


-culation applies, viz. Resistance B ot ee e gl P, and since Q, P and 
R are known, B can be calculated. 


62. (a) Uses of the Metre Bridge and the P.O. Box :— 
(i) The Metre -bridge is suitable for measuring small resistances 


hien the Post Otce Box is suitable for measuring fairly high resis- 
Ganoes. 
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(i) The specific resistance p of the material of à wire whose 
resistance X is determined with either of them may he calculated by 
measuring the length and area of cross-section ; thus p= XS/l obms-cm., 
where l? cm. is the length and S sq. cm. is the cross-section of the wire, 

(iii) Laws of series and parallel resistarces may be verified with 
the help of either a Metre Bridge ora P.O Box. The methcd is to 
measure the eeparate resistances, one after another, and then to measure 
the combined resistance in series or parallel connection. 


NB.—As the Post Office boxes vary in design, the student when 
using any such box, should compare the plan of the connections in the 
hox, with Fig. 69. 

(b) Precautions in using the P.O, Box.—(i) There should not be 
any dust on the top of the box; otherwise, the insulating quality of 
ebonite with which the lid of the box is usually made, may be affected. 

(ii) Perfect contact should be ensured after inserting the plugs 
in the holes for which a slight screwing motion should be,given to 
the plugs bot too much force must not be applied. 

(ii) On no account a strong current should be allowed to pass 
through the ccils of the bor, as this would produce considerable heat 
in the wires and will change the residence of the coils and also melt the 
paraffin with which the coils are ordinarily plastered, Even a small 
current should not be allowed to flow for a long time. 

Example.— The resistance ihe arms of a Wheaistone's Bridge are ô, Te, 20; 
and 60 ohms 80 that the bridge is balanced and no current passes through the galvano» 
meter. The E.M.F. of the battery és 2 volis and iis resistance is 4 ohms. What 
ourrent passes through st 1 


Ans. Jn Fig. 69, let the arms P, Q, R, X be 5, 15, 20 and 60 chrrs respectively. 
Then P4 Q (=r, say)=5+15—200hme; R+X (=r, say) = 20+ 60=80 ohms, 


^, Whe’ equivalent resistance (Art, 53) mits, 20X80! t 
D eq x ice ( ) R Porvenir: 16 ohms. 
` E 


2 1 
M On Total resistance 4-316 10 "P. 
08. The Potentiometer and the Principle of its uae :— 
The potentiometer is a simple physical apparatus but has a unique 


Fig. 74 
importance for its universal application in precision _ electrical 
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measurements, The principle of its use consists in measuring an unknown 
p.d. or e.m.f. by comparison with a standard e.m.f. Utilising the principle 
it may be used for the measurement of emf, current or resistance, or 
for the comparison of two e.m.f.s eto. 


Description of Potentiometer.— Fig.74 shows an ordinary multiple 
wire type } otentiometer. On a wooden board a number of conducting 
wires (usually ten, lers frequently five) of uniform cross-section, each 
usually 1 metre in length, are stretched ard fixed parallel to each other 
and joined in series by thick copper strips. ‘The material of the wires 
should be of moderate resistivity and low temperature coefficient and £0 
eureka wires and in better types manganin wires are commonly used. The 
combination of the wires acts as & single wire of length equal to the sum 
of the lengths of all the wires. 


Binding sorews Bı and Ba are fixed to the free ends of the first and 
the last wire. A brass strip RR provided with binding screws Bs and B, 
is Bxed alongside the last wire. There is a aired platform at the edge 
of the beard, near the firet wire, on which a metre scale is fixed between 
the ends of the wire. A three-legged jocky bridge J of brass can Le 
moved above the wires, its one leg L always slidirg on the brass strip 
RR. By pressing a metal puth key T of the jockey, any point of a wire 
can be contacted with the brass strip. The other two legs of the jockey 
rest along & parallel groove on the wocden board near the raised platform, 
By means of an index mark I, the point of contact of the wire can be 
noted from the metre scale. 


The Principle of the Potentiometer Method.— 


Let the battery B, afterwards called the driving battery, send a 
steady current through the potentiometer wire whose total length is 
represented by Bı Bs, K being 
a plug key and Ri, a regulating 
resistance to obtain a suitable 
current [Fig. 74(a)]. Let C be 
the cell whose e.m.f. is to be 
measured. This test cell is con- 
nected in series with a galvano- 
meter Gand a resistance box S 
and its positive terminal is con- Fig. 74(a) 
nected to the same binding screw B, to which the yositive terminal of 
the driving battery B is connected, the other terminal being connected 
at the final end to the jocky J of the potentiometer. 

1t the resistance per unit length of the wire Ba Ba be p (supposed 
uniform) and é be the rtesdy | current in it when ihe jockey J does not 
contact on Bı Be, then the fall of potential per unit length of the slide 
wire B; Bs isp i. When the test circuit is ccmyletee by pressirg the 
jockey J on the slide-wire at rome point P where the length B4 P=., a 
current, to bmit which S may be made large, will fow through the 
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galvanometer in the direction B10GSJ if the voltage drop pil is greater 
than the e.m.f. of the fest cell O, siace the £e:t cell is connected so as to 
oppose the passage of this current. Ifthe two voltazes are equal, no 
current will flow throueh the galyanometer which will show a null. 

Suppose, now, that the e.m.f s., E, and Es of two cells, O, and Ca 
are to beconpare}, Place the cell C; in the position of O in Fig. 74(a) 
and adjust the position P of the sliding contact J on the slide-wire 
until there isno d-flection in the galvanometer G. Let the length 
B,P then be lı. Replace the call C, by the second cell Ca and obtain 
Similarly a second length J, when there willbe again no deflection in 
the galvanometer, 

We have then E, =il,, and Hy=ils, £0 that 

L,/Es=h1/le E se ion GL) 

Ifone of the cella (say Ci) is & standard cell whose om.f. is 

accurately known, the emf. E, of tho other will be given by 


Note: (i) Tt is essential that the two batteries Band O must be 
| correctly poled, as shown in Fig. 74(a). } 

(iii At balance, since there is no ourrent through the galv. branoh, 
the current in the slide-wire B, Ba is unaffected by connection of J 
on D; Bs. ~ 

(iu) At balance, no current passes through the test battery C. So 
the measured 2.7 f. is its open circuit e.m.f, or true e.m.f. 

Precautions: (i) The p.d. between B, and By set up by the 
driving battery must be greater than the e.m.f. of the test battery, A 
2-V lead acid cell is convenient a3adriying battery B with whicha 
range of basti e.m f. up to 1'9 volt may be measurable. 

(ii) The driving battery B must be of ample ampere-hour opacity 
go that the current i in the slide-wire may remain constant taroushoub 
the test. 

(iii) A resistance S must be connected in series with the galvano- 
meter, or a universal shunt used, for protestion of the gilv. during the 
initial adjistment of the contact J, and this protecting device is ta be 
out out as the balanse point is nearly attained. A high series resistance 
S is absolately neo»ssary when a standard cell is inserted ia this circuit, 
because no appreciable current must be drawn from it i! ita a.m.f. is to be 
relied upon. 

Accuracy of Measurement iu simple potentiometric methods.— 
In the above elemantary form of the potentiometer, the accuracy of 
the measurément depends on she ratio 1;/ls (vide equation 1’ above). 
Assuming the same error in reading 1, or la, the longer the slida- 
wire B, Bs, the lower the percentage error in the measurement, In 
modern for n3 of precision potentismeters, the effect of a lon: slide- wire is 
obtained hv using a oumber of standard resiabance coils in series with a 
comparatively short slide-vrire, 


——————Ó—— 
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In comparison experiments, the accuracy of the reading (lz and 
la), however, depends on the uniformity of the slide-wire and the 
constancy of the current through it. In an absolute measurement the 
accuracy depends in addition on the accuracy with which the p.d. across 
the slide-wire is known. Modern potentiometry gives precise measure- 
ments because of the availability of a precise standard of em.f. in the 
form of a standard cell for the determination of this latter quantity. 


64. Modern Potentiometers :—Modern potentiometry is precise and 
accurate, Tt comprises a wide field of applications. There are many types 
of modern potentiometers, e.g. Crompton potentiometer, Vernier poten- 
tiometer, Brooks. Deflection potentiometer, Diesselhorst potentiometer 
(thermo-electric free) for use. with d,c. and Drysdale-Tinsley AO. 
potentiomenter, Gall-Tinsley AC. potentiometer, for measurements of 
electrical quantities like resistance, current, voltage, etc. besides quite a 
few other si ecial purj ose ; otentiometers for measurementol non-electrical 
quantities like-temperature (using thermo-couples), degree of acidity or 
alkalinity of solutions ‘pH meters) and soon, Automatic recording type 
potentiometers baye also been developed. 

Direct Reading Potentiometers: Crompton Potentiometer:— 
RE. Crompton first modified the laboratory type slide-wire potentiometer 
to make it comjact and direct-reading. AB (Fig. 74 (b)] isa graduated 
slide-wire (about 01 Q). It has connected in series fourteen resistance 


| 
c 


0 $0) 602.003 
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Fig. 74(0)—Crompton Potentiometer: 
coils each having a resistance equal to tbat of AB. This combination is 
connected in series with a supply battery C (2 volts) and two regulating 
resistances Ra and Ei, the former for coarse adjustment and the latter 
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for fine adjustment, P, and Pa are movable contacts which ‘can 
respectively be slided over the'studs of the resistance coils, between A and 
D and the slide-wire 4B. A voltage-sensitive galvanometer G is connected 
through a key K and & multiple circuit switch (M C.8.) in series. between 
P, and Ps) The standard cell S or other test. e mf.s can be put into 
the gilvanometer circuit by means of the switch M.O.S. 


Method of Use.—The first thing todo is to standardise the 
potentiometer that is, to make it direct-reading. This is done, as follows, 
by adjusting the potentiometric current supplied by the cell C by means 
of the regulating resistances R, and Rg. 


A standard. cell (S) (Weston cadmium, e.m.f.— 10183 volts at 20°C.) 
ig connected between the terminals+SC. and—S.C. of switch M.C.S. 
with correct polarity. The potentiometer contacts P, and Pa are then 
set on the potentiometer dials to read the e.m f. of the standard celk 
corrected to the room temperature, $.e. if the e.m.f, is 1'01*8 volts, P, is 
to be on the dial reading 1°0 and Pa on the slidewire dial at 0°0183. Ry 
and finally E, are adjusted so asto regulate the potentiometer current 
until on pressing K down the galvanometer G indicates null. This is 
what is known as standardising the potentiometer. 


To measure a test emf. (say, connected to+1, —1), leave the 
resistors Rı and Ra at their standardising settings and switch over the 
selector-switch to terminals marked+1, —1. Adjust P, first and finally 
P, until the galvanometer G shows null. The reading of P plus that of 
Pa, on the dials, then directly gives the ¢.m.f. under measurement. 
Similarly, any e.m.f. or p.d. connected between the terminals marked 4-2, 
—9 can be measured. It is good practice to check up the initial 
standardisation of the potentiometer current (often 10 milliamps.) before 
and after each measurement. 


A casing is used to enclose all the contacts and joints so as to protect 
them from the atmosphere (corrosion dus to acidity of the atmosphere) 
and to secure a uniform temperature everywhere. To stop leakage 
currents, the working parts are fitted on an ebonite board and are kept 
hanging from the: latter which constitutes tbe lid of the potentionmeter 
casing. A takelite top placed on the ebonite board for protection against 
light and dirt, with knobs protruding through holes in it for the moving 
parts, is often used. 


Tt is necessary that the potentiometer readirgs should be free from 
internal thermo-e m f.'s. They are small no doubt since the internal 
temperature is nearly uniform, and are reduced to negligible values by 
making the resistance coils and the slide-wire of manganin which haa 
very low thermo-e.m.f. with respect to copper. 

Example ;— The positive-terminal of the standard cellis connected to A and 
the negative one to the jockey J, through the galvanometer, Adjust the jockey 
1000 xe _ 100 x 1:0183 


on the slide-wire, so that the length=— 77 ———3 750918 ems, 
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To determine the null-point, R, and R, are adjusted very carefully, 
The length of the slide-wice between A and J=509'15 cms. and the potential 
drop across it=1 0183 volts, 


i.e. for a length of 509 15 cms., the potential drop=1 0183 volts: 
210188 2 1 vot, 


lem. - .10168 

i) ver : 50918 500 
2 

; ji 3 -.9 =2 mv. 

i 1000 N 

» » 05 em. z -1mV. 


Now, if the zero of the metre sole attached to the instrument coincides with 
A, thon mark 1 mV on O6 em , 4 mV onlom.andsoon. [Fig. 14(5)] 


Then any unknown potential may be dircetly read out. 


65, Experiments with a Potentiometer :—A few important 
experiments are described below indicating the wide scope of- application 
‘of the potentiometer method. 


Expt, 1. Comparison of the e.m.fs. of two cells (say, a Daniell, 
Gell and a Leclanehe’ Cell), 

Connect the positive poles of the two cells C; and Cs (ot e.m.fs, 
E, aud Es respectively) to the same terminal B, of the potentio- 
moter and their megative poles through a two-way key Ke, the 
galvanometer G and a resistance S (of the order of 1,000 ohms) to ' 
the jockey J of the potentiometer [Fig. 74(c)]. Also ‘connect the 
driving battery Bi (which may j 
be 9 alkali cells in series), 
the regulating rheostat. 21 
and: plug key Ky in series to 
‘the two terminals B, and Ba 
ol the potentiometer such that 
‘the battary B is also correctly 
poled, i.e. the positive pole of 
B is connected to the terminal 
Bı, ns shown in the figure. 

O! the two cells, leb C1 be Fig. 74(c) 
of greater e.m.f. (Leclanche’ Gell). Bring the key of the jockey on 
the last wire of the potentiometer, close K, and then K, with the 
cell C, in the test ci cuit. Adjust the resistance E, until no deflection 
is shown by the galvanometer G on pressing the key of the jockey, Let 
the balancing length so obtained be ly. 

Do not disturb. the driving cirouit. Next disconnect the cell C; 
by the key Ka and inciude the other cell Ca into the test circuit. 
Adjust the ro-ition of the jockey J on the slide-wire until again a 
second balance point is obtained on pressing the key of the jockey. Let 
the bilancing length be now la (thia will be less than 12): 


Ii p be the resistance per unit length of the slide-wire we have, 
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E,=pili, and B, =ils, since the slide-wire current is the same 
in both the case of balancing. That is, 
By pilla 
Eg pila la 
Thus the comparison of the two e.m.fs. depends only on the two 
balancing lengths, assuming the slide-wire to be of uniform resistance 
throughout its length. A milliammeter (500 mA) may be included in the 
driving circuit of B' to check up the constancy of the slide-wire current 
during the two balancings. 
Expt, 2. Measurement of the e.w.f. of a Cell-In expt. 1 if 
the cell Ca be a standard Cell (Normal Cadmium Cell) whose e m.f. 
is accurately known, the em.f. Hi of the test cell C4 will be known 


trom E, — 1x Es. 
lg 


Alternatively, though the method is less accurate, the e.w.f. of a 
cell may be measured by a potentiometer using a milliammoter and a 
resistance box as described 
below. 

Set upa circuit [Fig. 74(d)] 
in the same way as in Fig 74 
(c) the only difference 
between the two beiog that 
the regulating resistance Ry 
in the present case is a 
resistance bix from which 

. : suitable known resistance may 

Fig. T4(2) be inserted in the driving 
circuit and the adjusted current (in milliamps.) may be indicated by a 
milliammeter (mA) also joined in series, 

Measure, before connecting up the two circuits, the total resistance 
(X) of the potentiometer (between Bı and B.) by means of a P O. box, 
Then if L be the total length of the wire, the resistance in ohms per unit 
length (o) of it, supposed uniform, will be XIL. 

Next bring the jockey J at a position P on the last wire and inserb 
by trial a suitable resistance R in the resistance box Rı such that on 
closing the key K and pressing the key of the jockey, the galvanometer G 
shows no deflection, Take the milliammeter reading (i) now which ig 
the slide-wire current. 

Then the em.f. E, of the test cell C1=p.d. between Bı and P 


along the slide-wire= P x7 volts, where. J=the length of the 


j 


slide-wire between B, and P. The current 1/1000 amp. may also 

be approximately calculated by dividing the e.mf, of the battery B by 

{R+X), neglecting the resis ance of the other components in series. 
The above experiment should ba repeated for a few more different. 
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values of i in which cases, the value of the balancing length | will 
be different. In all such cases, however, èX 1 should be constant, if the 
experiment is to be regarded as successful. ===" S 


Expt. 3. Measurement of Current by Potentiometer.— 


Let a suitable steady drop 
of potential be created per unit 
length along the potentiometer 
slide-wire By Ba [Fig 74 (e)] 
by the flow of a constant 
current 4 through it from the 
drivine battery B. This poten- 
tial drop may be adjusted by 
regulating the current $ by the 
rheostat Ry. Suppose the 
source of current B' the key 
Ka, the resistances Ra and T 
constitute, as shown, a closed circuit, the current iz flowing through 
which is to be determined and of which the‘ known resistance r in- 
cluded in series is small. The standardising cell C or the p.d. 
across r, through the two-way key Ka, the galvanometer G and 
a high series resistance S, can according to the arrangement shown, 
bo impressed on the . potentiometer slide-wire for balancirg. Of 
course, each of them must be correctly poled as shown, Ii E be the 
e.m.f. of the cell C, snd e, the p.d. scross the low resistance 7, and if 
they require balancing lengths l4 (such as B,P) and la respectively on tle 
potentiometer wire when the galvanometer will show ro deflection then, 

E=pil, snd e= pile, astuming the slide-wire current 7 to remain 
constant between the two balancings, and where p is equal to the 
resistance of the potentiometer slide-wire per unit length. 


That is, e= Ext, But e=rXie, Where ie is the current to be 


1 
determined. Therefore, i$— er E x b, 
a 


Fig. 74(¢) 


Expt 4. Determination of the internal resistance of a cell 
by: potentiometer.—The potentiometer ciroui& is completed through 
R the driving battery B Fig. 

74(f)], a suitable rheostat Ry 
Kz and key Kı as usual. ruppose 
C is the cell whose interral 

c resistance, which, suppose, is 

r, is to be determined. Let 


h 3E this cell be connected through 
R [5 » the galv. G and tLe resistance S 
LA a (whose function is to limit the 


Y unbalanced current) soasto form 
Fig. 74(f) the usual test circuit taking care 
that the positive terminals of both driving battery B and the test cell 0 
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are jrined to the same binding screw B, of the potentiometer. The e.m.f, 
of the test cell C is than balanced at sone point P(pre'erahly on the last 
wire by regulating the slide-wire current by means of the theostat Ri) 
when the bilancing leagth betwaen B, P is, suppose, 1. Naxb, the test 
cell is shanted by a suitable resistance R whereupon, suppo:e, a current 
#1 continuously flows through the cell. The p.d. between the poles of 
the shunted cell, whioh is less than the e.m f. of the cell, is now balanced 
on the slide-wire again at some point Q when the balancing length li, 
between Bı and Q, will be less than the previous balancing 
length J. 

It then H=o mf. of the test cell, and e— p.d. of the shunted cell, we 
have, H/e=l/l1, assuming the slide-wire current to remain constant 
between the two balancings, 


Now eei Xt zx n. E ERE; 
‘ali Tn gqi-h at Leal 
or, ltg E or, r/R i} or, r Fe )z. 


Expt. 5. Measurement of a low resistance by Potentionster.— 
All resistances of the order of 1 ohm and under are classified as low 
resistance:. Such low resistance may be met with in actual practice 
in ammeter shuats, lensths of heavy cables, contact resistances, armature 
and series wiadings of large dynam)s, eto, 


The principle. of measurement consists in adding in series to the 
ankno.vn resistance a kaowa low resistance of the sme order in an auxi- 
liary circuit through which a moderately large current is passed. The 
p.d.'s across, the twa resistances are then measured on a potentiometer. 
From them the unknown resistance is calculated. 


Fig. 74(9) 


[In Fig, 74g), a low resistance unit has bean separatel: 
while ths maasuriag circuit has been depicted on the right. RES TONS 
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‘that a low resistance unit R is usually provided with four terminals—two heavy 


aurrent terminals Ca and-C, and two potential terminals a and b. Phe two current 
terminals are connected in series to the supply circuit and the two potential termi- 
nals to the measuring circuit, When so done, the resistance measured is between 
two definite sections to which the terminsls@ aad b are soldered and is indepen 
dent of the end resistances which may be comparable to the resistance under test.) 

Connect the potentiometer B, Ba with a batéary B and a rheostat - 
R and a key K in a sories circuit as shown in Fig. 74(g), right. Tbe 
ubknown resistance X and a comparable known resistance R are joined 
in series in a separate supply circuit (only partly showa in the figure, 
and an ample current T is passed through it such Ghat the pd. across the 
combination is only slightly less than the p.d. between B,and Ds. The 
positive terminal Ca of R is conueotel to B, to which the positive 
terminal of the driving battery B is joined which is essential as in all 
potentiometer methods, The potential termioals a & bot R aod c & d 
of X are connected as shown to a four-way key Ky aod throagh a low 
resistance galvanometer G and the usual limiting resistance S to the 
gliding jockey J. M 

First closing Kı, close Ka successively to connect a, b, o & d to 
‘bhe jockey, and find the corresponding balance points, ray, Gy, br, Cı & 
d, on the slide-wire. If i is tbe current through the slide-wire, 
IxR-(pi)Xl, where p=resistance per unit length of the wire 
{enprosed uniform), and Jy=length from a; to br. Similarly, 
IXX=(pi)Xla, .where ls=length from c, to di. Thus 


xin-h ; or, X-RXP. 
1 1 
66. Measurement of High Resistance :— 


(i) By substitution method—It is also à direct deflection 
method. A known resistance Ri Q, : ) 
which should be of the same order i G 
as that of the unknown resistance 

(Ra Q. say) are alternately, plao-d in 

series circuit consisting of a battery $ 
of ample voltage Æ connected through 

a commutator (C), a shunted dead- 

beat type current-sensitive galyano- 

meter of known resistance GQ anda 

two-way plug key, K, the oommutator 

© being preferably of the Pobl's type R 
(Fig. 75). The value of the shunt S R; 3 
[s adjusted in each case such that the $ 

defl-ctions in the galvanometer in 


_the two cases (9; correspondioe to Ry, € 

and 05 corresponding to Ra) are _ sa 
nearly equ.l but as large as possible E 
withia the scale, Fig. 75—Messurement of 


„$i high resist» 
Let B be the e.m.t. of the battery l hiie cuales ocak 
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and S,0, thevalue of the sbunt when 0, is the galvanometer dcfleo- 
tion when R,Q is inserted in the circuit by plogg'ng the suitable gap 
in. the two-way key K. If T,” isthe current now through the galvano- 


meter, we have, 

8i 
B+G 
where I ds equal fo the main current from the battery, neglecting 
the resistaroe of the battery, commutator C and key K which are very 
small compared to Ry. Bat Z 


Ti -TX 


sr SIC 
RA 
+ 8. +4 
vul ps. EXG.2 0) figs RS, 
CO c BUSi+G)+5iG SLEG RQ.2-G)4-8,G 
=m, (say), Anite uis 2250 


Where m=galvanometer constant. Urder the seme reb of eoncitions 
the direction of the current through the palvarometer shonld now 
be reversed by the help of the commutator C. This will enable one to 
know if the zero indication of the galvanometer is stable or not, or 
whethr t the control sprirg of the galvanometer is perfectly elastic or 
not. If the difference between tbe two deflections is small, the meen 
of the two deflections may. be taken ss the value for 0,1. Ifthe differ 
ek nob small, the galvanometer is to be replaced or necessarily 


, Similarly, ff S, be the necessary value for the shunt when the 
unknown resistance R, Q is inserted, and the corresponding mean 
ie of the deflection for the direch and reverse currents be 02, we 

VƏ, 


ES 
IL 2 = 
ARR Saara 7. (s jà ‘isl 
| Dividing equation (1) by equation (2) 
ROS.tG S.G S. 0. (3) 


RBS, 3G)4S,G S, Va 


Since every other quantity. in RB, is kn 
wees y excepting E, is known, the latter oan be. 
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Note: (j Tt BR, is very large, no shunt may be necessary. Nece- 
seery alterations in equation (2) may in that case be made putting: 
B. o. 

(i) It 01 and 60, are not nearly equal, the constant of the galvano- 
meter m will not be the came in the two cases. 


67. Ammeters and Voltmeters :—An ammeter (or amperemeter) is- 
an instrament for measuring the strength of a current in ampercs or in 
decimal part of an ampere, 

Ammeters are chiefly of three types—(i) moving-coil, (ii) moving- 
magnet, (ii) moving-iron types, of which the permanent magnet 


moving coil type is the mos} common 
form for d.o. measurements and is also 
the most accurate. It is essentially a 
low resistance moving coil galvano- 
meter. 

Such an instrument a vertical seo- 
tion of which ls shown in Fig. 76 con- 
sists of a coil of scme turns of insulated 
fine coppe wir wound on a ‘light 
aluminium frame. The frame is fitted 
with a spindle or bardened steel which 
is in two parts, one at the top and the 
other at the bottom, both being insu- 
lated from the frame, The outer ends 
which sre ee fit’ into Hu holes i alt Haan D ade 
in jewels (preferably ssppbire) which of Double-pivoted moving- 
form the bearings The jewel: are set AouiGelysnometésl 
on two fixed brass sockets L and L'/. The two ends of the coil are 
attached, one at the top and the other ati the bottom, to the two parts 
of the spindle which can freely turn on the hearings, Two oppositely 
wound lizht springs H and H’ of phosphor bronze attached to the upper 
and lower parte of the spindle at one end and to the terminals T, T’ at 
the other, act as the lead-in wires for the instrument. The motion of 
the coil in either direction is controlled by the springs. The coil is 
situated between the two poles N and S ‘of a permanent horse-shoe 
magnet whose pole pieces are cut into concaye shapes leaving a vertical 
aylindrioal air-space in between [vide Fig. 76 (a)].- Bo the field is made 
radial ; it is agein intensified in the coil by placing a cylindrical soft-iron 
core D, (Fig 76) in the air gap within the coil co-axially with the coil, 
but without touching it. A light ipointer P [Fig. 76(a)] fixed at right 
angles to t! e plane of the coil moves over a graduated scale. Thus ib is 


adouble-pivoted moving-coil galvanometer of low resistance, provided 


with an indicating pointer. i 
Whea the instrument ‘is used as an ammeter [Fig. 76'a)], the two 
&ermiaals. A and B, are shunted with a suitable low resistance which 
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determines the maximum value of the current through the instrument. 
Fig. 76 (a) gives a plan of the instrament. 


TR 
SUA B ~ 
Fig. 76(a)—Principle of Fig. 76()—Principle of moving-coil 
moving-coil Ammeter, Voltmeter 


When the instrument is used as a voltmeter, the low resistance 
shunt is remomd and a suitable high resistance R is put in series 
with the galvanometer’ coil [Fig. 76(5)) and this resistance determines 
the range of the snstrument, The Seale is directly graduated either in 
amperes or in volte, thé zero of whioh generally begins from the left end, 

hen & current passes through the moying coil, a deflection propor- 
tional to it is produced, which is indicated by the pointer P over the 
Graduated scale. . 
_ he scale-is graduated by comparison with come standard instrument. 
This process of comparison is known as Calibration, 


Ammeiers are always placed in a current circuit in series and that 
fs why tho resistance of the instrument should be very: small in order that 
it may not appreciably change the strength of the current in the circuit, 

j A Voltmeter—an ordinary type of which resembles an ammeter 
in Appearance—is an instrument for measuring the difference of potential 
between any two points of an electric circuit [Fig. 76,5)]. The difference 
between. an ammeter and voltmeter is that the moving coil J ia the 
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THEORY OF VOLTMETER 


If C be the strength of the current flowing between two points in 
a circuit before completing the voltmeter circuit, the P.D. between the 
points is Cr by ohn’s law, r teing the resistance between the two ‘points. 
Now when the voltmeter is joined across the portion of the main circuit 
having resistance v, it taps: off a pari of the main current, though & 
very small part, say O4. Then the current flowing through the main 
circuit is (C—C,) and the P.D. between the points is(C—C,)r. This 
shows that any current C4 passing through the voltmeter causes a diminu- 
tion Cır of the P. D. origioally existing be&«ean the tuo points, and thug 
the P.D. measured by the voltmeter will be smaller by Cir than the 
actual P.D. Cr, which existed between the points before the voltmeter 
was connected up. Now, if the resi-«tance of the voltmeter be very 
great in comparison with 7, the current Ci, flowing through the 
voltmeter, will be so small that is may be neglected in comparison with 
C (which may thus be taken to be unchanged), and so the P.D. between 
the points becomes practically equal to Cr. 


The deflection of the voltmeter is proportional to the small current 
flowing through it, and this'is by Ohm's law, proportional to the P.D. 
between the points with which the terminals are in contact. Hence, 
if the voltmeter be already calibrated to measure P.D. directly in volta, 
the position of the pointer over the graduated scale of the instrument 
gives the P.D. between the points, ; 


The scale of ammeters may be graduated to read directly in amperes, 
milli-amperes (xdoo of an ampere), or micro-amperes (1/10° of an axyere) 
—the instruments being called ammeters, milli-ammeters and microm 
ammeters respectively, ; 


Similarly, there are volt meters, milli-volimeters and micro-voltmeters, 


68, How to use a Suspended-coil Galvanometer as an 
Ammeter or a Voltmeter and to change the range of the latter 
insiruments t—In order to use a sensitive moving-coil galvanometer as 
an ammeter, ® short thick wire should be joined across its te; minals 
to allow only a small fraction of the current through the coil of the 
galvanometer, the major portion of the current passing through the 
thick wire (vide Art. 15). The galvanometer should then be calibrated 
in comparison with a standard instrument. In fact, all ammeters are 
fitted with a low resistance sbunt, placed in parallel with the coil first 
to protect the moving-coil from émcessive currents by using cnly a small 
fraction of the current under measurement, and, secondly, to reduce the 
equitalint resistance of the instrument to a very small value so that ii 
can be safely includ d iu series in a circuit without appreciably changing 
the strength of the current. 


By haring suitable different shunts, the ammeter can ba used for a very 
wide range of current strengths (vide Art. 55). 


For example, le& us suppose that the maximum current allowed to 
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pass through a given ammeter is O'I amp., and that the instrument is 
to be ured up fo 10 amps. ie. the range is to be increased 100 times. 
For this a shunt S is &o be joined across the terminals of the ammeter 
80 as to allow yoo of the main current to pass along S, and ġo to pass 
through the instrament. So the resistance of the shunt should beg 
of tha resistance of fhe ammeter, as explained in Art. 55. 

Again, to use a galvanometer as a voltmeter, a:high resistance 
should :be added externally to the voltmeter ia series, The calibration 
of the instrument should then’ be effected by comparison with a ‘standard 
voltmeter. 

A voltmeter may be modified so as to measure voltages higher than 
iis maximum scale-reading by connecting an additional resistance in 
“series to it and this is commonly called & multi plier. 

The combination js then used as the’ new voltmeter and is placed 
across the hi:her voltage. Now let R=resi-tanco of tne orizingl 
voltmeter designed for maximum voltage Y and R’, the resistance 
‘of the mulsiplier required to change the’ range to V’. Itó is the 
current through the voltmeter corresponding to voltags 'V, then 
é=V/B. So in order thatthe same maximum deflection may now 
result when the combination: resistance (R+B’) is‘ placed across Y", 


por must equal $. Thus the condition to be fulfilled to change the 
range from V to V” is, 

Y -i-VI(BA-R; or, R'= (£—:)n. 

R y 

That is, to-change the range n times, 


we have R’=(n—1) R, for Pn 


For example, to change the range of a voltmeter froma maximum 
fot 5 volta to 10 volta, the multiplier resistance R’ will be equal to 
1(2—1)R, ie. R i.e. samo as that of the washangad voltmeter. 

_ Similarly, if the same instrumant be required to read up to 50 volts 
SR'—9R, i e. nine times the resistance of the instrament should ba added 
up in ‘erie. 

69. A.C. Ammeters and Voltmeters :—The type of lastru ments 
oalled the ho*-wire instruments, my be 1:01 as am motori or volim»tera 
nob only in d.o. cirouits bat ia al&eraatias currant cire 1153 ala, Chey 
are now-a-days mostly usad as iadioasing instramais ia ralio-cireaits 
only, i.s. in high fcequeaoy circuits, [a ariiaary po ver aicoiits wiece 
the frequiacy used is either 50 o/s or 62 o/s. a tyoa of com nacoíal 
instru nents, ammeters as wellas vol noters, kaowa a3 mdviag iron 
instrum ats, may be used with Alvantaie, al&housh othsr types of 
insirameats, dynamometer type (for both d:o. and a e.) and more partic 
ularly what are koowa -as the induction typa, are-als3 available for the 
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purpose, The advantages of the moving iron type are its simplicity, 
fow cost and the fact that there is no current lel into the moving 
element. The accuracy attainable in such instruments is of the order 
ef 0'5 per cent. 

Tt an ammeter or voltmeter whose deflecting torque is proportional 
to the curre b passing throush ibis used on en a.c. circuit, the torque 
acting on the moving system being alternating the moving system 
will tend to oscillate about the zero poritioa and if the frequency 
ot alternation is high, ib will fail to follow the alternations and no 
deflection o' the moving system will be observed, If the torqué’ is 
proportional to the square of he current insteid, the deflection will be 
independent of the direction of the current and will be proportional to 
the mean value of the square of the current (it apriog control is used, 
and such instruments can ba used for indicating the r.m s values of 
alternating currents or voltages. 


Moving iron voltmeter.—There are two types of these instruments, 
attraction: tyve and tie reodlsion type. A very successful madel of the 
latter type has been mado by the Weston Eleotrio Instrument 
Company, based on the principle of magnetised iron, using ligat iron 
vanes, jewelled baarings, double spring control and air damping (a light 
aluminium vane attached tothe turning spindle moving in a closed 
air spice). i 

A smallcylindrical strip of soft iron M mounted axially on & 
spindle which turns freely on jewelled bsariass constitutes the moving 
iron (Fig. 77). A light alaminiam pointer fitted with a counter. 


weight is rigidly fixed to tbe spindle 
and moves horizontally on a scale 
placed below it. A second. piece of 
cylindrically shaped soft iron strip 
F tapering towards one end and 
with a larger radius tian M is fixed 
within a cylindrical coil, The coil 
ls wound with fine wireand has a 
high resistance connected to it in 
series. When the terminals, of this 
coil is connected between the two 
test points in the line, the current 
through the exciting coil is propor- 
tional to the test voltage. When the 
current flows, both the iron strips 
be:ome magnetised. The upper edges 
of both t.e strips will dev.lop the Fig. 77 

sane polarity and the lower edges the 

same opposite polarity. Repulsioa will, therefore, ocour between the 
upper edges and also b-bween the lower edges. Under this action 
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tke. spindle will tend to turn agairst the controlling torque of the two 
spires. The printer attached to the spindle moves thereby over the 
graduated cele atd indicates the voltage. The instrument is calibrated 
by ccmyerison with an alternating current standard, 


Moving Iron. Ammeter—This ammeter operates on the same 
princijle as the moving iron voltmeter. The magnetising coil in the 
s»mmet(r is wcund with cnly a few turns.of thicker wire rather 
than with a large number of turns of fine wire as used in the 
voltmeter.. The coil is placed in series with the line carrying the’ test 


aurrent. 


70. Measurement of electrical energy :— 


Introduetion.—Power may be defined as the rate at which 
energy is tran-formed or made available, The power P ina circuit 
(d.e. or ac.) at any instant equals the product of the current (in 
ampe.) I in the circuit and the pd. (measured in volte) Y across its 
terminals at that inctant. In a do. circuit, if the current and voltage 
are conttant, the average value of the power, which equals the instantane- 
ous value, P=EI watts. Hence with the help of a voltmeter and an 
ammeter the power in a d.o. ci'cui& can also be readily determined 
trom the product of their readings. Aiternatively if the circuit resis- 
tance R is known, the power may be computed from one of the 
equivalent formulae, P=E*/R=I*R. < A single instrument, a d.o. 
wattmeter, can replace the ammeter and the ycltmeter for the 
direct determination of the power consumed. In s.c, circuits the 
average value of the power involves not only the virtual values of 
the current and the voltage in the circuit but alco a correction 
for the pbsse angle between them; for instance, in a single phase 
a.o. circuit, the average value of the power is given by P-—EI cos 4, 
where E and I are tbe virtual values of voltage and current respeo- 
tively in the circuit and ¢ is the angle of phase difference between 
them, cos $ being known as the power factor of the circuit, Obviously, 
an ammeter and a voltmeter by themselves sre not enough for 
the measurement of power in an ao. circuit unless an arrangement 
can simultancourly be made for the measurement of the’ phase angle. 
Even if an additional instrument, à phasemeter or power factor meter 
is used, the method is nct accurate enough. This is due to the 
fact that the value of the current’ measured by an a.c. ameter 
actually refers io a complex wave containing harmonics in addition 
to tre fundamental whereas these harmonics do not usually appear 
in the voltage wave and consequently contribute nothing to the 
velue of the power so that the average value of power calculated 
hom the froduct of voltage, current and power factor may 
be miclading. On the other hand, an a.c. wattmeter indicates the 
true value of E I cos ¢, whatever be the form of the current and the 
voltage waves. 
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The measurement of electrical energy involves nob only the rate 
of energy supply (power) but also the length of time for which this 
rate of supply is continued, or in other words it is the time integral 
of power. Actually the supply meters or energy meters do nob indicate 
tower directly. Their registrations, for the same amount of energy 
Supply, are always the same whatever may be the instantaneous 
power, 

When electric power is generated or consumed the commodity 
which is sold is eletrical energy, the time integral of power. If 
the time interval is measured in seconds, the p.d. in volts and the 
current in amperes, obviously the unit for electrical energy will be 
volts X amps. secs. or watt-seos. (joules), If the unit of time is 
the ‘hour, the energy unit is the watt-hour. The practical commercial 
unit for metering energy is the kilowatt-hour (kWh) (=1000 
watt-hours), 

Energy meter.—There sre several types of energy or supply 
meters. Amongst them only the motor meters are mostly used 
now-a-days These meters may be for use in d.o. circuits or a.c, 
circuits according to the type of construction. The induction type 
motor meter is the most popular device for use in a.c. circuits, A.O, 
energy meters will not be described here. Motor meters jor d.c. circuits 
may be either ampere-hour or watt-hour meters. The moving system 
in these meters continuously rotate as energy is consumed in the test 
circuit. The speed of rotation is proportional to the current in the circuit 
in the case of an smpere-hour meter. The number of rotations in any 
given time is proportional to the quantity of electricity supplied in that 
time, The registrations of the meter are converted to watt-hours by 
multiplying by the voltage, supposing the latter to be constant. In 
practice, the meters are calibrated to read directly in kilowatt-hours af 
the declared supply voltage. So the consumer loses if the supply voltage 
falls and gains if the supply voltage rises. In the case of the watt-hour 
meter, the number of rotations in a given time is proportional to the 
energy supplied. A meter employs a counting mechanism comprising 
& train of tocthed wheels to which the axle of the rotor system ig 
geared. The description and pri: ciple of action of a Ferranti Meter 
which is a mercury motor meter of the ampere-hour type are piven below. 

Description.—The meter essentially consists of a thin amalgamated 
copper disc, called the armature, mounted at the base of au axial 
spindle pivoted and working in jewelled cup bearing (Fig. 77(a)]. 
Near the top of the spindle there is a worm cut in it which engages in 
the gear wheels of a counting mechanism. 

The armature disc rotates horizontally in between the pole-pieces 
of a pair of cup-shaped permanent magnets one acting as the 
driving magnet and the other as the braking mugnet. The 
fwo magnets are provided with pole-pieces fitting into two circular 
brass-plates (ncù shown in the figure), The boundary between 
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the two brass plates is closed by a fibre ring so that the plates 
and the ring together form a closed box. The armature diso rotates 
within this box which is otherwise filled with meroury. The current 


Spindle Driving magnet 


Brake magnet 


Copper disc 


Fig. 77(a) 


enters the armature diso, through mercury, ab its right-hand boundary 
edge, flows radially to the centre of the disc where it travels down 
through the spindle, mercury and the jewel bearing and comes out from 
the box. To compensate for the fluid friction when the diso rotates in 
mercury, the braking and driving magnets have two horizontal iron bars 
placed across them, one of them: being above the mercury chamber and 
the other below it. The lower bar has a few turns of a compensating 
coil wound on it and it is in series with the load line. Its magnetic 
field strengthens the field of the driving magnet while it weakens that of 
the braking magnet, and thus compensates for the fluid friction. The 
use of jewelled bearing reduces the friction between the spindle and the 
bearing. Moreover, the upthrust of the mercury on the armature diso 
makes the bearing pressure very small and so no compensation is neces- 
sary for bearing friction. 

Principle of action.—Refer to Fig. 77(a). As the load current T 
enters the armature dise, the motor action between it and the field of the 
driving magnet which is perpendicular to it gives a driving torque which 
makes the armatare disc rotate in the direction shown in the figure 
(Fleming's left-hand rule). Due to the rotation of the copper dise which 
cute the magnetic field (¢) of the braking magne: at right angles, a 
current 4 is induced in it in the direction shown in the figure (Fleming's 
right-hand rule) The interaction between this induced current and the 
magnetic field ¢ of the braking magnet gives rise toa torque in a dirac- 
tion opposite to the driving torque. This constitutes the controlling or 
braking action, When the driviog torque Ta, equals the controlling 
forque Te, the armature dise rotates at a constant speed N. 
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Now the controlling torque T, ài. If e—induced voltage and 


r —resistance of the induced-current path, we have 7=~2, 
. T 


Vot) e$. 


` 
Again induced voltage, s c« à N, —.. Tu, 
ü a 
-At steady speed N, Ta= Te... Ti 2 N, 


or, N ex). Tf then r and: $ are constant, Ne Ty Bub 


‘Ta I, the load current. 

-. Nec, That is, the speed of the disc is proportional to the 
‘load current. So the number of revolutions of the diso in a given 
time is proportional to the time integral of the current, Since 
the voltage between the terminals of the load is supposed constant 
the number of revolutions registered by the counting mechanism 
will be proportional also to the product of the voltage and the time 
‘integral of the current, j.e. to the energy consumed in the given time, 


71, Method of connecting Ammeters and Voltmeters.—tt 
should be remembered that an ammeter, should always be put in 
series in the circuit, and the voltmeter should be put in parallel 
between the two points whose difference of potential is required, 
This will be clear from Fig. 71(6), where the ammeter A reads the our. 
rent in amperes flowing through the circuit, and the voltmeter 7 
measures the potential differ- 
ence between C and B, the bat- 
tery circuit being completed 
through a kev, 

Remember.—In a gal- 
vanometer, the coil may turn in 
clockwise or anti-clockwise 
direction according to the direc 
tion of the current, but in 
ammeters and voltmeters the 
current must flow in a particu- 
lar direction only, and hence, 
when introducing dc. amme- 


Fig. 77(8) 
ters and voltmeters in a circuit, particular oare should be taken to 
‘see that the binding screw marked (+) is always joined to the higher 
potential terminal side of the battery so that the current enters tho 
instruments at the terminal-marked (+), 

72, Resistance of an Incandescent Lamp by means of Volt- 
meter and Ammeter :—The resistance of the filament of an electric 
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lamp can be determined by a P.O. Box when the filament is cold, 
but this method is nob suitable when the filament is hot, in which 
ease the following method is adopted. In Fig 77(b), pub the lamp 
between Band C and send sufficient current through the lamp so 
that tbe filament becomes incandescent and gives out light of the 
rated luminous intensity in O.P. for which it is designed. Now take 
readings of the voltmeter and the ammeter. If the voltmeter reading 
is V volts and the ammeter reading is A amperes, then, by Obm's law 
the resistance R of the filament when incandescent, will be given by, 
R- VÍA ohms. 

It is quite relevant bere to consider and discuss the order of 
resistances and current consumptions of the ordinary electric lamps 
and also those of low power lamps used for special purposes, e.g. torch, 
lamps, eto. 

The rated O.P. of a lamp depends primarily on the wattage consumed. 
For the same C.P. the wattage consumed by lamps of different makes 
varies depending on design and produce. For same durability the lower 
this wattage, the better the lamp succeeds commercially. 

Now wattage consumed=i*Xr, where i=current consumption 
in amps and r=resistance of lamp in ohms, =v°/r, where v=impressed 
voltage. Thus for a 8-wath 3 volt cirouit lamp (usually operated 
from dry batteries), we have wattage=3=v?/r=3"/r ; r=8 ohms; 


and j= mhae amp. ; whereas, for a 60-watt, 220 volt lamp 


volt 
(operated from house mains) we have, r= 20" 801 ohms approxi- 
; and?g= 220...8 29: : 
mately, and’s prem 0°27 amp. (approx.). 


73. Resistance Thermometers :— With the rise of temperature, 
the resistances of pure metals are found to increase. It is on this 
principle that the resistance thermometers are constructed, The most 
commonly used resistance thermometer is the platinum resistance 
thermometer. The platinum in a standard resistance thermometer 


must be properly annealed and should be of such purity that Base 
o 


is greater than 1°3910. For very low temperature measurements, 
lead resistance thermometers are very often used. Below the freesing 
point of antimony (630 5°C.) up to the oxyger-point platinum resistance 
thermometers are generally preferred to other types of temperature 
measuring devices for their inherent acouracy. On the high temperature 
side they may be considered reliable up to 120°C. The advantages 
which the resistance thermometers have over other thermometers may be 
given as follows :— 

(1) Resistance thermometers have higher inherent accuracy within 

the range of their use, 
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(3) A greater distance between the bulb and the measuring arrange- 
ment may be used than is possible with other types. 

(8) The range over which they give accurate result includes also the 
room temperature, whereas their rivals, the thermocouple 
thermometers scarcely give comparably accurate results, 

For the construction of resistance thermometers, the metal should be 
go chosen that the temperature coefficient of its resistance is high. The 
two other requirements that surpass the above criterion in importance 
and dictate the metal that is to be used are (1) the reproducibility, and 
(2) the constancy of resistance at a particular temperature. The metal 
that satisfies all the above requirements is platinum. 

Platinum Resistance Thermometer.—Oallendar showed that in a 
restricted range the resistance of pure platinum changes with Celsius gas 
temperature 0 according to the relation, 

Roe=R,'1+«0+ po?) ES u^ W; 
where E0 and Ro are the resistances of the specimen at 6°0 and 0°0, 
respectively and « and f are two constants, charaotoristic of the 
specimen. 

If, however, we assume that the resistance varies linearly with the 
temperature ¢, such that the resistance Rz ab that temperature is 

B,7 Ro(14-«t) Lt Ree (2) 
then the temperature as measured on the basis of relation (2) is termed 
the temperature on the platinum resistance scale. It is denoted by ty, 

Now, if Rioo be the value of R at steam-point (100°C) and the 
interval between R100 and Ro be divided into 100 equal parta, i.e. 


R31oo 7 Ro(14-«. 100) D Er (3) 


From relations (2) and (3), the equation for the unknown temperature 
ip oan be deduced, which gives, 


t= i Po y 100 i 2d (4) 


where Eoo— Ro is the fundamental interval. This fundamental interval 
for ordinary laboratory type of instruments is about 1 ohm. It may, 
however, be even as high as 20 ohms in special types. 

This temperature ty on the platinum resistance scale differs from that 
on the Celsius gas scale (9), With the help of relation (1) and (9) 
Oallendar deduced an expression for the difference of these two tempera- 
tures as given by, 


0—15—3 (C5) - 23 an » (5) 


where 8 is a oonstant for the specimen used. It is commonly 1'5 in the 
ordinary laboratory type of platinum resistance thermometers. The 
value of 8 changes with the purity of the specimen, Instead of solving 
the above quadratic equation for @ when ty is known, @ can be more 
conveniently obtained by the method of successive approximation nd 
illustrated in the worked-out example No. 3 at the end of the chapter. 
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A platinum resistance thermometer (Fig. 78) consists of a properly 


Big. 78 


case may be), a modified Wheatstone’s bridge, generally known as the 


Osllendar and Griffith's bridge 


annealed pure platinum wire doubly wound on a thin 
mica sheet (m) or on a mica former. This doubly wound 
wire is essential for avoiding the inductive effect. Tho 
ends of the platinum wire are attached to either copper 
leads (up to 700°C) or platinum leads (for higher 
temperatures). These leads and the rion sheets are 
enclosed in a hard glass or porcelain tube, the air inside 
which should be free from moisture. In addition to the 
above leads pp of the thermometer, an exactly similar 
pair of leads cc, called the compensating leads, with their 
lower ends joined are placed very close to pp in order 
to compensate the resistance of the leads pp. The 
leads, pp and cc, pass through holes in a series of mica 
sheets placed inside the tube as shown in the figure. 
This avoids the possibility of contact between the leads 
inside. The tube is fitted with a non-conducting cap at 
the top of which are fitted four binding sorews. Two of 
them, PP, are connected to the thermometer leads and 
the other two, CC, to the compensating leads ces 


To measure the resistance R of the thermometer 
wire at different temperatures (0, 100° and t°C. as the 


is taken. To set up such a bridge 
take & P.O, box and a metre 
bridge and  conneo them as 
shown in Fig. 79, where P and Q 
are the ratio arms, r the 8rd arm, 
and AB the metre bridge wire. 
The 3rd arm is extended up to 
the slider contact point M through 
the compensating leads C,C ot 
the pt.-resistance thermometer by 
two connecting wires of equal 
length 7/2, shown inserted between 
d and C, and A and C. The 
terminals PP, of the thermometer 
are joined to B and e by means 
of two exactly similar connecting 
wires as before. The path from 
M through PP up to e will then 
constitute the fourth arm. To 
find out E experimentally, first of 
all, screws PP and OC are short- 


cirouited by two short connecting wires, the ratio P: Q is made equal 
to unity and the null point M is obtained at a distance lı from the 


Pe-thermameter” 1 


Fig. 79 
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left end A of the wire, without any resistance in the resistance arm. 
This is the electric mid-point. Now the short-circuiting wires are 
removed and putting a resistance r in the third arm, the null-point is 
again obtained, say, at a distance œ to the left of M. If p be the 
resistance per unit length of the stretched wire, at the balanced condition 
of the bridge. 


P rt+it(l1—2)p 


Q R+l+(100-1,+2)p 


But P/Q —1 and as l, is the distance of the electric mid-point. 
1,p=(100—13)p 
Again, R+1+(100—11)e+ap=r+1+lip—ap. 
Hence R=r— 2gp. 
To find p, alter 7 by 1 ohm and find the new balance point which, 
suppose, is ab a distance v, to the left of M. Then R=r—2p=(r+1) 
1 
— 2w1P ; whence acere 
Thus knowing, o from this auxiliary experiment, R at any temperature 
can be found. So determining Ro, R100 at 0°C, and 100° C. respectively 
and Rz at the unknown temperature, tp can be found from relation (8). 
Then substituting £p in place of 0 in the right-hand expression of relation 
(4), the value of 0 on the left-hand side of the expression can be found. 
This 0 is then substituted on the right-hand and a more accurate value 
of @ is obtained. By this method, known as the method of successive 
approximation, ultimately a fairly constant value of @ is obtained after a 
few steps of succession. This 90 is the actual value of ty in Celsius 


' gas scale, 


In actual experiments the stretched wire and the fixed resistances 
in the bridge must be sufficiently away from the heating source as 
otherwise the continuous change of resistance due to heating will 
make the null-point somewhat unsteady and actually troublesome for 
accurate determination, Moreover, due to the current flowing 
through it, the wire will aleo be heated. This is best avoided by 
placing the bridge arrangements in a thermostat. The lead wires 
connecting PP and CC to the bridge should be of equal length taken 
from the same sample, The thermo-electric e.m.f. in the leads should 
be eliminated by taking readings with direct and reversed currents, 
The resistance in series with the battery should be sufficient compared 
to the resistances put in the bridge so that an alteration of these 
resistances by 1 or 2 ohms does not materially alter the current through 
the thermometer wire. It is usually so chosen that the current 
through the thermometer wire does not exceed 10 milliamps. Platinum 
thermometers have usually a fundamental interval (E;oo—.Eo) of about 
1 ohm which makes the ice-point resistance Ro about 2'7 ohms. If 
the bridge wire has a resistance of 2 ohms or above, it will be possible 
to obtain 2 or 3 null-points using different values of r. 
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Platinum resistance thermometers are in some respects more 
convenient than other types of thermometers. First, they may be 
used over a wide range of temperature. Secondly, the accuracy obtained 
is very high. With certain modifications temperatures can be measured 
correctly up to 0'002°0. within the range— 190°C. to 60090. Thirdly, 
it is very convenient to measure the average temperature of a large 
volume. Fourthly, the temperature records are exactly reproducible. 


Buh as the thermometer is rather of a considerably big size, it 
cannot be used to measure the temperature of a particular point 
Moreover, it is rather a costly instrument because highly pure platinum 
is necessary for its construction. If the temperature to be recorded 
be unsteady and rapidly varying this thermometer cannot yield 
reliable results because it needs some time to take up the temperature 
of the surroundings on account of the low thermal conductivity of 
the sheath covering the thermometer and the high thermal capacity 
of the thermometer wire itself. 


Examples—1. A galvanometer gives a full-scale deflection with a current of 
0°01 ampere, and has got a resistance of 10 ohms, How would you use this 
galvanometer, 

(i) asan ammeter reading up to 10 amperes ? 
(ii) asa volimeter reading up to 10 volts ? 


Ans. (i) The maximum ourrent allowed through the gslvanometer is 0'01 
ampere; so in order to use it as sn ammeter reading up to 10 amperes we must 
use a shunt of low resistance which will carry (10—0'01)-9'99 amperes. If S be 
the resistance of the shunt, we have, 


D ei : 1 
0'01210.— — è H 1 - E SU: CT s 
1 10555 (vide Art. 55); or, 0°01 (10+S)=10S; .". S gom. 


Bo, by using a shunt of um ohm with the galvanometer, it can be used as an 


ammeter reading up to 10 amperes. 


(ii) Tnorder to use the galvanometer as a voltmeter [Art. 68] reading up 
to 10 volts a resistance R’ should be joined én series with the gslvanometer of 
resistance 10 ohms ; so the voltage across the total resistance of (R/--10) ohms will 
be 10 volts. The current passing through the galvanometer, and also through R’ 
is the same, 1.e. 0:01 ampere, Therefore, by Ohm’s law, we have (R'--10) X0'01 
=10; or, 0°01R’+0°1=10. 


ir Re? ohms, Thus the required resistance is 990 ohms, 


‘2. A certain current measuring instrument has got 50 scale divisions and reads 
0'005 amp. per scale division. The instrument which hasa resistance of 25 ohms 
is to be used for meaxuring volts. Calculate the resistance which must be used 


vn oes with the instrument in order that ranges af 1 to 60and 2 to 100 can 
read, 


Ans. (i) 1seale division indicates 0'005 ampere, but it should indicate 1 volt 
sowo have, C=H/R , or,0-005=1/R; .. R=200 ohms. 7 


'. Resistanos to be joined in series—200 —25—175 ohms 
(ii). For the second range, we have.0'005—2/R , or, R=400. 
<. Required resistance —400 —25 —375 ohms. 
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8. If 2°67 ohms, 3'53 ohms and 989 ohms be the resistances of a platinum 
thermometer at 0°C., 100°C and in a bath at tO., calculate t (a) on the platinum 
cale and (b) on the Clesius scale assuming 8=1'5 for platinum. 


2 Rt- Be x 100 (2:89 7257) x100 


ER Ur (853—257) 


109 o 


"og 100=33'8 on the platinum scale. 


d de t «x F(* s * 
Again, t—tp= (5) - dol" 5 [('838)*-"333]=—"3 nearly. 


1 1233:8— 373390. correct up to the first order of approximation, 


14. George Simon Ohm: (1786—1854):—He was born at 
Hilangen in Germany, son of a master mechanic, While & teacher 


ot Physics and Mathematics, 
first at Realschule in Ham- 
burg, and later a& the Gym 
nasium in Cologne from 1813 
to 1897, he did important 
researches on the influence 
upon the current strength of 
the resistances introduced into 
an electric olrouit, This is 
expressed as the Ohm's law. 
He was far ahead of his times 
in the concept of the depen- 
dence of the ourrent strength 
upon the nature of the cir- 
cuit, The true recognition 
came to him many years after 
while he was at the Nurem- 
burg polytechnic. He was then 
called to the Munich Univer- G. B. Ob: 

sity as Professor of Physics. Ib "P LM 

was here where he died—a 

bachelor. The practical unit of resistance has been named Ohm in 
honour of him. 


75. Sir Charles Wheatstone (1802—1875) :—He was born ab 
Gloucestor, England, in the family of a musical instrument-maker and 
had inherited profound interest in the study of acoustics. While 
Professor of Experimental Physics at King's College, London, he set up & 
few electrical circuits,to transmit signals and codes from one place. to 
another and this improved the science of telegraphy considerably. The 
Sterdoscope, the Typewriter, the Rheostat, the Wheatstone’s Bridge for 
measurement of resistance, Electric clocks, etc, bear eloquent testimony 
to his prolific talents as an inventor. 
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Questions 


1. Define volt, ohm and ampere. (0. U. 1929) 
2, What are the practical units for, (a) E. M. F., (b) current, (c) resistance 
and (d) charge? (U. P. B, 1947; G. U, 1949; Utkal, 1950) 
3. Distinguish clearly between an electromotive force, and a potential 
difference as applied to s cell. (Pat. 1931, '82; M. U. 1939) 
4, Define the absolute units of current, potential difference, and resistance 
and obtain the practical units from them. Name the instrument by which each 


is measured and describe any of them. (0. U. 1934) 
5, How doesthe ourrent delivered by a cell differ from that delivered by 
a statio machine? (0. U. 1936) 


6, Define electro-static unit quantity of electricity and name some experi- 
ments that goto show that electricity Obtained by friction is similar in nature 


to the electricity obtained from a Voltaic cell. (Pat. 1939) 
7, One gm. of copper wire is drawn into a wire (a) 1 om, thick, (b) 2 oms, 

thiok, Qompare their resistances, (All, 1926) 
láns: 16: 1] 


8. Explain what you mean by the term ‘Resistance of an electric circuit.” 
How would you compare two resistances in the laboratory ? The terminals of a 


battery of E M.F, 4 volts and resistance 3 ohms are connected by a wire of 
resistance 9 ohms, Find the current strength, 


[4ns.; į amp.] 

9, Three wires, each of 60 ohms resistance, are arranged in parallel and 
connected to a battery of 10 Leclanche' cells in series, each cell having an E.M.PF. 
of 1'4 volts and a resistance of 2°2 ohms, Calculate the P.D. across the battery 
terminals and the current in each wire, (Utkal, 1948) 


[4ns,: 20/3 volta; 1/9 amp.] 


10. Two cells haying a resistance of 2 ohms and E.M.F. of 1'5 volts are 
connected in series to the binding screws of a galvanometer having a resistance 
ofG ohms. Find the current through the galvanometer. (0. U. 1920) 


[Ans.: 03 amp.] 


11. A uniform wire 4 meters long and of resistance 6 ohms per metre is 
bent intothe form of a square ABCD. The adjacent corners A and B are 
connected toa battery of E.M.F. 8 volts and internal resistance 4 ohms, Find 
the current along 4B, (Utkal, 1947) 


[Ans.: 9/34 &mp.] 


12. An electric circuit contains a tangent galvanometer which gives a 
deflection of 45°. When, however, an additional resistance of 5 ohms is put 
in the circuit, this deflection is reduced to 80°, Calculate the total resistance 
of the circuit in the first instance. (Pat, 1926) 


[Ans.: 6°82 ohma,] 


18, State Ohm’s law, and show how; it provides the definition of electrical 
resistance, (Pat, 1926) 


14. A cell, which has an E.M.F. of 1'5 volts on open circuit and the 
internal resistance of which is 2 ohms, hasits terminals joined by two wires of 
4 ohms and 10 ohms placed in parallel. Find the current in each wire. 

[Ans.: 0,7022 ; C,,7009] (Pat. 1937) 
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15. A battery made up of five Bunsen cells, each of E.M.F.1'8 volts and 
internal resistance 0'2 ohm, has its terminals joined by two wires. 4 and B joined 
in parallel, their resistances being 6 ohms and 9 ohms, respectively. Find the: 
strength of the current in each wire, (G. U. 1949) 


[Ans.: 4,lsmp.; B, 2 amps.] 


16. Find the resistance of a battery which on open circuit gives an E.M.F. of 
6 volts and which, when producing & current of 2amps,, hasa P.D.of 4 volts. 
between its poles, (Pat. 1946); 


[Ans : lohm.] 


17. State Ohm’s law, Show how you will verify it. 
(O. U. 1910, 11, 718, 720, ’25, 86, 89, 752; Pat, 1918, ?19, *20, *25, 727, 
798,785, 48 ; Dao, 1932 ; All. 1999, 25, ’26, "28, '82, 746; Utkel, 1947) 
18, The E.M.F.of& battery is 18 volts and its resistance is 9 ohms, The 
P.D. between its poles when they sre joined by a wire A is 16 volts, and it 
falls to 12 volts when A is replaced by another wire B, Find the resistances of 
A and B. (Pat. 1948) 


[Ans, : 15 ohms snd 6 ohms.] 


19. Five lamps, each of 10 ohms resistance, are joined in parallel, Current 
is sent through the combination by a battery through an ammeter of resistance 
Q'2ohm. The battery is of 20 voltsand internal resistance O'3ohm, What 
current will the ammeter indicate ? What will be the current through each lamp j 

(0, U. 1952) 

[4ns.: 8 amps. ; 8/5 amps.] 


90, Two wires of resistances 8 and 2 ohme respectively are connected in 
parallel. The combination is then connected in series with æ third wire of 
resistance 4 ohms. When the circuitis completed with & battery, the main 
current is 0'5 »smp. Oslovlate the terminal voltage of the battery, as well as its 
E.M.F, The internal resistance of the battery is 0'8 ohm. 

(U. P. B, 1948 ; Utkal, 1950), 

[4ns.: E.M.F.-—8 volts ; terminal voltage 2:6 volte.] 


91. State Ohm’s law ard explain its meaning as carefully as you can. Apply 
the law to prove that the conductance of a number of coils in parallel is equal 
to the sumof the conductances of the coils separately, and explain how the 
relation can be verified experimentally., (Pat. 1930 ; cf, 1946) 


92. Find the internal resistance and Æ.M.F. of a battery if the terminal P.D. 
is 28°5 volts when giving a current of 1 amp., and 27 volte when giving a current 
of 2 amps. (Utkal, 1951) 


[Ans.; 1'5 ohm ; 80 volts.) 


28. Describe and explain athe principle of action of the ‘Resistance ther- 
mometer.* (Pat. 1947) 


24, State and explain the difference between ‘a large and;a small Daniell cell 
in respect of (i) H.M.F., and (4i) resistance. (Pot. 1988) 


25. State, in general terms, on what the Z.M.F, of a cell depends. 
f (0. U. 1919) 
26. How would you arrange 80 cells in each of which the resistance is 5 
ohms, so as to send the most powerful current through an external circuit of 
6 ohms resistance ? > 


[Ans,; 5 rows, each-row containing 6 cells.] 


27. A battery of 10 cells joined in series yields a current of 1 ampere when 
the external resistance is 10 ohms and a current of 0'6 ampere when the external 
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resistance is 20 ohms, Find the Z.M.F. and the internal ‘resistance of the cells 
(these being the same for all). (0. U; 1911) 

[4ns.: E.M.F.—1'5 volts. ; r=0'5 ohm.] 

28. Explain the terms ‘in series’ and''in parallel’ as applied to a voltaic 
battery giving diagrams. (0. U. 1930) 

29. A battery of 5 similar cells is connected with a rheostat and a tangent 
galvanometer of resistance 90 ohms, all in series. When 100 and 190 ohms are 
successively used in the rheostat the galvanometer records deflections of 60* and 
45° respectively. Osloulate from the data the internal resistance of a single 
cell, (Pat. 1939) 

[Ans. : 0°59 ohm.) 

90. A number of cells aregiven to you; how would you arrange them in 
-order to supply the largest amount of current in a cirouit of known external 
resistance T (0. U. 1926) 


91, A cell having an E.M.F. of 2 volts and a resistance of 0'5 ohm is 
connected up with three lengths of wire having resistances of 1, 2, and 3 ohms 
Tespectively, the wires being in series. Find the difference of potential between 
the ends of the middle wire, (O- U. 1980, '61 ; Dac. 1934) 

[4ns, : 0615 volt.] 


82, (a) Explain the laws of resistances in series and resistances in parallel, 


(G. U. 1950) 

(b) Describe and give the principle of a stretched wire potentiometer. Show 
‘how you would use it to compare the Æ.M.F.s of two cells, (R. U. 1951) 
88. State Ohm's law and apply it to find the equivalent resistance of a system 

of conductors joined, (a) in series, and (b) in parallel. (Pat. 1941) 
84, Prove the law of parallel resistances. How would you verify this 
experimentally ? (Pat 1947) 


, Ten cells, each of H.M,F. 1'5 volts and internal resistance 0'3 ohm. are joined 
1n series to form a battery. Tho terminals of the battery are joined by resistances 


of 20ohms and 20 ohms in parallel. Find the current passing through each 
Tesistance, 


[Ans. : Cyo=0'6 amp. ; 0,,—0'4 amp.] 
.95. A gslvanometer of 40 ohma resistance is shunted bya shunt of 5 ohms. 
Find the combined resistance of the shunt and the galvanometer. Find also the 


current which flows through the galvanometer when a battery of 20 volts and 
an external resistance of 10 ohms are connected in series, (Dac. 1933) 


Fi 40 
[Ans : R= g ohms : 0,— S amp. ] 


86. A circuit contains a shunted galvanometer. If C be the current in the 
main circuit, G the resistance of the Belvanometer, S that of the shunt, prove 
‘that the current through the galvanometer, C,= ste C. 

A certain galvanometer of resistance 10 ohmsis shunted with a resistance of 
2 ohms and the current through the galvanometer is 0'1 amp. What additional 
shunt must be applied to the instrument so that the current through it may be 
‘0°01 amp., the main current remaining constant ? (Pat. 1987) 


[Ans. : 0'185 ohm] 


87. If a shunt is to be applied to a galvanometer of resistance 20 ohms so that 
only 1% of the total ourrent passes through the galyanometer, what must be the 
esistance of the shunt ? (Pat, 1980 ; R. U, 1952) 


20 
[495. : Pry 
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38, Explain the use of shunts. Whatis the resistance of a'shunt which, 
when joined to a galvanometer of resistance 'g will cause In of the total current 
to flow through the galvanometer ? (Pat. 1944) 

[Ans. : g[(n—1) ohm] 

89. A galvanometer of resistance gohms is shunted with s resistance of $ 
ohms, Find the value of the compenssting resistance to be put in the circuit so 


that the main circuit remains unaffected, (Nag. U. 1952) 
[Ans. : g—(gs[g +s) ohms] 
40. What is a shunt, and what is its use? (0. U. 1950) 
Give the full theory of galvanometer shunts. How ocan you make use of the 
theory to alter the range of a given ammeter ? (M. B, 1952) 
41, Give the theory of the Wheatstone’s Bridge method of measuring resis- 
tances. (O. U. 1909, 712, '26 ; Pat. 1918, '20, 734 5 All, 1929 ; U.P.B. 1948) 


Explain how you will use it to find the specific resistance of a wire. 
(All, 1929, 45 ; U. P. B. 1948 ; cf. 22, *26 , Pat, 1940) 
49. Tf the resistance ofa wire of length 120 cms, and diameter 0'4 mm, is 
found to be 2'5 ohms, what is the specific resistance of the material ? 
(Pat. 1920) 


[Ans : p=26°2x10-% ohm.em. (approx.)] 
48. Describe one form of Wheatstone’s Bridge and prove the formula em- 
ployed when using the bridge to measure a resistance. (cf. Pat. 1945, 746) 
44, Discuss the theory and describe the practical arrangement of comparing 
two resistances by a Metre-bridge, 
(O. U. 1927, 45, '51, '58 ; All, 1921, 725 ; Dao. 1922) 
45, Describe the construction of the Post Office Box and explain the prinoiple 


upon which its working depends. Drawa diagram showing the connections in 
an experiment with it. (Pat. 1999 ; cf. All, 1916 ; O. U. 1933) 


46, What is an ammeter? How is it used ? How does it differ from a 
voltmeter ? (All. 1924 ; cf. 1929, "44 ; A. B. 1952) 
Describe how you could convert a galvanometer into an ammeter or a voltmeter 
of any desired range. (R. U. 1949) 


47, Gives brief account of (a) a voltmeter and (b) an ammeter. 
(G. U. 1982 ; Pat. 1944). 


48, How do you convert a l00-ohm galvanometer, reading up to 120 mioro- 
amperes, into a voltmeter reading up to 2°4 volte ? 


[Ans.: Adding resistance of 19,900 ohms.] 


CHAPTER V 


Thermal Effects of Electric Currents : 
Thermo-Electricity 


76. Work done by a Current: Joule's Law :— When & current 
flows through a wire of some appreciable resistance, the wire is 
‘heated. The heating is due to the work done by the current in over- 
coming the resistance to the flow of electricity. So the heat is pro- 
‘duced at the expense of electrical energy. It has already been 
‘stated (Art. 46) that unit work is done in carrying unit quantity of 
elevtricity between two points differing in potential by unity. 
Suppose a current of strength C passes along a wire of resistance r, 
Lot E be the potential differenos between bhe two ends of the wire 
and Q units of electricity conveyed through it in time ¢ seconds 
(both being measured in C.G.S. electro-magnetic units) ; then the work 
done, 
W-EQ ergs—EOt ergs (° Q—02)—0*rt. ergs (^. E=0r, by 
Ohm's Law). 

Here C and r are expressed in C.G.B, units. It these are expros- 
sed in practical units, then C amperescO x10! 0.G.8, units and 
* ohms=r X 10? O.G 8. units, 

se W=(0x 1072)! XX 107? Xt=0 rt 107 orga] 

If H be the amount of heat generated, and J the mechanical equi- 
valent of hoat, 


W=JH 
d — W_O*rtx107_O%rtx 107, COS T 
av) a=; Jj APT calories (^ J—4'2X 107 orgs 
per oalorie)= RT calories=0'24 O*ré calories... is am 


Note.— The heating effect of elootric current is utilised or 
lighting purposes in incandescent filament lamps, aro lamps, electric 
iron, ete. 

77. Joule's Law of Generation of Heat :—Dr, Joule of Manchester 
enunciated in 1841 the following law, known as Joule's Law, regarding 
generation of heat in a condnctor carrying electric current. The law 
is in conformity with the expression given by equation (1) of the preced- 
ing article. The law states that, 

(i) the amount of heat generated in a conductor in a given 
interval of time is proportional to the square of the current to which 
it is due, . 

$e. He O*, when r and t-are kept constant, 

Since the heating effect is proportional to the square of the current, 
it is independent of the direction of the current. Direct current and 
alternating current of the same effective (or virtual) value will produce 
the same effect. 
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(ij) the amount of heat generated by a given current in 
of time is proportional to the resistance of the conductor, pos 
4.6. Her, when C and? are kept constant, 


(iii) the amount of heat generated in a given conductor 5 a given 
current is proportional to the time for which the current passes. 
ie. Hat, when C and r are kept constant, 


18. Determination of Ji—The value of the mechanical equi- 
valent of heat J oan be determined by an electrical method in the 


following way :— 

Expt.—A calorimeter with a stirrer S is taken (Fig. 80). The 
eslorimeter contains a quantity 
of eome suitable liquid in which 
is dipped a coil of fine manga- 
nin wire W (say, of resistance 
v), the two ends of which ara 
connected to the two binding 
screws, B and C, which are fixed 
on an insulating lid placed on 
the calorimeter. The circuit con- 
tains a battery D, a rheostat R, 
an ammeter A, and plug key 
K in series with the heating 
coil W, and the connections are 
made as in Fig. 80. A sensitive 


thermometer T, the bulb of 
which should be immersed in the liquid, is introduced in the calori- 


meter, The voltmeter V reads the potential difference between the 
ends of the coil W. ; 

The initial temperature of the liquid, is read. Then the current 
is started, the strength of which is adjusted by means of the rheostat, 
and its valae C is read from the ammeter, ‘The current is allowed 
to pass through the circuit for a known interval of time 4. The liquid 


is shirred and the’ final temperature of the liquid in the calorimeter for 


time ¢ is noted, 

Caiculation,.—Let m= mass of. liquid of specific heat s; 0,=inibiai 
temperature of liquid ; 03 final temperature of liquid ; w= water equi- 
valent of the calorimeter and stirrer ; then, 

the amount of heat developed H=(ms+w)(02— 6:1). 
We have, JH —O*rtX 107, — 5. - I(ms+w)(0g— 01) =O" rt x 10" ; 


Fig. 80—Jovle's Oalorimeter. 


CA OTrESCIOL. 
(m5 w)(0s — 01) 


79. Experimental Verification of Joule's Law :—(i) The 
amount ‘of heat generated in a conductor (of resistance T) in a given 


or, 
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time is directly proportional to the square of the strength of the current: 
. flowing in it, i.e. He O*, when r and t are constant. 


Take the same apparatus as shown in Fig. 80. Put a known quantity 
of some oil in the calorimeter, note its temperature, and pass & current 
stirring the oil all the time. Take the rise in temperature 61°C, after 
passing the current for, say, 10 minutes, and read the ammeter to know 
the strength of the current, Let it be Cı. Now increase the strength 
of the current to Ca by suitable adjustment of the resistance R, and 
note the rise in temperature 04°C., after an equal interval of time as 
betore (i:e. 10 minutes), It will be found that Pi 

9 2 

But, as the water-equivalent of the calorimeter and its contents. 
remains the same, the amount of heat produced is proportional to the 
rise in temperature, which again will be proportional to the square of 
the current strength as shown above. For example, if the strength of 
the currenti is doubled (i.e. Ca — 20,1), the rise in temperature and hence 
the amount of heat produced will be 4 times the previous value (i.e. 02= 
40.) Thus it is verified that the amount of heat produced, He C°. 


(ii) The amount of heat generated by a given current in a giver 
interval of time is directly proportional to the resistance of the conductor, 
io. Hær when O and t are constant, 


Take two coils having different resistances 7, and rs. First perform 
the above experiment with one of the coils having resistance x, placed 
in the liquid of the calorimeter, and note the rise in temperature. Now 
replace the ‘first coil by the second coil of resistance 7a and proceed as 
before adjusting the strength of the current to be the same by means 
of the rheostat E. It 01 and 0, be the respective rises in temperature 


of the liquid in the above cases, it will be found that ath But H= 9. 
r 
Bo, Hær, RA 


(iii) Ths amount of heat generated by °a given current in a given 
conductor is directly proportional to the time during which the current 
flows, ie., Host ; when C and r are constant. 


Take the temperature of the oil at equal intervals of time, say every” 
minute, in experiment (i) above. Ib will be seen that the temperature 
of the liquid rises uniformly, $.6. by equal amounts in equal intervals. 
of time. This verifies that, Hec t. 


80. Ftfeet of Current on the Resistance of a Conductor :— The 
effect of current on the resistance of a conductor may be better explained 
by taking an illustration. Suppose we have a chain made of alternate 
links of silver and platinum wires of the same diameter. When a 
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eurren& from a battery is sent through the chain, the platinum wires 
will glow brightly while the silver wires will remain dull. The same 
current passes thrcugh each wire, but the specific resistance of platinum 
being six times that of silver, the heat developed in the platinum wires 
is greater than that in the silver. 


Again, if a current from a battery is sent through a long piece of 
platinum wire so that the wire glows feebly, and if a part of the wire 
is dipped in a keaker of cold water, then the rest of the wire will glow 
brightly. This is due to the fact that the resistance of a metal wire 
decreases when cold, co the cold part of the wire reduces the total 
resistance of the circuit, which again increases the current and thus 
produces more heat, 


The thinner the wire the hotter it becomes when a given current 
rasres through it, because its resistance is greater, and the surface, from 
which heat can be radiated, is smaller in tbis case in comjarison with 

a thicker wire. 


The fact that when a current passes through a resistance, the heat 
produced (and £o the lors of energy) which is proportional to the square 
of the current, bas to ke carefully considered when transmitting electric 
power. ‘Thick and therefore costly conductors are needed in order to 
avoid undue heating of the wire which produces a wastage of energy. 
Eo it is much cheaper to transmit electric power ag a small current at 
a high voltage than as a large current at a low voltage (vide Ch. 1X). 


Examples.—1. The ends of a coil of 60 ohms resistance are connected toa 
voltmeter reading 0'5 voli to a division, fhe ceil 4s immersed in- an oil of 
specific heat 0'2, The temperature of the oil rise through 20° when a current 
passes through it for 15 minutes, Calculate the mass of the oil, The volimeter 
reads 12 while the current passes. The vessel, in which the cil contained, is «f 
negligible heat capacity. (Pat. 1927) 

Ans. We know, Hx O*rt (C and r are expressed in C.G.S. unit) ; 

or, JH & C?rt, where J=Joule’s equivalent’and is equal to 4'2 X 10? erge. 

If C and r are expressed in practical units, 


C? x107? xrx10? xt_ Ort " 
: H= RENNE TEES calories, 
It m be the mass of the oil, the amount of heat produced, 
H-mx03x920 cals. $ 
The potential difference'of the two ends of-the wire is 12 x0'5=6 volts. 


6_8 , (a$ )* x50x15x60 

pret Oi jo . EE: ds A 
urreni B0 35 amp, Hence mx0'2x20 iu 7 
whence t7 88'57 ‘grams. A 


2 An electric copper kettle weighing 1000 gms. holds 1800 gms, of water. 
Ya rt a dern at Sed err ghi ie the keiile. Calculate the 
time taken water to reach boiling rcint from 20°C. (Sp. ht. is 01; 
J=4'8 x 10! ergs). s G ne set 
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Ans, We have, JH * ECt ergs (Art. 76). 
. ECt | Ex109x0x10-* xt 
AM Hala 
J 44x107 
Hence, H=(1000x0°1+1300) (100—20)=1903x80=152,000 cals, | 
4'2 x 152,000 _ 4'2 x 157.000 
s EC 200x ő 


3. ABOD isa nstwork of resistances 5.8 Tand 16 ohms taken inorder, A 
battery of 299 volis is connected between A and C Find simple numbers which 
will represent the heat generated sn AB. BC, AD and DO, (Pat. 1932) 


Ans, Draw thedisgram. The resistances AB, BO, CD and DA are 5,8,7 
and 16 respactively. Waen the battery is joined batwaen 4 and C, th» resistanos 
of the branch ABO =(16+7) or 23 ohms, and that of the parallel branch ABC = 
(5+8) or 13 ohms, If C, be the currant flowing ta the branch ABO, OC, =24)'9/13 
("the P.D of A and C=29'9 volts) -2:3 amps. and if C, be the curreat flowing 
in the branch ADC. O,=29'/23=13 amps. 


It H ba the amount of heat gonerated by a current C flowing in any conduotor 
of resistance r for time ( secs, H=0'21 XC *rt calories (Art. 76). 


ECt 
Is, Ta cals. 


eae 710 min. 38'4 seconds, 


("If Hs. Ha. Hs and H, be the number of heat units generated per seo, in 
AB, BC, AD and DO resvectively, we have, 


H,20 24x (23) x 525318 calories. Hy70724 x (273)? 8 1071568 cale. 
H,20212,13)! XT 22:83)2 calories H, 20:24 x (18)? x 16 64896 cals, 


81. Electrical Work : Energy*: Power : 


Electrical Work.—Hlectrical work is said t ba done when a charge 
flows uader a potential ditferenos Whaa a 0.4.9. uhit o1w28 flows 
under a P.D. of E (O.G S. units), the work dona is E. Therefore, when 
Q charge flws under a P.D of E, the work W=Qx E (0.G.3. units) 
= charge X pot. diff. X (current X time) X pot, diff. 

Unit of Electrical E rergy.— TA». practizal unit of work or enargy is 
tha joule which is the work dons when 1 corto ub of charge flows under 
a’ potential difference of 1 volt ; that is, tae joule is tha electric .| en orgy 
supplied to a circuit when a curreas af one ampere flows for ons second 
under a potential difference of one volt. 

<. 1 Joule—107* X 10° 2 10*0.G S. units of work (or ergs). The 
mechanical equivalent of heat, 

J=4'2 X 10" ergs per cilorie=4'2 joules per calorie. : 

Power.—Power is the rate at whioh an agent does work, i.e. it is 
the work done by an agent per unit time if the work is doae uni- 
formly If Q charge flows uader a P, D. of E in tine t, a0 power 


p=?*E =CH, where C(=Q/t) is the current strength. 


Unit of Electrical Power.—The practical unit of electrical power 
is known as &he «art, whichis the p wer exosnded when one ampere 
of current flows under a P.D. of one volt, Hence, 


Power (in watts) = Volts X Amperes. 
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1 watt=1 volt X1 amp. per seo. 107 * X 10° ergs per second 
— 107 ergs per sec. =1 Joule per sec. 

1 Kilowatt=1000 watts. 

The Commercial Unit of Electrical Energy.—The watt-hour is 
4he electrical energy supplied to a cirouis for oue hour when the 
power is one watt (i.e. 1 volt 1 amp) but for commercial purposes 
a still larger unit is used, which is the energy expended in an electric 
circuit at the rate of one kilowatt for one hour and is known as 
one kilowatt-hour (abbreviated as, kWh) of energy. It is the legal unit 
chown. by the Board of Tra fe and is known as the Board of Trade unit 
4B.0. C. unit) by which the consumption of electrical energy is measured 
and charged by the Hlectric Supply Companies. 


^. Number of kWh (or..0.T) units= No ot watt hours 


.. (volts X amns ) X hourg 
100U 


1 kWh=1000X60% 60 watt.geos,  —3,000,0:0 joules— 36 x 10° 
joules, 


82. Relation between Horse-Power and Watts :—The Engineer- 
dog unit for power is culled one Horse-Power (H P.) 
1 H.P — 33,000 ft.-lbs. per minute — 550 ft.-Iba per sec, 
=550 X 3018 X 458 6 X 981 ergs per sec, 
— 146 X 10" ergs per sec. — 746 joules per sec. 
=746 watts ("^ 1 watt —1 joule per sec.) 2 0 746 kilowatt. 


83. Hot wire instruments —The elongation produced in a 
metallis wire, when heated by an electric current, is utilised in 
‘these instruments. In a hot-wire 
ammeter, as shown in Fig. 80.a), 
the current to be measured flows 
along a fine wire W (usually of 
platinum-iridium alloy and of 
about 01 mm. in diameter) which 
is stretched horizontally and 
pulled downwards at its mid- 
point by a silk thread stretched 
by a spring S of phospbor- 
bronzs. The thread pas-es once 
‘round the roller R and the roller 
-earries a pointer P which moves 
over the scale Æ. Tne roller 
carries also a light aluminium 
disc (not shown in the figare) 
which moves with it between " 
the poles of a permanent horse- Haye (o) 

.shoe magnet. Tois device, by its inertia effect ‘and -by virtue of the 
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eddy currents induced in i$ which react with the permanent field giving 
rise to an opposing torque, serves to damp the movement and protect 
the heating wire from sudden jerks or excessive stress. "When a current 
passes through W, it grows warm and expands. As the spring pulls it 
down (producing a sag), the roller turns and the pointer moves over a 
scale. The wire W is provided with end-screws A & B by adjusting 
which the pointer can be set to the zero of the scale. The scale is cali- 
brated by noting the points on the scale to which the pointer turns 
when known currents like 1 amp., 2 amps. etc. are passed. In single-sag 
instruments, the pointer movement is due to a sag in one wire only, as 
in Fig. 80(a); there are two-sag instruments as well, where a single-sag 
caused by thermal expansion of one wire is utilised to produce a greater 
sag in a second. wire (which is insulated from the first) and thereby the 
deflection of the pointer is enlarged. The range of these instruments can 
be increased by using suitable shunts. A hot wire voltmeter is similar 
in construction as above, but has a high resistance added in series with 
the expansion wire. A 

The main advantage of these instruments is that they can be used 
to measure alternating currents also, for the heating on which the working 
of the instrument depends, is independent of the direction of the current. 
These instruments are widely used for high frequency alternating 
currents used in radio circuits, Their use for direct currents is too 
limited, more accurate instruments of other types being available. The 
scale of such an instrument will be too crowded towards the lower 
values, and more expanded at the higher values, because the indication 
depends on the square of the current. 

The instrument is calibrated by passing known direct currents. 
When ured in an alternating current circuit, it reads the effective (obher- 
wise called the virtual or root mean square) value. This latter quantity is 
defined to be that steady current which produces the same heating effect 
is unit time as the alternating current under test does (vide Chapter 

TX). 
Examples.—1,*"Cdiculate the time required to boil a litre of water which és at’ 
26'4°C., the available energy being at the rate of 1 H.P. i 
“Ans. Heat required- to raise the temperature of 1litre (1000 c.c.) of water 
through (100—25'4) or 74'6*C. — (1000 x 74*6)— 74600 calories, 
'.. But 1 calorie is equivalent to 4'2 X 10" ergs or 4*2 joules. 
.. "The electrical energy equivalent to 74600 calcries is 74600 x 4'2 joules, 
The rate of available energy =1 H.P. — 746 joules per sec. 
14600 x 42 seconds=7 minutes, 
746 
2. A generator produces current at 220 volis, but owing to the resistance in the 
cable leads the available voltage in a staticn is only 210, Where a motor és working 
with a current. of 20 amperes. Find (a) the power of the generator in (3) K. W., 
(ii) H. P.; (b)the power taken by the motor in K. W.; (c) the energy wasted én. 
the leads ; (d) the resistance of the leads. 
Ans. (a) Power in watts=volts x amperes, 


+, Power of the generator =220 x 20 watts=(220 x 20)/1000 K.W. 
=4°4 K.W. ; and (220 20)/746 H.P, =5'9 H.P, (approx.). 


> Time required = 
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(b) Power taken by motor--(210 x 20)/1000=4'2 K.W. 
(c) Energy wasted in leads =(220 - 210) volts x 20 am p. 200 watts. 
(d) Resistance of leads P.D. between ends _ 220—210 10.9.5 ohm, 
current 20 20 
3. The lighting of a village requires 40 amps, at 200 volis, This is supplied by a 
dynamo in a distint town, developing a P. D. of 220 volts. Find (i) the resistance 
of the mains from town to vstlage ; (ii) the number of B.O.T. «nits consumed in 
10 hours in the village ; (iii) the number of B.O.T, units wasted in the mains in the 
same ti ve. (U. P. B. 1948) 
Ans. (i) Fall of P.D. in the mains-290 —900:20 volts—resistance of the 
mains Xcurrent in the mains--resistance X40. ,", Resistance of the mains= 20/40 


=0°5 ohm. 
(ii) B.O.T. Units consumed in 10 hours = 200% 40X10 80 kWh 
(220—900) x 40x10... 5 kWh 
1000 


(For applications of Heating Effect of Electrio Current vide Oh. VIII). 


(iii) B.O.T, Units wasted in the mains= 


THERMO-ELECTRICITY 


8!, Seebeck Effect : Thermo-couple :—In 1821 Seebeck observed 
that if two wires of different metals were soldered together at their ends 
so as to form closed circuit, then, on heating ono of the junctions, a 
current flowed round the circuit, ¢¢., the heat energy is transformed 
into electricity. This phenomenon is known as the Seebeck effect. 
The current is called Thermo-current, and the pair of metals combined 
in this way is called a thermorclectric couple or simply a thermo-couple 
and the two different metals forming the couple are called the elements 
of the thermo-couple. As current can only be due to an E.M.F., an 
E.M.F. wots round the couple when the two junctions are ab two 
different temperatures. Such an E M.F. which is responsible for the 
&hermo-curren& in a couple is called a thermo-E.M.F. Experimenting 


with various metals Seebeck arranged Fe 

several metals in a series, called the Hot Cold 
thermo-electric series or Seebeck 

series, given below, such that when Ca Current 
any pair of them is used, the current 3 + 
flowed through the cold junction Fig. 81—Thermo-couple 


from the metal which ocours earlier in the series to that whisk Ours 
later in the series. Thus, in an iron-copper coulpe (Fig. 81), tho! oggrent 


flows from iron to copper through the cold junction, the position ron 
in the Seebeck series being earlier than that of copper. bp A 
Thermo-electric Series 
(1) Antimony (4) Gold b (7) Platinum 
(2) Iron (5) Lead (8) Niokel 
| (8) Silver (6) Oopper (9) Bismuth, 


Tao more distanb ara tha two elemsnts in the thermo-slectric se ries, 
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the larger is thermo-electric current for a given difference of temperatures 
between the junctions of the couple. As current is due to an electromotive 
force, it is evident that the thermo-E.M.F. acting round the couple 
depends upon the nature of the elements and also upon the difference 
of temperatures of the junctions. 

It is to be noted that the introduction of a third metal in the circuit 
does not affect the Æ. M.F. acting round a thermo-couple provided both 
the junctions of the third metal with the couple are at the same 
temperature, This makes it possible to insert a measuring instrument 
in the circuit of the couple. 

85. Variation of Thermo-E.M.F. with the Temperature :—It is 
interestirg to know Low the E.M.F. in a thermo-couple changes 
with the temperature difference between ite junctions. Let us 
consider the iron-copper couple of Fig. 81, where, suppose, the cold 
junction is kept at 0°C., ie. in melting ice, and the temperature of 
the hot junction is gradually increased. The nature of variation of 
the E M.F. is shown in Fig. 82. It will be noted from the curve 
that by gradually increasing the temperature of the hot junction, 
the E M P. attains a maximum value Em at a certain temperature 
i» of the hob junction after which the E.M.F. diminishes and 
gradually becomes zero, If the temperature is further increased 
after the temperature ¢ of the hot junction at which the E.M.F. is 
zero, the Æ.M.F. is reversed in direction, and the current begins to 
flow in the opposite direction, The temperature of the hot junction 
at which the E.M F. for a couple becomes a magimum (Em) is called 
the neutral temperature (ta), it being different for different couples ; 
the temperature at which the Æ.M.F. reverses in direction is called 
the temperature of inversion (4). For an Iron-Copper couple 
the maximum E.M.F. is 
about 3 muilli-volts (mv), 
the neutral temperature 
about ¢£75°C., and the 
temperature of inversion 
about 5090. (vide Fig. 
82). The curve is nearly 
a parabola ; for most of 
other pairs of metals, 
the nature of variation 
is almost similar. If the 
temperature of the cold 
junction is other than 
0°C., the EMF. that 
will be developed can be 


Fig. 82—Variation of Z.M.F. for Fe-Ou couple ss QNS i ES 


with change of temp. of hot junction, 
E 3 temperature of the cold 
junotion ¿° along the curve, as shown in Fig, 82, 
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86, The working theory of a thermo-couple :— 

For a thermo-couple, the relation between the thermo-E.M.F. 
E and the temperature difference 0 between the junctions is given 
by E=a9+b0", 

where a and b are constants the values of which depend on the 
elements used as well as on the range of temperature. If one junction 
ia kept at a constant temperature of 0°C., the above relation reduces 
to the form, H=at+bt* v ee e oe (1) 

where t'C. is the temperature of the other junction. 

[The thermo-E.M.F., E, is small and is, therefore, commonly expreseed in 
micro-volte. The change of this E.M.F. per degree change of temperature of the 
hot junction at a given temperature of hot junction is known as thethermo-electrio 
power ofthe couple at that temperature and is expressed in micro-volts per °C 
at that given temperature, The thermo-electrie powers of standard couples over 
a wide range of temperatures have been prepared by the National Laboratories 
of the world and are available in the form of tables and charts] 

How to evaluate a and b ; 

The constants a and b may be determined by keeping one junction 
o the couple at 0°C. and the other junction successively at two known 
standard temperatures ¢:°C, and ¢,°C, end measuring the resulting 
E.M.F.'s, E, and Es. 

Now, E, —at, -bts*, & Es —ats t bis*. 

<. a=(Hyts*—Est,*) tıta(ta— tı), 
4 —Eits— Est 
tatalts—ta) ` 

Knowing a and b in this way, an unknown temperature (t) of the 
hob junction may ko de'ermined, from equation (1) given already, by 
measuring the E.M.F. E developed with one junction at 0°0, and 
tho other at the unknown temperature £"C. 

87. Peltier Effect :—In 1884 Peltier found that when an 
electric current is passed through the junction of two dissimilar 
metals, tbe junction is either heatec or cooled, depending on the 
direction in which the current flows. This is known as the Peltier 
cffeot, Evidently, the Peltier effect is a converse to the Seebeck effect. 


(a) (b) 


Fig. 83 


The rule atout evolution and absorption of heat is that the 
junction, which on applying heat sends the thermo-electric current 


dn a cortsin direetion, abiorbs heat when a courron) from a oll is 
sak through h la the me direstion, It tho carrent is sent ia the 


ilastrates a Ou- Fe couple in which, oa application of how at a 
feoetion, earreot flows from Ou to Fe noros that janotíon. Big B30) 

eou sending a ourrent from a battery 
fro o Ou to Fe, host la * that junction rosulsiag in a fall of 
Moin perature. 


Wxplasa'ion of Peltier Effect.—Tbis phenomenon has been ex- 
rris ee that thoro exisis an E.M.P. (oallod the Poltior 
BMP) wo junction of two dissimilar motais. Tho magnitude of 
thts EACF. ls proportional to tho tomporature of the junotlon, and 
ite direotion for a given couple is fixed. For example, in a eopper- 


^ oarrent is passed throagh this coagple, ol! ie produced 

at the janotion when tbe earront passos from copper to iron, ie in 

of the Peltior H.M.P. and boat [s volved at the other 

Janetion when the current passes in opposision to the Polsior E. M.F. 
‘The 


Lu 
Peltier coefficient for a thermo-junction is an E M.F. for 


Of charge passes soross the junction, [ts value doponds 
n the temperature of the junction and the paturo of the two motala, 
8% Peltier and 


Ktfeot Joule's Effect Compared :—The 
heat poluosi daa to the Paoltier effoob should not be confused with 
the onfinary hewing effect (loulo’s effos) of a current, Joule's 


sios depends upon the rmistinos of tho metal and is independent 
the ot, Wherow the Poltior effoot devends 


gm 


fo iron this BMP, sote from the parte of higher to thos of lower 
fempersture, while ln copper the BMP. aote from the part of lower 
40 ihom of higher temoora\ure. Dus #9 the exishe soe of this MA P, 
beat will be either orsirod or adsorbed in the osndustor 

an the dirsetion of the current, 


The Thomson Coefllelent for a homagencoas motal is defined 
es the EMF. that existe bet en two points of It differing la tempere- 
ture by 1°0. For soper sad mod metals, the Thomon BMF. 
as already pointed oat, ie dirseted (rom tower to higher tomparstare 
witha the epoducter, when the Thomon Cosfljlent is eid bo be 
positive ı wheross thore are à fow metis lite iroa, nlokel, eobslt, 
platings, hismath, oto la whioh the H.M.P. le dirssted in the metal 
from pointe of higher to those at lower temperare, for which, orsa 
the Cosfisisnt li mM to be meae. For lad, the 
Tuomsoa Coeffislent {+ preeMoslly moro «nd Vola ia why bhis motel le 
oltea used lor thormo-elostria purposes as a reference metal. 


90, Practiont Applications of Thermo-elec'ricity -The emali 
EMP’ developed in thermo-coayles sro widely uwi la prssiise 
tor the (i) meseavemeat of te upsrstarss ovar & wide range, wa. T 
a very high (osr shoot 20000.) to very low (omer aboad T) 
Aemperabares | (ii) dereotion of radisot how, (Hii) maumiremant 
weak allorating earrente, ote. 


Ol, Measuremeat of Temoerature by Thetnosenniei= 
oyati, Baath’, the mlan of a sot b, la Mis maol, are fed 


Smprreteres ot explalosd lo An. eavily the eX b 
kepi si a cons) tom erature, ey Vt of COTTET] LTI 
the room), and the owwer janstiga je olseel ciesomdi rely ot Vero sas. 
dard tenperstares whieh are known, The X M.F. may be mevarel 
by an accurate milli volunster, of more prededy by tha ootentiomMer 
method after onlltwating te letter with a standard oati (Pig 34). Wasa a 
and b will thas be. Known of the souple, the onkeown temperature i 
can thea be deverminel by mesearing the AMP. E that will be 
C ear or oA Mu Lo ge 

wares, folving the abore equation, there will be two vuam 
for the unknown tenperstare of whieh one velse will be abeand, and 
the other is to be seemed a: the Gnksows Senprratere, 
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tbe null-roint by adjusting the jockey, srd Jet 7 be the length of the~ 
potentiometer wire. Bo, tbe potential drop for ¿°C of the hot 


2volt 
Accumulator 


Standard 
cell 


Cu 
oc 
Cold Hot 
Fig. 84 
junction of the thermo-couple= ds mY. Thus the unknown temperature, 


t can be determined. 

A graph may be plotted by changing the temperature of the hot 
junction of the termo-couple. 

High temperature measuring instruments based on this method are 
called thermo-electric pyrometers, 


Thermo-electric pyrometers we available as direct reading instru- 
ments. They are widely used for industrial purposes such as for 
fhe measurement of temperature of furnaces etc, The instrument 
consicts simply of a suitable couple connected toa milli-voltmeter 
whose scale is directly marked in degrees. One junction of the 
couple is protected and is at the temperature of the room, while the 
other is inserted into the furnace. The ranges of some suitable couples 
used in commercial instruments are indicated below— 


Copper—Constantan E —100°C to  5009Q, 
Tron—Conatantan X —1009Q.to 800°C. 
Ohromel—Alumel Pr 0°C, to 1100?C. 


Platinum —Platinum Rhodium (90 Pt., 10 Rh.) 600°C. to 1600°C, 


92. The Thermo-pile :— This instrument works on the principle of 
thermo-electricity generated by radiant heat. The original form of the 
instrument, which is due to Nob:le, comprises a number of small rods of 
two dissimilar metals usually Antimony and Bismuth, alternately joined 
in series in a sigsag way in the form of a pile, as shown in Fig. 85. 
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Fach of the junctions is well soldered while the other parts of the rode 
are carefully insulated. The two free 
ends of the series are connected to two 


binding screws between which a EE 
sensitive galvanometer is placed. The AERE (A) 
combination, therefore, isa number of E= 


thermo-couples, joined in series, in order 

a ee the total E M.F. like that ’ 

of & battery of cells connected in series. Manas 

Moreover, the combination is usually Fig Bb the Thetmo-pije; 
made in the form of cube, and the alternate junctions of the series are 
on the oppo-ite faces A and B, of the cube. The front face A which 
is turned towards a source of heat is coated with lamp black to absorb» 
radiant heat as readily as possible. The cube is enclosed in & brass 
oaeing having a conical movth-piece around the front face 4 by which 
radiant heat is collected. Antimony and Bismuth are used in order that. 
for a given difference of temperature between the two faces of the pile, 
a comparatively large E M.F. may be obtained. 

This instrument is very sensitive to even 8& small difference of 
temperatures between its two faces. It isused to detect radiant heat. 
It is very commonly employed for the measurement of solar radiation and 
the comparison of the distribution of heat energy in & spectrum. It cam 
be calibrated by check observations to record directly the difference of 
temperatures between the two faces of the pile. 

93. Measurement of Alternating Current by 2 thermo-electric 
ammeter :— The current to be measured is passed through e wire fo: 
which is soldered one junction of a thermo-couple, and the other junction. 
is completed througn & sensitive galvanometer. The current passing 
through the wire heats the junction and the small Æ M F. developed due: 
to tie difference of temperatures between the two junctions deflects the 
galvanometer. This deflection is used to indicate the current. 


94, Fleming’s Thermo-milliammeter.—It is a sensitive form 
i of amraeter suitable for measuring small 


vera Rail 


aft iet currents, both d.c. and s.c. and was- 
"i X devised by Sir J. A. Fleming. The. 
1 ia \ pil instrument consists of an evacuated 


dT glass bulb L in which a fine constantan 
wire AB is situated and in the middle 
of the wire is soldered a junction of a 
Tellurium-Bismuth couple the terminals. 
of which can be joined, in an experi- 
ment, to a low resistance galvanometer 
G (Fig 86). Whena test current J” 
] is passed through the constantan wire, 

Fig. 86 &he wire is heated by Joule heating and. 


the junction of the couple acquires the temperature of the wire. As a 
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result, a thermo-current passes through the gilvanometer which shows m 
deflection proportional to the temperature difference in the couple, the 
| Jatter being proportional to the square of the current traversing the 
-eonstantan wire. So the deflection is proportional to the square of the 
test current. . Since the deflection is proportional to the square of the 
test current, the instrument is suitable for both do. and a.o. If the 
deflection is previously calibrated in terms ‘f known currents, say,d.c. the 
instrument may be subsequently used as an ammeter for measurement 
tof both d c. and s.c. In practice the instrument is suitable cnly for 
“small currents of the order of milliamperes, since heavy currents sre 
likely to damage the sealings in the bulb when the heating is large. This 
| Js why the instrument is d. scribed as a milli-ammeter. 


© 95, -Sir William Thomson, First Lord Kelvin (1824—1907) :— 
He was born in Belfast, Ireland in 1894. He was of Scottish- 
Trish descent. His father was an erudite Professor of Mathematics. He 
“and his younger brother, James Thomson, received their early eiucation 
in the University of Glasgow. His father noticed a mathematical genius 
in him and sent him to Cambridge where he entered St. Peter's College 
at the age of seventeen. He passed as a second wrangler, but Inter in a 
more severe test stood first in Smith's Prize Competition He then went 
to Paris to work in Regnault’s laboratory where classical determinations 
of physical constants were then carried out. In 1846 he came again to 
Glasgow as Professor of Natural Philosophy. He made the first major 
eontribution to science, when upholding Carnot's theorem on the Heat 
. Engine, he defined tbe. absolute 
(or the thermodynamic) scale of 
temperature. To arrive at his 
ideas he experimented, in 
conjunction with Joule, on the 
thermodynamic properties of air 
and other gases and found that 
thermodynamic scale agreed 
fairly well with air and other 
gas thermometers which agreed 
also with each other. He is the 
joint discoverer of what is 
known as Joule-Thomson effect 
in gaseous expansion. From his 
thermodynamic investigations he 
announced in 1852 his doctrine 
of dissipation of energy. The 
doctrine is that during trans- 
formation of one form of 
energy into another form, a 
certain amount of energy is 
always rendered unavailable for further useful application. He eventually 
@ointed to the gradual degradation of energy in nature, and the final 


Lord Kelvin 
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destiny in nature—a heat-death. From thermodynamical reasonings he: 
predicted the existence of E.M.F. along any metal rod if a temperature. 
gradient exists in it—the phenomenon being known as Thomson effect. 
In 1852 he married Miss Margares Crum, and resigned from his 
professorship at St. Peter's College. Soon after he set up a laboratory: 
of his own—the first of its kind in Great Britain. About this time 
he engaged himself in investigating the problems which arose in 
the working of a submarine cable laid for the first time between 
England and Holland. ^ He found it to be due to the capacity of the. 
eable. He was personally engaged in the laying of the first trans- 
Atlantic cable between England and America, and in recognition of ` 
his services he was knighted in 1866. He invented a reflecting galva- 
nometer and a siphon recorder in connection with his work in sub- 
marine cables. His constant presence on board the ships in connec- 
tion with the laying of cables drew his attention to the improvements. 
of the various instruments used in navigation, He devised an improved 
form of mariner’s compass to get over the difficulty of the ship's’ 
magnetism. An improved sounding line is also due to him. -He 
invented a machine for calculating the heights of tides at a port. 
After this time he devoted himself to problems on the age of the 
sun, the physical state of the interior of the earth, and the age of 
the earth. The doctrine of uniformity strongly believed by all geologists. 
of his time was refuted by him. 4 


Sir William designed many instruments for electrical measure» 
ment. An ampere-balance, an electro-dynamometer, a multi-cellular- 
yoltmeter, amongst others, bear his name. He established a large: 
workshop at Glasgow for manufacture of instruments which brought 
him immense fortune. For many years he was regarded by all as 
the leader of science in Great Britain, and also of the continent. He 
was created a member of the House of Lords under the title of Baron 
Kelvin, the name Kelvin being taken from the stream which flows! 
past the hill on which the University of Glasgow is built. He died 
in 1907, at the age of 84, full of honours and the enumeration of his 
honours, it is said, might be most briefly made by mentioning the 
few not conferred. 


Questions 


i. How does the rate at which heat is developed by an electric current 

depend on the current strength and the resistance of the conductor ? Y. 
K Pat. 1929) 

2. Obtain sn expression for the quantity of heat generated in a conductor of 

resistance ‘R’ when s current 'U’ passes through it for ‘t seconds. 
(Pat. 1932, 29, '49 ; cf. O. U. 1942, 44 ; Utkal, 1948, '51) 

3. Deduce an expression, in practical’ units, for the development of heat per 

second in & conductor carrying a current, (U.P. B, 1947) 


4, In what respects does a wire carrying a current differ from a wire which, 
carries no current ? : 
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How oan the effects so produced be utilised for the measurement of current ? 
(ALL. 1917) 


[Hints,—Differs in two respects :—When a current passes through a wire, (i) * 
magnetio field is set up round the wire; ($i) heat is developed in the wire. 


For the measurement of current, magnetic effects are utilised in instruments 
known as ammeters, and the heating effects are utilised where C is calculated 
from the relation JH - C*rt X 107.] 

5. Qompare the amounts of heat developed in the four arms of a balanced 
‘Wheatatone’s Bridge when the resistances of the arms are, 100, 10, 300, 30. 


[4ns. 80:8::10:1] y 
6. Two similar uniform wires of equal length have'diameters in the ratio 
1:2end are j ined in series, Compare the amounts of heat produced in the 
wires if a steady current is passed through them, (Utkal, 1950) 


[Ans.: 4:1] 

T. A conductor carrying a current divides into two branches whose resistances 
are in the ratio of 4 to 5. Compare the amounts of heat generated in the branches. 

[Ans. : H,:H,::5:4] 

B. Acoilof wire of resistance Qohms is soldered to two thick copper rods 
immersed in 1000 grams of oil (specific heat 0'6). A current of strength 3 amperes 
is psssed for 30 minutes. Neglecting the water equivalent of the calorimeter, 
loss of heat by radiation etc., find the rise ia temperature of the oil. A current 


of 1 ampere passing through a resistance of Lohm for 1 second generates 0°2387 
salories. (C. U. 1909) 


[Ans.; 12:89"0.] 

9 A320 volts, 5 0 watt aluminium electric kettle weighing 1.200 gms. is 
used to boil water from 220 volt electric supply. How long will it take to bring 
lkgm of water from 30° !, to the boiliag point, assuming all the heat generated 
to be utilised without loss due to radiation ? (Pat. 1937) 

(Sp. ht. of Al. 072) 

[Ans : 12 mins. 9 secs.) 

10 Two points ata given difference of potential are joined by n wires of 


equal resistance. Prove thst the heat generated when the wires are joined in 


parallel +3 equal to n? times the heat ganerated when they are arranged in series. 
(Utkal, 1951) 


1l. A constant current of onà ampere flows ina platinum wire of resistanos 

5 ohms stretohed along the axis of scyliadrical tubs, through which a steady 

.güream of water passes at the rate 15 0.0. per minute. The steady difference 

between the temperature of the water ent»ring and leaving is 4°8°O. Neglecting 
Josses of heat, calculate the value of the mechanics! equivalent of heat. 

(0.0. 1937) 


[Ans,: 416x107 ergs.) 

12 An electric kattle whose water equivalent is 10) gms. contains 100) gms. 
cof water at LO. If tha kattle takes 4 amos. at 2 10 volts, fiad (a) the time 
wequirsd t» boil the water ass iming that 10 per cent of the heat generated is lost 


‘and ib) the rate of generation of heat in it, 
[Ans.: (a) T min. 54 a308. ; (b) 219 calories per s80.] 


43, A oircant, of 5 am paras flows through a wira of resistance 10 ohms for 2 
mintes [f th haat o-olisad is exslusively supolied to 100 gms. of water, 
‘through how many degre»s will the temperature be raised ? (0. U 1941) 


[Ans.: 71 4*0.] 
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14, Describs the electrio-method of determining “J” and give the proof of 


“the formula used, . | (R. U. 1950; All. 1946) 
15. Stste Joule's Liw reiarding theldezelopment of heat in an eleotrioal 
oirouit. Dosori^e an experiment to verify it, (O. U. 1927, '30, '45 ; Pat 1928, 


740,43, 48 ; All. 1931, 44, '46 ; Dao. 1934 ; cf. U.P.B. 1927; Utkal, 1950) 


16. Two equally long copper and silver wires are suspended from two supports 
and are so connected that a ourrent travelling along the copper wire returns 
along the silver. It is found thatthe copper wire sags. The current is now ' 
caused to flow along both the wires in parallel and the silver wire sags, 
Explain fully the above effects, (Pat, 1929) 


[Hints —H œ Ort, Ths specific resistance of copper being greater than that 
of silver, the resistance of the copper is greater than that of the same length 
of the silver wire, In the first case, C is the same in both the wires. ,', Hær 
‘hence the heat produced in the copper wire is greater, and soit sags. Ia the 
next case, the current is distributed inversely as the resistance, so th» current 
dn the silver wire is greater, and because HxC*, the heat produced is greater in 
the silver wire, Therefore it sags.) 


17. A copper wire and an iron wire are connected to an accumulator first 
in parallel and then in series. La the first oase, the copper wire gets red hot 
and in second onse, the iron wire, Explain the fact and show how to compare 
the resistances from the rates at which the heat is developed in exch osse, 

(Pat. 1926, ‘38 , All, 1926) 

[Hints.—(a) See answer to Q. 16, Here the specific resistance of iron is 
&reater than that of o.pper. 

(b) Ifr, and r, b» the resistances of the iron and the copper wires res- 
pectively their total resistance R,, wnen parallel —r;r,/(r,--r,) and Ry, when 
geries m ro Ts. 

~ B fif, E 7 

M UCET Then if C; and C, be the currents (neglecting the battery 
resistance) when the wires are joined in parallel and series respectively, O1R,= 
O,R,=P.D. of the cell. 


n Or Rs (ry try)? 


u^ . Hence if H, and H, be the rates at which heat is 
€, Rı fits 


' developed Hi ZO B; (roy! — = 2 Thus the rato at 


"Hy O, B. (nr? (ntn rats B, 


whioh the h»at is developed is inversely proportional to the combined resistance 
of the two wires.] 


18. An inoandescent lamp with carbon filament works at 2'5 watts undor 
a’voltage of 20 volts, What 18 the resistance of the lamp ? (0. U. 1997) 


[Ans.: 160 ohme.] 
19. State Joule’s Law on the production of heat in an electric circuit, 


An electric iroa, which whea hot-has a resistence of 80 ohms and is used 
‘on a 200 volt circuit, What will be the cost of using it for 2. hours if energy 
costs 3 as, per K W.H.? (0. U. 1947) 


[Ans : 8 a8. ] f 
20. Explain the terms Watt, Board of Trade Unit, efficiency of a lamp, 

(All. 1532 ; U. P. B, 1948) 
Osloulate the amount of hast proluoel in 5 mins. in a 20 watt lamp. 


[Hints, —H —- 20 x 5x 60/172. cals.] (ALL, 1928] 
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21, An electric lamp bas a resistance of 400 ohms, It is connected to supply 
maine of 900 volts. If the price of electric energy be 3 annas per killowatt-hour, 
calculate the cost of lighting the lamp for 10 hours. . (C. U. 1950), 

[4ns.: 3 as. ] 

29. Define and compsre (a) coulombs and amperes, (b) joules and watts- 
State how joule is related to the volt and ampere. 

Describe an experiment which: illustrates the statement that one calorie equals 
4°2 joules. (0. U. 1946) 

98, What is a thermo.electric current ? Describe how would you demonstrate 
its presence. How do you explain the existence of such a current from the 
principle of conservation of energy ? 1 (0. U. 1934, '50, 53) 

[Hints,—As the current is obtained at the expense of energy, the existence of 
thermo-current follows the principle of conservation energy. | 


24. What iss thermo-couple ? How will you demonstrate .urrents generated 


in such a couple? Gives diagram of the arrangement to be used by you. 
(All. 1998 ; C. U. 1945) 


5, Gives brief account of a thermo-pile. (0. U. 1932 ; All, 1925) 


OHAPTER VI 
Chemical Effects of “Electric Currents 


96. Electrolysis ;—When an electric current is passed along a 
wire, molecules or atoms of the wire do not move from their places, 
but when a current is passed through a conducting solution, eg. a 
metallic salt or base, or acid solution, it decomposes or dissociates 
the molecules of the solute, and the two decomposed portions, tend 
to move in opposite directions. This process of decomposition, or 
dissociation of a compound in solution by an electric current is known 
as electrolysis, and tbe solution which undergoes decomposition is 
known as the electrolyte. The vessel in which an electrolysis is 
carried out is called an electrolytic cell or a voltameter. Two 
metallic conductors are used in a voltameter by which the current enters 
and leaves the electrolyte and they are called the electrodes,—that 
‘by which the current enters the electrolyte is called the anode—(from 
ana=up and hodos=a way), and that by which the current leaves is 
called the kathode (trom kata=down, hodos=a way), also written as 
cathods. 

97. Difference between Conduction through Solids and 
Liquids —From the above it is evident that there is a fundamental 
difference between the procetses of conduction of electricity through 
metale and through liquids. Metallic conduction takes place due to: 
“the flow of free electrons without any chemical change, but the conduc- 
tion of electricity through liquids is always associated with some chemical 
cehange’ and it really takes place due to the transport of atoms or groups 


of stoms. 
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It should also be remembered that every liquid is not a conductor of 
electricity and generally pure liquids are bad conductors of electricity 
but their conductivity increases when they have a metallic salt or base, 
or an acid in solution. All solutions of salts, acids and bases, in water 
are decomposed by the passage of electric currert. Liquids such as 
kerosin, terpentine, alcohol, and pure water do not conduct electricity 
af all and so cannot be decomposed. Mercury and other metals in the 
liquid state conduct electricity, without decomposition like ordinary 


solids. 


98. Theory of Electrolysis :— Electrolysis is explained by supposing, 
according to Arrhenius, that the molecules of the electrolyte break up, 
by the very act of solution, into two parts, called the ions, An ton is 
nothing but an atom or group of atoms associated with an electric charge. 
The two ions are oppositely charged 
with equal electric charges attached to 
them, 4e. some of them carry an 
excess and some deficit of electrons 
over the normal number, When a 
potential difference is set up in the 
electrolytic solution between the 
electrodes by means of an external 
source of E. M.F., the positively 
charged ions move towards the 
negative electrode (or kathode) and 
are, therefore, called kations and 
83 the kations are electro-positive. Fig. 87—Migretion of Ions. 
Similarly, negatively charged ions moves towards the anode, and are 
therefore called anions and so the anions are electro-negative (Fig. 87). 
The movement of the ions in opposite directions between the two 
electrodes constitutes the current. 


It has been found that hydrogen and the metals are electro- 
positive in character. The electric charge carried by the ion of a 
divalent element, such as copper, is twice as great as the charge 
carried by the ion of a monovalent element such as hydrogen or silver, 
and are representedithus H*, Cu**, eto, 

Here the difference between electrolytic dissociation, and chemical 
dissociation should be noted. In the first phenomenon, a molecule of 
the substance breaks up into two charged particles, while in the 
other the molecule breaks up into neutral, normal elements or 
compounds.: For example, in the electrolytic dissociation of NH,Ol, 
we get NH,* ion and Cl” ion, but in chemical dissociation we get 
NHs aud HCl. It should also be noted that a charged atom, $.e, an 
ion, cannot exhibit its chemical property, but it can do so when it 
parts with its charge, 


99. The Copper Voltameter :—When copper sulphate ig dis- 
VOL. II (0. E)—10 
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solved in water, some of the molecules, depending on the dilution, 


is pes are broken up or ionised into Cutt 
and SO, "ions. So when an E M.F. 
is applied between the two eleo- 
trojes set up in the solution, the 
positively charged copper ions move 
to the kathode and are deposited 
-on the plate as copper giviog up 
the carried charge, while the nega- 
tively charged (SO,)' ^ ions go to 
the anode where secondary reactions 
take place as follows; SO, ~+H3:0 
=HS0, +077. The freed oxygen 
jon reacts on the copper a3 follows— 
Cu**--077 —CuO. The ^ copper 
oxife chemically combines with 
Fig. 88—A Copper H4SO, to form copper snlphate in 
Discuss this way, O40 - H480, — CuSO, 
--H,0. The copper sulphate molecules so formed go into solution 
to replace that which bas been used up. The strength of the solution, 
therefore, remains unchanged, since for every atom of copper 
deposited on the cathode, a corresponding atom of Cu is separated 
from the anode. Thus the copper taken from the anode is equal in 
amount to the copper deposited on the kathcde, and the rate of deposition 
is a measure of the strength of the current. Hence a copper voltameter 
ig offen used as a current-measurer, 


Measurement of current by a copper voltameter requires & con- 
siderable time, and the voltamoter is, therefore, only chiefly used in the 
atandardisation and calibration of ammeters, tangent galyanometers, ete. 

In Fig, 88, a common form of a Copper Voliameter has been 
shown. It consists of a glass vessel containing a moderately strong 
solution (about 15%) of copper sulphate orystals to each litre of 
which 5 coc. of concentrated sulphuric acid should bs added to make 
the electrolyte better conducting and two 
copper plates (serving as electrodes), con- 
nected to two separate binding screws, 
which are dipped from a non-conducting 
support placed on the top of the vessel. In 
Fig. 89, an improved form of a copper vol- 
‘ameter has been shown where tbe anode 
ig in the form of two thin identical copper 
plates A, A banging on the either side of a 
similar copper plate K which serves as 
the kathode. A bent brass or copper rod 
DEFG, on which the plates A, A are sup- Fig. 89—A double anode 
ported, electrically connects them, while Copper Voltameter, 
another brass or copper rod JL, which is electrically insulated from 


OHEMIOAL EFFEOTS OF ELEOIRIO OURRENTS 147 


the bent rod DEFG, supports the kathode, With this arrangement 
the deposit occurs on both the sides of the kathode and thus the 
maximum area is utilised. For good deposition it should be remem. 
bered that more than ons ampere of current should not be passed 
per 50 sq. cm. area of the kathode dipped in the electrolyte, With 
large currents, the deposits fall down being feathery. 

Copper Voltameter with Platinum Electrodes.—In the oase of 
electrolysis of copper sulphate olution, the kathode will always be 
coated with the copper, but what happens at the anode depends upon the 
material of which the electrode is made. If the anode is of some inert 
material like carbon or platioum, the SO,~~ ions proceed towards the 
anode where the following secondary reactions occur as a result of which 
‘oxygen gas is liberated finally. 


Reactions at the anode : 
9(80,)-7 + 24,0 =2H,S0,+2(0)--. 


The oxygen ions give up the negative; charges to the anode and 
liberate as Os gas. 


This action is similar to the oase of the electrolysis of water 
acidulated with sulphuric acid as described uader ‘Water Masc erie 


in Art. 101. 
má 


100 The Silver Voltameter :—Similarly, in a voltamoter with 
Ag-electrodes and AgNO, solution a certain amount of silver lg de- 
posited on the kathode, 
and (NO,) ions attack 
the anode forming AgNO, 
which goes into solution 
and keeps up the strength 
ol the electrolyte, The 
kathode in this case, very 
offen consists of silver 
or platiaum in the form 
of & cup in which the 
solution is kept, Such 
a voltmeter is used 
whenever more accurate 
determination of vnm 
went, than is possible wit " 
other equipments, is Fig. 90 
necessary. The maxinum 
limit of the current that should be passed through ib is about 0'8 
ampere for every 50 sq. oms. surface of the kathode. 

101. The Water Voltameter: Electrolysis of Water (or Dilute 
Sulphuric Acid):—Pure water is not a conductor of electricity and 
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so for electrolysis of water m dilute solution of sulphuric acid (5 o.c. of 
strong acid in 1000 c.c. of water) is used. 


The cell in which the acidulated water is taken is called a water 
voltameter (Fig. 91), and if usually consists of two vertical graduated 
glass tubes AB and KC, united at their bases by a short glass-tube ; 
the central tube G ending on the top in a funnel acts as the reservoir 
of the acidulated water; the gases formed on the electrodes may 
be collected in the tubes and measured. It will be found that the 
gas evolved at the kathode K has twice the 
volume of that evolved at the anode in the 
same ‘time. On opening the top C the gas in 
CE escapes, and if a light be applied the 
escaping gas burns showing it to be hydrogen. 
The gas in BD, as it escapes, will ignite a glow- 
ing taper, or splinter of wood, showing that it is 
oxygen. Thus hydrogen is evolved at the 
kathode, oxygen at the anode, and the two are 
in the proportion in which they combine to 
form water. 

heory.—The diluted acid dissociates as 
follows: H,SO,=(H)*+S0,"~. The hydro- 
gen ion, on application of the electric field 
between the two electrodes, migrates to the 
kathode and giving up its charge to it escapes: 
as neutral hydrogen. The sulphion radical 
moves to the anode and undergoes a secondary 
reaction at the anode as follows: 2(S04) 7+ 

Fig. 91— 2H40—9H580,--9(0). The oxygen ion 
‘Water Voltamoter, gives up the negative charge to the anode and 
liberates as free Os gas. Thus the sulphuric 
acid molesule reverts to the original condition to be again disso- 
ciated as before. The sulphuric acid molecules are not wasted, and 
it is the electrolysis of water that really takes place in the voltametor’ 
according to the following chemical equation, 2H,80,+2H,0=2H 480, 
-F2H,--Os.. So the final products at the kathode and the anode are 
hydrogen and oxygen in the ratio of 2:1 by volume. In practice, 
however, the two gases cannot be obtained in the above ratio of 
volumes due to (i) the unequal absorption of the gases in the solution, 
(ii) occlusion of hydrogen in the kathode, and (iii) transformation of 
a small quantity of oxygen into ozone. 


The same explanation and the same form of equations apply to 
the case of other acid solutions in water. 


N.B.—A continuous electrolysis of water yields a residue rich in 
heavy hydrogen or deuterium which is an isotope of ordinary hy- 
drogen having an atomic mass twice as much as that of a proton but. 
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carrying the same charge (vide Chapter IX) as that of the proton. 
od used this fractional electrolysis of water to isolate heavy hy- 
rogen. 


Another kind of Water Voltameter.—In this voltameter 
tho weight of hydrogen is directly found by weighing. 


Electrolysis of acidulated water is carried out in a flask by two 
platinum electrodes. The hydrogen and 
oxygen gases evolved during electrolysis 
escape throngh a U-tube filled with 
anhydrous Calg. Water vapour escaping 
‘with the gases is absorbed by the CaCl. 
This apparatus can be used to determine the 
strength of a current flowing in a circuit, 


The voltamoter is weighed before the 
experiment. Then on passing a current, 
C for a known interval of time, ¢, the 
arrangement is again weighed. The 
difference of the weights gives the weight 
of hydrogen and oxygen evolved. 


Calculations —We know that 2'016 
gm. of hydrogen is evolved from (16--9 
1'008)- 18016 gm. of water. 

It the weight of water dissociated is 


f .,.2'016 WS 
W gms. then weight of hydrogen evolved = 18016 XW: 59865 gms, 
i = Zot, 
we tj =the ol . l- 
[e] S9865XZxi where Z e electro-chemical equiva! 


ent (E.0.E.) of hydrogen=0'00001045 gm. per coulomb, 


102, Electrolysis of Hydrochloric Acid :—This is done in 
the same way using the same apparatus as in Fig. 91, but the platinum 
foils are replaced by carbon rods as the liberated chlorine reacts with 
platioum, After the current is passed for sometime, the hydrogen 
and chlorine will be seen to be collected in equal volumes in the two 
tutes, the hydrogen at the kathode and the chlorine at the anode. 


103. Some Terms :—In electrolysis, it is found that metals and 

. hydrogen always travel with the current and go to the kathode ; they are 

therefore, called electro-positive ; while the acid particles and non- 

metals travels against the current and goto the anode, and are called 

electro-negative. Pure water does not conduct electricity, bub it is 

difficult to get water without traces of some salt or acid dissolved in ib; 
go ordinary water is generally a conductor. 
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The valency of an element is given by the number of hydrogen 
atoms which will combine witb, or be replaced by, one atom of the 
element, 


The Chemical equivalent of an element is numerically equal to its 
atomic weight divided by the valency, and it is this weight which will 
combine with or replace one part, by weight, of hydrogen. 


A gram equivalent of a rubstance is the quantity of the substance 
equal to its chemical equivalent expressed in grammes, 


Tho atomic weight of silver is 108 and its valency is 1; 80 the 
chemical equivalent of silver is 1C8/1, 4.e. 1(8, and the'grame. quivalent 
of silver is 108 grams, 


104. Faraday's Laws of Electrolysis :—The facts of electrolysis 
are stated in the following laws due to Faraday :— 


(i) The mass W of anion liberated at an electrode is proportional to 
the quantity of electricity Q, which is passed, i.e, to the product of the 
strength of the current O, and the time ¢ during which it flows. That 
is, W «Qe (Cxi). : 


(ii) If the same quantity of electricity passes through several electro- 
lytes, the masses of ions liberated are proportional to their chemical 
equivalents (m). That is, W =m. 


Verification :—The laws can be verified as follows :— 


A current from a 
battery is passed through 
tbree electrolytic cells in 
series, one containing & 
solution of coprer sulphate 
with Cu-electrodes, the 
second a solution of silver 
nitrate (4gNO s) with silver 
electrodes, and the third 
containing acidulated water 

i : with platinum electrodes 
Fig. 93—Electrolysis (Fig. 93). 

1, (a) Let the current pass through the electrolyte for a period ¢, 5 
then determine the mass W, of copper deposited on the kathode of the 
copper voltameter, which was previously weighed, Repeat the experiment 
by passing the same current for another interval ża and determine the 
mass We of copper deposited ; then it will be found that, 


Waits, ie Wet, when C is constant P) 
Ws ts 


(b) Next repeat the experiment by keeping the time interval the 
same, but alter the strength of current C by means of the rheostat B. 
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Determine the amount of deposit on the kathode for each value of 
the current and let them be Ws and W, the corresponding currents 
being C, and Ca respectively ; then it will be found that, 


enh, i6, We, when ¢ is constant $2502) 
Then from (1) ard (2), we bave, We Cic Q. Thus the first law is 
verified, 


2. All tbe kathode plates of the different cells are first cleaned, 
dried and then weighed. To collect hydrogen a graduated tube filled 
with water is inverted over the negative terminal of the water-volta- 
meter. Passa suitable current for some time snd ss usual, find ouf 
the masses deposited on tbe plites. To find the mass of H, evolved, 
the volume of bydrogen collected is reduced to normal temperature 
and pressure and then multiplied by the density at N.T.P. It will 
be found that the masses liberated (Wi, Ws and W,) will be related 
to the chemical equivalents (mi, ms and ms) of the elements as follows— 

Wi: Wat Ws: : mi: ma: ms 

That is, Wom, when C and t are constants. Thus the second law 
is verified. 

105. Electro-Chemical  Equivalent:—From  Faradey's law of 
electrolysis, WeeCt; or, W=ZCI, where Z is a constant foran 
element. This constant is called the  Electro-Obemieal Equivalent 
(E.0.E.) of the element. From this it follows tiat, "Te electro- 
chemical-equivalent (E.C.E.) of an element is the mass of it in grams 
which is deposited by the passage of one coulomb of electricity i.e., by 
one ampere for one second, 


Relation between E.C.E.'s of Elements.— 


If Wa and W, be the masses of two elements, A and B, of F.C.B. 
given by Za, Zb, liberated by the same current in tne same time, 


Wa=Za.0. t n s.. bed (1) 
a 
Wy- Ze C. t. ese eee e.. (2) 
Wa Za 
From (1) and (2), ¥#=2s 
om (1) and (2) W, Z, 


But from Faraday's second law of electrolysis, 
Wa _ Chemical Eq. of A, (ma) 

Wy Chemical Eq of B, (m) 

js Z, ms Chemical Eq of B 


The ECE. of silver is 0001118 gm. per coulomb ; of hydrogen, 
0'00001044 gm per coulomb. Knowing the value of E.CE of one 
element, the E.C.E. of other elements can be obtained from the 
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knowledge of their chemical equivalents, Thus, the chemical equivalent 
of silver being 118, its E.0.E.—10830'00001044—0'00112 gm. per 
coulomb, since the chemical equivalent of Hs is unity. 

Since 0001118 gram of silver is deposited by 1 coulomb of electricity, 
108/0'001118, $e. 96600 coulombs are required to deposit 108 gms. of 
silver, This same quantity will also deposit one gram-equivalent of any 
other monovalent substance, 


A table is given below of the B.C.E. of some common elements— 


—_———— 


1 : E.O.E. 
Element Atomic weight Valency (grams por coulomb) 
Electro-positive | 
Cone: 63'5 2 | 0'0C0329 
| 
Hydrogen 1'008 1 | 0:00001044 
Silver 108'0 "MUN 0001118 
Blectro-negative 
Oxygen 160 CONI 00000829 
Ohlorine 355 i 000036 


106, Mass of Ion deposited :—From the first law we have, 
ec Qt, 
where W=mass of an ion*deposited in grams ; O= ourren& in amperes ; 
1-time in seconds, 


Or, W-—ZOt, where Z is a constant, By putting 0 —1, and £— 1, 
Z becomes numerically equal to W i.e. the mass of ion deposited by 1 
Coulomb of electricity and, in this case, the mass of the ion Z is called 
the electro-Chemical equivalent of that particular element. 


107. The Charge on an lon :—According to the modern theory, 
which is supported by conclusive experiments, in the electrolytic solution 
of a monovalent substance the atoms themselves are the carriers of 
electricity, and the charge carried by a positive ion of each monovalent 
substance like hydrogen, silver, sodium, etc. is of exactly, the same 
magnitude as the free negative charge called the ‘electron’ which is the 
natural unit of electricity. 


Ib has been already stated that the passage of 96600 coulombs 
will liberate one gram-equivalent of any monovalent substance. Then, 
if n be the number of atoms in one gram-aquivalent of a monovalent 
substance and e the charge carried by each atom (ion) iu eleotrolysis, 
we have ne= 96600 coulombs. 
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But the number # referred to above is a constant for all subs- 
tances and its value (mean of values experimentally obtained in 
recognised experiments) is 6°16X10**. Hence the charge carried 

96600 
6°16 x 10** 
1072°7.S.U. So-this charge is associated" with one electron. 

Since the gram-equivalent of a divalent substance contains half the 
-number of atoms stated above, the charge carried by each divalent ion 
is twice that carried by each monovalent ion. 

The charge in coulombs necessary to deposit one gramme- 
equivalent of any substance by electrolysis is called one Faraday. 
Tis value is the same for all substances ; using the data for silver, the 


by each monovalent ion= —157X107*9 coulombs—4'7 X 


1078 
Eu Mei bs. 
Faraday F 0 001118 96494 coulombs. 


The two terms ion and electron should be distinguished by remem- 
bering that the ion is the material atom carrying the charge and the 
electron is the charge itself without the atom. 


Example.—A current of 5 amperes is passed for 5 hours through three voliamelers 
arranged in series containing solutions of copper sulphate, silver nitrate and 
sulphuricaotd. Calculate the masses of silver, copper, and hydrogen obtained, given 
that B.O.E. of silver 0001118 gm. coulomb; at. wt. of siluer=107°88 ; at, Wt. of 
copper=63 57, and at. wt, of hydrogen 17008. (Pat, 1944) 

Ans. The total quantity of electricity passed in 5 hours, or 5x 60X60 seconds 
=5 X 5 X60 x 60 90,000 coulombs, 

1coulomb is the quantity conveyed by lamp. in1sec., 1 coulomb liberates 
0'001118 gm. of silver. Í 

To: 90,000 coulombs will liberate *(0:001118x90,000) gm.=100'62 gms. of 
silver. 

By the second law, the masses of liberated ions are ‘proportionsl to their 
chemical equivalents. 

/. Mass of hydrogen =(100°62 x 1'008)/170°88=0'94 gm. 

Mass of oopper=(100°62 x 63:57)/(2 x 10788), copper being divalent =29°64 gms. 


108. Measurement ot Current by Voltameters :—Though a 
current can be measured by its magnetic effect, by the heating effect 
and so on, the moat accurate measurement is done by its chemical 
effect, ie. by electrolysis. From the relation, W=Z0t, the strength 
of a current C can be calculated by knowing W, Zandt. Wor the 
purpose of measuring current strength, a copper voltameter is con- 
veniently used. Before dipping the kathode in the solution, it should 
be carefully cleaned, dried and then accurately weighed in a good 
balance, Current is then passed for a known time after waich the 
kathode is taken out, carefully washed with distilled water, and dried 
án air at the room temperature. Now by weighing the kathode, 
‘tne weight of copper deposited will be known ; so the current strength 
.can-be calculated by noting t, and knowing Z of copper. 
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109. Reduction Factor of a Tangent Galvanometer :— 


Expt.—A circuit is made of copper voltameter V, a battery B, 
an adjustable resistance R, and a tangent galvanometer (T. G) with 
& commutator C, all connected in series (Fig. 94). By adjusting the 
resistance E, the needle of the galvarometer is brought as near to 
45° as tossible. The kathode is then taken out, cleaned, dried and 
then weighed accurately in a good balance. Ib is then put in its 
position in the voltameter and 
^ current is paseed for a known 
time ¢ seconds. For a good 
deposit, the maximum limit to 
the current strength is 7 am- 
pere for every 50 sq. cms. of 
the kathode surface. With large 
currents the deposits fall down 
being feathery. The currens 
(through ^ the ^ galvarometer 
only) should be reversed, when 
ove half of the time occupied 
by the experiment has passed, and the mesn of the four readings 
(readings for both ends of the pointer each time) is taken as the 
deflection 9. The kathode is then remcved, washed and dried, and 
finally weighed again in the balance and thus the mars of copper 
deposited is found. Then from the relation C amp.—10 K tan 0, 
the reduction factor K is calculated, The value of C is calculated 
from the relation W=ZCt, where W is the mass of copper deposited 
on the kathode of the voltameter. Thus, 


Fig. 94 


= Ww . 
10 Zt tan 0 


N.B.—(1) In the above experiment, the kathode gains as much 
copper as the anode loses. The loss of mass of the anode could then 
as well be used for the above determination, It is not, however, the 
practice to do so, for any impurity present in the ancde, which is 
quite likely, ceyarated from the anode during electrolysis, will show 
an increase of loss though the loss of copper is not actually so. The 
above method may also be used to determine the E. C. E. of copper. 


Here Z = Knowing the reduction factor K, W, t and 


d 
c= W Uum. 
i (ampere) ; or, 10K tan 6 Zi ;or, K 


10 Kt tan 6° 
being found from the experiment, Z for copper may be calculated, 


Exemples.—1. Inorder totesi the readings of an ammeter $t was connected in 
series with a silver voltameter and a steady curreni wos passed threugh the two for 
one hour, The ammeter indicated 0'26 ampere, and 10062 gms. of silver was deposi- 
ted. Was the ammeter reading correct ? If nol, what was the error! (EC E of 

silver = 0°001118) (Pat, 1920) 


Ans. Frcm the relation, W=ZCt (Art. 106), C= W]Zt (ampere). 
0—1:0062/(0.0001118 x 3600) — 425 ampere, 
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Hence the reading indicated by the ammeter is too high and the error is 
0:26—'95-0'01 ampere, N.B. This example illustrates a method of calibrating 
an ammeter, 


2. A circusl consists of a solution of silver salt and a coil of wire resistance 20 
ohms immersed in an oil bath án series, Constant current flows for 10 seconds and 
depossts 0°0279 gm. of silver. Calculate how much heat energy is developed in the oil 
bath. (E.C.E. of silver = 0'0011183 gm.[cculomb). (Pat. 1923) 

Ans. From the relation W=2ZCt, we have, Gen Ea 00279 — 
*0011183 x 10 

The amount of energy devel ped=C*rt ergs. (when C and rare expressed in 
C.G.S. unite C? XrX1X10? ergs, when C and r are expressed in practical units 

7(2:49)* x 20 x 10 x 10? —1240 x 107 ergs, 
C*rtx 107. 1240 x 107 
J 4'2x107 

8. A current és passed for 80 minutes through a silver voltameter $n series with a 
tangent galennometer of one turn and diameter 40 cms. The deflection of the 
galvanomeler is 45° and 2 312 gms. of silver are deposited, What value does this give 


= 2°49 amperes. 


The amount of heat energy in calories= = 2952, 


for the E.C.E. of silver? (H=0 36). (Pat. 1924) 
Ans. From C= tan 0, Q-.20x096 Xtan 4b*e d C.G.S. units, 
ann 4x8'1416x1 02618 
Again, we have, W —CZt ; or, 2831200x T0 x Zx (30x60), whence 


Z=0'00112 gm. per coulomb, for here C should be taken in amperes. 


4, Calculate the electro-chemical equivalent of hydrogen, given that 1 ampere 
deposits 0'65 gm. of copper from a solution.of coper sulphate in 83 mins. (Atomic tot, 
of co] perz 63 ; valency=2). (Pat, 1938) 


en] PUE oe. 055. 
Ans, As above 0'65=Zx1x(38x60); .'. Z EM 


Chemical eq. of copper $? but F.C.E. of copper= 2? X E,0.E. of hydrogen ; 


0°65 
°F, gs x60 X3 E.0.E. ot H. 


From this E.C.E. of H=0'00001042 per coulomb. 

5. If 96,500 coulcmbs of electricity liberate one gramme equivalent of any 
substance, how long will it iake for a current of 0°15 ampere to deposit 20 milli- 
grammes of copper from a solution. of copper sulphate # (Atomic weight of copper 
= 64), (Pat. 1926) 

Ans, The gram-equivalent of a substance isthe quantity in grams equal to 
the chemical equivalent, and chemical equivalent=atomic wt-+ valency. — 

The atomic weight of copper is 64 and its valency in copper sulphate is 2, 


*, Chemical equivalent of copper e S£ 292 and its gram-equivalent=32 gms. 


0°02 coulombs, 


Again, 96,500 coulombs liberate 32 gms. of copper. 
.. 90 mgms, or, 0 02 gm. will be liberated by 26500 
Now, if f seconds be the time required by 0'11 ampere to deposit 0°02 gm., we 
have, O 15 ampere flowing for é secs., é.¢. (0°15 X t) coulombs, 
98509 X0 02 coulombs; when /=6 mins. 42 secs, 


6. Two copper plates are immerscd in a solution of copper sulphate, and a 
current is passed through them and a tangent galvanomeler. The defleciion of the 
galvancmeter is 45° and after on hour its found that 216 máligrammes of copper 
have been deposited. an one plate, Having given that a current of 1 ampere deposits 
19°8 milligrammes of copper per minute, deduce the reduction factor «f the 
galvanometer, (Pat. 1919) 
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1 ampere deposits 19'8 mgms, of copper per minute 
19'8 


4.e. 1000x682 of copper per seo, 
B 19'8 
4. B.O.E. of - =0'00033 gm. . 
of copper 3000 x G0 00033 gm. per coulomb. 
We know that, W- ZCi...... (1). Again, if 9 be the galvanometer deflestion and 
K the reduction factor of the Salvanometer, C (in amp.) -10 X tan 0 ; 
Cc wW 
" d rim rne AMEN EE 
S 10 tan 8. ZIXi0 tan gtm (1) 
bs 216/1000 


0'00088X60x60x10x1 ~ 018 in C.G.S, units. 


110. The Storage Cells (or Accumulators) :—It has been found 
in Art. 6 that when a simple.voltaio cell is run for some fime a back 
F(or polarisation) E.M.F. is set up which acts in opposition to the E.M.F. 
of the cell, This phenomenon is also observed in certain voltameters. 
Thus in a water voltameter hydrogen deposits on the kathode producing 
| within the voltameter a field in Opposition to the original field. The 
magnitude of the back E.M.F. is about 1'481 volts. Similarly in a 
-copper voliameter, in which platinum is used as the anode, the SO,~~ions 
ati the anode react with water forming sulphuric acid and oxygen, the 
oxygen ions being deposited on the anode. Thig produces a back .E.M.F. 
of about 1°18 volts. It should be noted that this polarisation does not 
take place in all yoltameters, in which the electrodes are such that thoy 
-are readily acted on by the liberated ion, Thus, when copper anode is 
"used in à copper voltameter, the SO, "ion readily acts on the copper to 
form CuSO, and there is no polarisation. The back E.M.F. produced in 
a voltameter is really a source of energy which has been utilised in the 
construction of secondary calls or storage 
cells. So a storage cell may be considered 
as a voliameter in which chemical electro- 
lysis is first produced by the passage of 
current from a battery, and this gives rise 
io a back E. M, F., otherwise called 
polarisation E. M. F. between the two 
electrodes of the voltameter. Is is after- 
wards used asa cell giving current in the 
reverge direction. 

(a) Lead Acid Cell—It two lead 
plates are immersed in dilute* sulphuric 
acid and an electric current from a bat- 
Fig. 95—A ead-acia tery is passed through the-acid, hydro- 
gen bubbles are deposited on the plate at 
which the ourrent leaves the solution 
(kathode), and oxygen on the Plate where the current enters (anode) 


acou mulator, 


*Note—It should be noted that sulphuric acid without water is not an 
electrolyte. The electrolysis takes Place only in dilute solution, 
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forming lead peroxide (PbOa). After this, current in the solution will 
decrease due to the polarisation effect. If the battery is now removed and 
the two lead plates are joined together by a wire, a current will flow in 
the opposite direction [vide Art. 6(ii)]. The original current from the 
battery turned one of the plates into a plate of lead peroxide ; so after 
stopping the current of the charging battery, when the plate of lead and 
the newly formed plate of lead peroxide, dipped in dilute sulphuric aoid, 
are joined by a wire, we get a current which is really polarisation current. 
The arrangement after charging is like that of a voltaic cell of two 
dissimilar metals dipped in an acid. Tho cell works until the peroxide 
is used up, when the cell is said to be discharged ; after which a fresh , 
charge should be given to the original state. The cell is calleda secondary: 
cell, as is is the secondary or the reverse current which is really taken 
from the cell. It is also called a storage cell or an accumulator. It- 
must not be thought that there is really an accumulation or storage of 
electricity. It is the chemical energy which is stored up, and not 
electricity. 

In the modern form of secondary cells, the lead plates are repla~ 
ced by lead grids, the interstices (Fig. 96) 
of which are filled up with litharge i.e. 
lead monoxide (PbO). In rome cells red 
lead PbsO, is packed in the grids of the 
positive plate and litharge in those of the 
negative. After charging, the interstices 
in the positive plate are oxidised to lead 
peroxide (PbO,), and in the negative re- 
duced to spongy lead, Before charging, 
litharge and the acid reach forming Fig. 96 
PbSO, in both the plates as follows— 

PbO +HsS0,=PbSO,+H,0. 
During charging the following chemical actions take placo— 

At the positive plate: Pb5SO,--O  +H,0=Pb0,+HsS0.. 

At the negative plate: PbSO,+2(H)*=Pb+H.S0,. 

So on charging, the specific gravity of the acid increases owing to: 
the formation of acid molecules. 

During the discharge i.e., when the cell is giving a current hydrogen 
is seb free at the positive peroxide (PbOs) plate and the following 
chemical action takes place— 

PbO,.+H, =PbO+H:0 
PbO+H.SO,=PbSO,+H20 
PbOs+He+H2S0,=PbSO,+2H20 


At the negative lead plate, oxygen is set free and the following action: 


takes place— 
2Pb+0 =2Pb0 
9Pb0+2H.80,  =2PbS0,+2H.0° 
2Pb+0s +28:80, =2PbS0, +2H:0 


Summing up 
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Thus, during the discharge, water is seb free and the specific gravity 
of the acid is lowered. The E.M.F. of the cell falls at the same time. 


Note.—It bas been stated before (Art. 5) that the E.M F. ofa 
sell is entirely independent of the size of the plates or of their distance 
apart, but it should be noticed that the internal resistance of a cell 
can be considerably reduced by the use of large plates placed close 
together and using a series of plates parallel to each other connected 
alternately fo the two electrodes which end in two binding screws 
$e. by inoreasing the total area of the plates and diminishing the 
distance between a pair of plates. Insulating Separators are kept 

: between the plates so that the plates may be placed close together, 
without touching. The cell was originally dueto Plante but subse- 
quently modified by Faure. 

A Few Facts about Accumulators.—The specifio gravity of 
the acid should be 1'3 when fully charged. T$ falls during discharge, and 
tthe cell sbould not be used, without recharging, if it falls below 1°18. 

The voltage of a fully-charged acid cell is 2°% which should be steady 
at 2 volts during discharge. The voltage should not be allowed, during 
discharge, to fall below 1'8, after which the cell sbould be re-charged. 


Resistance —' The internal resistance of all accumulators is very 
emall—from th to xdoth of an obm. For this reason when the 
cell is short-circuited, ie. the two poles are joined together with an 
external resistance of small value, an enormous current with flow 
‘through the cell and the heat generated by the current will damage 
the cell. Thus suppose that the internal resistance of a cell is 0'01 
ohm and the terminals are joined by a pieoe of wire whose resistance 
is negligible, then the current becomes 2/0'01—200 amperes. Tho 
eurrent being very high, so much heat will be generated that the 
plates will expand and break away 
from the grids. 


Caution.—The &wo terminals of 
an accumulator should never be 
short circuited, i.e. directly connected 
by a connecting wire of low resi-tance. 
Distilled water must be added from 
time to time to make up for the water 
lost by evaporation as time passes on 
during the action of the cell. 

The capacity of an accumulator 
is its capacity for storing electrical 
energy and is expressed in ampere- 

=. hours, Thus, a cello capacity 80 

K(OH) 20% + LOH) T7: amp.-hours witha maximum sisch- 
arging rate of O'S amp, can give a 

Fig. 97 current of 0'5 amp. for 60 hours, or 
:0°25amp, for 120 hours, and zo op,after which ib will require a reobarging. 


fron Hyároxide 
Nickel Hydroxide 


OHEMIOAL EFFECTS OF ELEOTRIO CURRENTS 159 


(b) Nickel-Iron-Alkali Cell (Edison Cell).—This cell consists 
of a Ni-plated iron container filled with KOH-solution. The positive 
plate is formed by  Ni.plated perforated iron tubes filled with 
Ni flakes and ‘hydrated nickel-oxide while the negative plate consists 
of nickel-plated perforated iron pockets filled with iron-oxide, During 
charging, current from an external source is passed from the niokel. 
oxide plate to the iron-oxide plate, when the positive- plate is covered 
with Ni,Os. During discharge, NisOs is reduced to N:O and Fe is 
oxidised to FeO. Zn or Cd plate in place of Fa makes the cell more 
efficient. The maximum voltage of the cell is 1°25 volts and a large 
current may be drawn from if. 


Acid and Alkali Cells Compared.—Both of them after discharge 
may be re-charged over and over again . 

An alkali cell is only halt as heavy as a lead oall of the same 
amp.-hour capacity, but its efficiency is somewhat less. The lead cell 
may be easily damaged but the life of an Edison Cell is much longer. 
It is mechanically stronger and cannot bə easily injured by rapid 
charging or discharging. When discharged too much, tne lead cell 
sulphates and may be made permavently useless, but alkali cell, even 
when completely discharged, may be re-oharged, 


Uses of Storage Cells.—' They are extensively used for laboratory 
purposes, including low tension work in wireless, in automobiles for 
supply of current to the horn, the self-starter, the light and the igni- 
tion system. They are used in train-lighting systems. In power 
stations, they are used to act as stand-by, as also sup,lementary to 
dynamos, They are used in telsphone and telegraph systems, in 
calling bells, burglar alarms, electric-clock systems, etc. In some 
countries, they are also used by the farmers in non-eleotrified areas 
for ligbtiog purposes, the obargiog of the cells being carried by small 
dynamos run by gasolene engines. 


111. Application of Electrolysis :—There are several industrial 
applications of electrolysis of which a few cases are given below— 


(a) Electro-Plating —The process of depositi g a layer of some 
metal, such as gold, silver, nickel, etc. on an object by +lectrolytic 
method, is known as electro-plating. Is takes place io a vessel con- 
taining & solution of a salt of metal (say, silver or nickel), which is to 
be deposited, and in which the anode consists of a rod of the metal 
(say, silver or nickel’, and the kathode forms the object whioa should 
be electro-jlated. 

To ensure an even deposit, the kathode may be slowly rotated 
or be completely surrounded by the anode. Thus, articles of brass 
and iron, which corrode in the air, are givena coatiog of nickel or 


chromium, which do not corrode. 


Method.—At first the obj-ch to be plated is cleaned tt oroughly. 
Todo tnis, the objsct isruboed with emery paper and washed with 
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sulphuric or nitric acid. Then itis successively washed with water 
and a solution of caustic soda, Finally it is washed very well with 
distilled water. Then 
after drying, it is made 
the cathode of an 


Cath 
peu electrolytic cell. 
JL 


A requisite amount of 
current is passed through 
the cell, If too much 
current is used the depo- 
sition will be loose and 
uneven. The general 
principle is to pass a 
current of 1 ampere for 
every 50 sq. cm, of the 
cathode surface. So an 
ammeter is connected in 
ir series for the purpose, 
Fig. 98 The arrangement is illust- 
rated in Fig. 98. 


(b) Silver-Plating :—Suppose a brass spoon is to be silver- 
plated. A solution of double cyanide of silver and potassium is taken: 
in the electrolytic cell To prepare the solution, add potassium cyanide 
in a solution of silver nitrate. Silver cyanide will precipitate, which 
will be dissolved by adding more potassium cyanide, forming a solution 
of silver cyanide in potassium cyanide. 

The sjoon is cleaned and electro-plated with silver in the same 
methods as described above. After a uniform deposition of silver it 
is taken out and washed carefully with water. Then the spoon is 
highly polished to give it a bright appearance. 


In the case of nickel-plating the electrolyte used is a solution of 
nickel sulphate in ammonium sulphate, 

Asecon as a current passes, the solution is decomposed, and the 
metallic ion is deposited on tke object forming the kathode. The 
metal rod at the anode is dissolved by tke current to keep up tke 
concentration of the solution. Before introducing in the bath, the 
object should te carefully cleared in order to be perfectly free from dirt 
and grease. 

In order that the deporition may be hard, durable, and of the right, 
colour, tke current used in electro-plating must be small. 


In Electro-guilding or gold-plating gold is deposited on the 
kathode by using ordinarily a solution of gold cyanide in potassium 
cyanide. Like silver, the electrolyte is prepared by adding potassium 
ieyanide to & solution of gold cyanide or gold fulminate. A gold rod 
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is used as the anode, the kathode being as usual the object to be 
plated. Fig. 99 shows the 
method of gold-plating the 
inner surface of a silver 
oup. j 


Chromium Plating.— 
The electrolyte is prepared 
by adding chromium 
sulphate and a little 
chromium carbonates in 
chromic acid. The proce- 
dure described in Fig. 98 
is adopted. In this case 
only a chromium rod is to 
be used as the anode. 


E.P.N.S.—For best 
quality silver-plating 
(known as electro-plated 
nickel-silver, or E.P. 
N.S.), the object is first given a coating of nickel and then silver is 
deposited on this coat. 4 


Galvanizing iron.—Zinc is in this case, deposited on iron sheets 
by electrolytic process in order to prevent it from rusting. 

(c) Eleotro-typing.—lIt is a process of securing exact copies of 
types, metals, coins, etc. For this purpose a mould of the object is 
first obtained in wax, or plaster of Paris, tho surface of which is treated 
with graphite in order to render it conducting. It is then placed as 
the kathode in an eleobrolytic bath of copper sulphate solution to 
receive a sufficiently thick coating of copper by passing a current 
through tho solution. The mould is then taken out of the bath. 
The surface of the deposited sheet facing mould gives an exact repro- 
duction of object. 

(d) Production of Pure Metals.—Electrolytic methods are adopt- 
ed for bho purification of metals like copper, silver, gold eto. This is 
done by making the impure copper the anode in a bath of copper 
sulphate, and the pure copper is deposited electrically on the kathode. 
A similar process is adopted for other metals. | 

The cheapness of aluminium articles is solely due to the electro- 
lytic process of refining it by dissolving aluminium oxide (4150,) in 
a bath of modern cryolite (AlFs, 3NaF) found largely in Greenland, 

Examples.—A spoon having an area of 20 sq. mm. ás to be coaled with silver 
to a thickness of 0°01 mm. If a current of 0'16 amp. is used, calculate the time 
for which it must flow. (E.O.E. of silver s 0°001118 gm. per coulomb , density of 


Fig. 99 


silver és 105 gm. per c.o.) (Pat. 1940) 
‘ ree ie pa 
Ans. Volume of silyer deposited 300 * 100x í0*** 


VOL. II (O.E.)—11 
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20. 1 E 


» . of silvor= x. 5 i he i em. 
<. Wt. of silver 300 “i000 x10 i00008™ 
From the relation W=ZCt, d 70'001118 x 015 Xt ; whence t=12°52 seconds. 


112. Use of Electrolysis —From what has been considered above, 
electrolysis is seen to be valuable for (a) ascertaining the constituents 
of chemical compounds in liquid forms for which the principle ex- 
plained in Art. 96 is applied ; (b) measuring the strength of a current 
(vide Art. 108) and determining E.C.E. of elements, and calibrating 
an ammeter ; (c) electro-plating (Art. 111) ; (d) eleotro-&yping (Art, 111) ; 
(s) purification of metals (Art. 111). 


Questions 


1. Explain clearly how you would find experimentally the rati o of the electro- 
chemical equivalents of hydrogen and copper. 
: (O. U. 1930 ; All. 1930 ; Pat. 1942) 


(Hints,—Pass the same current for the same time through a copper voltameter 
and a water voltameter. Observe the incresse in weight of the copper kathode 
and also determine the weight of hydrogen liberated at the kathode by measuring 
its volume end reducing it to N.T.P. (1 litre of Hat N.T.P. weighs 0'089 gm.). 
Then by Faraday's second law, the ratio of the weights of Cu and H is as that of 
their electro-chemioal equivalents] 


2, Describe a water voltameter and explain how you would use it for the 
verification of the laws of electrolysis. (0. U. 1916) 


8, State Faraday’s laws of electrolysis and explain how you oan verify them 
with the help ofa copper voltameter, Discuss the steps in the process and state 
what precautions are to be taken to ensure good results. (C. U. 1944) 


4. Two plates of zino are immersed in a solution of zinc sulphate and 
conneoted to the terminals of a voltaic battery. Describe and explain briefly the 
effects observed on the two plates, (0. U, 1917) 


5, Explain the terms—electrolyte, electrodes, kathode, anode and ions, 


A current is passed through three electrolytic celis, the first containing dilute 
sulphuric acid with platinum electrodes, the other two containing a saturated 
solution of copper sulphate with platinum electrodes in one cell and copper 
electrodes in the other, State what occurs at each electrode, (O. U. 1924, 728) 


6. Describe an arrangement for obtaining oxygen by the decomposition of 
water, Point out the most important difference between electrical conduction 
in metals and in solutions, (0. U. 1920) 


[Hints.—For the first part, wide Art. 101. Decomposition takes place in a 
solution due to electric conduction, while in a metal no decomposition takes place]. 


7. How would you determine which is the positive and which is the negative 
terminal of a voltaic battery by (a) the magnetic effects, and (b) electrochemical 
effects of currents, (All. 1925) 


8. Without measuring currents by means of their magnetio force, Faraday 
was able to prove experimentally that the amount of chemical action occurring 
in an electrol, tio cell is proportional to the quantity of eleetricity passing through 
it. Show how this can be done. (Pat. 1926) 
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9. State the laws of eleetrolysis and describe experiments to verify them. 
(0. U, 1917, 40, 44 ; Pat, 1936, ’38, *42, '44, 49 : Dac. 1927 ; (All. 1997, 45) 


10,. What do you understand by the electro-chemical equivalent of an ele- 
ment ? (Bomb. 1930 ; Pat, 1929, 30, '33, *38, '49 ; O. U. 1949) 


How does it differ from ths Chemical Equivalent ? (G. U. 1949) 
1l. State the laws of electrolysis and show how they may -be applied to 
measure the strength of an electric current, (Pat. 1937, *47 ; O. U. 1987, 50) 


12, State and explain Faraday’s laws of electrolysis. How may the strength 


of an eleotrio current be measured by means of a copper yoltameter ? 
(Utkal, 1947 ; R. U. 1949) 


18. Explain the terms ‘anode’, ‘cathode’, and ‘eloctro-chemical equivalent’, 
Two voltameters, one containing copper sulphate solution with copper electrodes 
and the other containing silver sulphate solution with silver electrodes are con- 
nected in series and a current is passed through them. After 20 minutes the copper 
cathode has increased in weight by 1 gram. Calculate (a) the increase in weight 
ol the silver cathode during the time, (b) the average current passing. 


(G. U. 1950) 


[Chemical Equivalent of copper =32'5 
» » » Silver=108 

96500 coulombs liberate 1 gm. of Hydrogen]. 

14. What is the amount of charge carried by a monovalent atom in the 
process of electrolysis ? (0. U. 1944) 

15. A metal plate having total surface area of 800 sq. oms., is to be nickel. 
plated. Tf a current of 1°5 amps, is used for 8 hours, find the thickness of nickel 
deposited on the plate, [Density of niokel—8'8 gms. per c.c. ; E.O.E. of nickel 
7-0 000304 gm. per coulomb.] (Pat, 1942) 

[Ans.: 1787 X107* om.] 

16. A copper voltameter is connected in series with & battery and a standard 
20hms coil. The current is passed for 30 minutes and the inorease in weight of 
the cathode is 1'476 gms, Themeanreading ofa voltameter connected across 
the 2 ohms coil is 5 volts, Determine the B.O.E. of copper, (0: U. 1919) 

[Ans.: 0'000328] 

17. "Three copper voltameters in parallel are connected to the ends of a 
battery with resistance, If after 30 minutes the deposits are 0'763, 0°742, and 
O'185 gm. respectively, find the strength of the current drawn from the battery. 
(E.O.E. of copper is 0000329 gm./coulomb). | ( Pat, 1930) 

[4ns.: 3'867 amps.] 

18. A tangent galvanometer has a current passed through it which produce 
& deflection of 45°. The same current passes through a copper voltameter, where 
it deposits 0'3 gm. of copper in 30 minutes, If the E.C,E. of copper be .0:00038 
gm./amp.-sec,, find the value of the current, and show how to determine the 
current of any reading for the galvanometer. (Pat. 1931) 

[A4ns. : 0'505 amp.] 

[Hints,—When 6is 45°, current C 10K ; so K is known for the galvanometer 
and thus a current for any other deflection will be known.] 

19, A battery sends current through a tangent galvanometer which it 
deflects through 2°, a voltameter in which it evolves 10 c.c, of hydrogen in a 
certain time and a coil in a calorimeter in which the thermometer rises 0°3°O, all 
the instruments being in series. If the current be made 5 times as great, describe 
and explain the effect of tho increased current on the three instruments, 
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20. The coil of a Tangent Galvanometer having 10 turns and radius 5 cms, 
is placed in series with a copper voltameter, If the deflection ie 60° and H=0"36, 
ealeulate the weight of copper deposited in 30 minutes. [Blectro.chemical 
equivalent of Hydrogen=0'00001045 and atomic weight of .copper (divalent) 
= 63°57], 5 (Pat, 1934) 

[Ans.: 0'296 gm.] 


21. Describe am experiment to determine the electro-chemical equivalent of 
"copper, (Pat, 1940 ; G. U. 1949) 
22, Oaloulate the strength of the current that is to be sent for an hour 
through an electrolytic cell containing silver nitrate solution for depositing 0'035 

gm, of silver on the cathode, (E.O.E. of silyer=0'001118 gm. per coulomb.) 
(Q. U. 1948) 

[Ans, : 0'2 ampere] 

23, Describe a copper voltameter and explain how  with.the help of such a 
yoltameter, the reduction factor of a tangent galvanometer can be i sd ) 
: Pat. 1944 


24. Inan experiment, the weight of silver deposited was 1°372 grams in 45 
minutes, The deflection of the galyanometer needle was 30°, Draw a diagram 
showing the necessary connections, and find the reduction factor (E.O E. of silver 
=0'00112 gm. per coulomb). 


lak aro E 
(Ans: FÉ—oon3x(45x00)x10x 10], 95:5 79 


25, Explain carefully how you would use a tangent galvanometer to measure 
an electric current. Deduce any expression you use. (Pat. 1949) 
26. Describe the action and working of a lead accumulator, 
. (Pat, 19926 ; of. All, 1929 ; C. U. 1988, '45, '53) 
Tn what respects does an accumulator differ from a Daniell Oell 7 
(0. U. 1953) 
97. Describe and explain the principle of action of a storage cell, 


(Pat, 1947 ; U, P. B 1948) 


98. Briefly explain the process of electro-plating. (All. 1990) 
29. Describe, with a neat diagram, the arrangement for having a uniform 
coat of silver on bress spoons. (Pat. 1932) 


30, How will you proceed to deposit silver on s copper vessel? Find the 
strength of the current which will deposit 2 gms, of silver in 2 mine. (E O.E, of 
silver -0:00112). (All. 1931) 

[4ns.: 14°9 amps.] 


91. A piece of metal weighing 2000 gms., is to be electro-plated with 23 per 
cent of its weight in gold. Ifthe current strength is 1ampers and the electro- 
chemical equivalent of gold is 0°0006808 gramme per coulomb, how long will it 
take to deposit the required weight of gold ? (Pat. 1925 ; All. 1927) 


[4ns,: 20-brs, 24 mins. 3 secs.] 


32. Btate and explain Faraday's laws of electrolysis and point out three 
applications of the phenomenon of electrolysis. (Utkal, 1948) 


OHAPTER VII 
Electro-magnetic Induction 


118, Induced Currents : Faraday's Experiments :—Ib has already 
‘been found that a magnetic field is produced in the space surrounding 
a wire carrying a current. In 1831 Faraday showed that a momentary 
electric current can also be set up in a closed coil of wire by only moving 
it near a magnet or in any other magnetic field ; and a current can also 
be produced if a magnet be moved near the coil. No currens will, 
however, be produced if there is no relative motion between the two, 
namely the magnetic field and the conductor. The current produced in 
a closed coil due to relative motion between it and a magnetic field is 
called induced current and the phenomenon is called electro-magnetic 
induction. 


Methods of producing induced Currents,— 


(i) Currents induced by Currents.—Two cylindrical coils of 
insulated wire are taken, one of which having a Jarge number of 
turns is connected with a sensitive galvanometer G (Fig 100), and the 
other, which can easily be introduced into the hollow of the first is 
connected with a battery a variable resistance R and a key. Tho 
former which is connected to the galvanometer, is called the secon- 
dary circuit and the latter which contains the battery the primary 
cireuit. 


First connect a cell with a suitable high resistance in the secon- 
dary circuit, and notice the direction of deflection of the galvan- 
meter, Trace the y 
direction of the 
current in the coil 
knowing the polari- 
ties of the cell. Thus 
the direction of the 
current is identified 
with the deflection 
in the galvanometer. 

(a) After putting 
the primary coil in- 
side the secondary, 
if the key in the 
primary is pressed 
down, a sudden de- 
flection is observed Fig. 100 
in the galyanometer. f 
It is found that the direction of this instantaneous current is opp- 
site to thet passing in the primary. When the primary circuit is 
broken by disconnecting the key, the galvanometer is again deflec- 
ted, but in a direction opposite to the previous. This time the 
direction ‘of the instantaneous current through the secondary isthe - 
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same os that passing in the primary. The induced current is only 
momentary and exists only while the change iv the primary in mado. 

(b) Similarly, when the current strength on the primary circuit ig 
increased, by decreasing the resistance, or the primary coil is thrust 
more and more into the secondary, an instantaneous inverse (i.a. in the 
opposite direction to that in the primary) current is produced in the 
secondary, and when the current strengh of tho primary is diminished 
or the primary coil is removed toa greater distance, an instantaneous 
direct (i.e. in the same direction as that in the primary) current ig. 
produced in the secondary 

Tn the above experiments, the strength of the induced E.M.F. land 
hence. the current) is greatly increased by keeping a bundle of soft iron 
wires inside the primary coil, In this case, increased deflections will 
be obtained on making or breaking the primary circuit. This is due to. 
the high permeability of iron owing to which the change in the 
number of lines of force is increased by the introduction of the soft. 
iron wires. 

Explanation ot Induced Current from Lines of Force —Fig. 
101 gives a vivid picture of the simple facts of eleobro-magnetio induction 
stated-above. The ‘primary’ and the ‘secondary’ circuits are represented 
ag two parallel straight wires, AB and CD, where AB'is the ‘primary 
and OD, the ‘secondary’. As soon as the primary cirouit is closed, 
current passes in the direction from 4 to B, and a namber of ciroular 
magnetic lines of force concentric with AB is established, whose direc- 

tion is clockwise when viewed from 

the end A. During establishment, 
some of these lines out through the 

secondary OD and thus start up a 
C momentary current in the secondary 

in a direction so as to Oppose the: 

sudden appearance of these magnetio: 

lines, by setting up lines of force'in. 

j CD in the anti-clockwise direction: 

Fig. 101 when looked at from the end C. So 

the direction of the ourrent in OD musi be from D to ©. Tf the current 
in the primary is increased, an exactly similar effect is produced but 
the effect is due to the additional ling: of force due to increased current. 

Oa breaking the circuit in AB, tbe Eines of force shrink up in both 
4B and 0D; in OD an induced current isset up which tends to 
maintain the original feld during the ime of disappearance of the 
lines of force ; thus the direction of the induced current this time in 
CD must be from Oto D in order thatthe lines of foroe may be in 
the clockwise direction so ag to maintain the original feld. If the 
current in the primary is decreased, or the primary cirouit removed 
to a greater distance from the secondary, a similar effect is produced, 
but the effect is due to the decrement of lines of force linked up with 
hé secondary. Ao eOr oF NOOR OLIO! Zu : 
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(ii) Carrents induced by Magnets.—Similar effects as in 
"eurrents induced by 
currents” are observed by 
using a bar-magnet instead 


of the primary coil (vide P 
Fig. 102). The direotion 
of the current induced in T 


the coil is determined as 
in Art. 118(;). Fig. 102— Ourrent Induced by Magnet. 

(a) When the north 
pole of the magnet is brought near the secondary, 4e. the coilof wire 
in this case, a temporary current is induced in the coil which flows in 
such adireotion (anti-clockwise) that the near end of the coil acquires 
also north polarity [Fig. 102(a)]. 

When the north pole of the magnet approaches the coil, more and 
more lines of force of the magnet will embrace the coil and the induccd 
current developed in the coil will be suchas to oppose this increase 
or, in other words, the front face of the circuit will acquire similar 
polarity, $.6. north polarity. Hence the induced current is anti-clock- 
wise in direction. 


(b) When the magnet is withdrawn, the current flows in the 
opposite direction (clock-wise), and so the polarity of the near end is 
also opposite, é.¢. couth [Fig. 105(d)]. 

Here the number of lines of force linked with the seondary 
gradually diminishes: so tke direction of the induced current will be 
such ag to oppose the diminution, i.e. there will be a tendency to main- 
tain the original number of lines of force. Bo the front face will acquire 
south polarity and the direction of the current will be clockwise, 

(c) When the movement of the magnet becomes quicker, the 
induced current becomes stronger. 

Here it should be carefully noted why the induced currentin the 
coil becomes stronger with the quicker movement of the magnet. 
When the magnets move quickly, more lines of magnetic force are cut 
per second by the coil and so the induced E.M.F. (and hence the induced 
current) becomes greater. 

(d) No current is produced when the magnet does nob move, i.e. 
when the number of lines of magnetio force tbrough the coil does not 
change. 

Dn The reverse effect is produced, when the south pole of the 


magnet is used. 
Thus the change of magretic lines of force may be ‘regarded as 


the reason for inducing in the coil an electro-motive force which gives 
rise to a momentary current. 

N.B. Ib should be noted that in these experiments, [(a) to (e)], 
we obtained electrical energy in a. coil by the motion of the magnet 
near it. 
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"The above results are tabulated below : 
— 


By Primary Secondary 
Ourrent (a) at make Instantaneous and 
(b) at approach inverse current 
(c) when strength 
increasing 
Magnet when approaching 
Current (a) at break — Instantaneous and 
(b) when receding direot current 
(c) when strength 
decreasing 
Magnet when receding 


114. The Laws of Electro-magnetic Induction :—As a resuft of 

his famous experiments on electro-magnetic induction, Faraday in 1831 
. “stated the following laws— 

(1) When the number of magnetic lines of force (which is often 
termed the magnetic flux passing through a circuit alters, an induced 
ELMF. is set up, the magnitude of which is proportional (a) to the vate 
at which the change of flum takes place, and (b) to the number of turns 
in the circuit, 

In the above experiments of Art. 118, when the primary current is 
made, or increased, or it is brought nearer the secondary coil, the number 
of magnotio lines of force passing through the secondary is increased ; 
and when the primary circuit is broken, or removed toa distance, 
or the north pole of the bar-magne& is taken away, the number of 
magnetic lines of force in the secondary decrease. 

(2) An increase in the number of lines of force linked up with tha 
circuit induces an inverse current, while the decrease in the number 
of lines of force induces a direct current in the circuit: and the current 
continues only while the change in the number of lines of force actually 
takes place. 

Mathematical Form of Faraday's Law—Let N be the number 
of lines of force passing through a circuit at any instant, and N’ be the. 
lines after a short interval £ 

(i) Tf N'—N, (N' — N) is positive, and the induced BMF, 

EENEN =F 
t t 
since in the electro-magnetic system, the constant of proportionality, 


e= 
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K=1, Bot the induced E.MP, e is inverse ; so with its proper sign, 
TN or, o= ELE 

(i) It N'—N, (N'— N) is negative and in this case, there isa 
decrease in the number of lines of force and so the induced E.M.F. 
N-N'  N'-N, 

yes ne 

Thus, in both. these cases we find that the induced E.M.F. e is the 
rate of change of magn:tic flux with the sign changed. 

Tf the secondary consists of turns of wire, the value of the induced 
E.M F. e becomes, 
s LAUN'-—N).- . total number of lines of force eut 

i time in geconds ji 

total change in flux (Anat) _ total change in flux (volts) 


time in seconds 10? x time in seconds 


115. Magnitude of the induced E.M.F. :—The magnitude of the 
induced’ #.MF. can ke increased in three ways—(i) by increasing the 
number of turns of wire of the secondary coil; by which the actual 
number by which each line of force is cub by the secondary is increased, 
and so the induced A.M F. is also increased ; (ii) by winding the primary. 
on a bundle of soft iron wires, which inoreases the number of lines of 
force in the primary on account of the high permeability of iron ; 
(iti) by increasing the rate of change of the number of lines of force, 
i.e. by increasing the speed at which the primary circuit is made or 
broken or by any other means. 

The first method is more important than the other two as it shows 
that an extremely high E M.F. can be produced by taking a secondary 
coil of a very large number of turns. 

116. The Lenz's Law :—In experiments under Art. 113(5) it has 
been found that if the north pole of a bar-magnet approaches a coil, 
the direction of the induced current in the coil, as seen from the magnet, 
is anti-clockwise ; that is, it is such that the face opposite to the north 
pole of the magnet acquires north polarity, which, therefore, tends to 
oppose the motion of the magnet. Similarly if the magnet recedes from 
the coil, the same face of the coil will acquire south polarity, which, 
therefore, tends to attract the magnet. Hence there is always mutual 
opposition between them. This is true in every case of induced ourrent. 
So to obtain the direction of the induced current there is a law, known 
as Lenz's Law, which runs as follows— 

Tn all cases of electro-magnetic induction the induced current 
is in such a direction that its reaction tends to stop or oppose the 
very cause to which the induced current is due. 

Lenz's Law and the Principle of Conservation of Energy.— 
In the experiments already mentioned it is seen that when. the N-pole 
of a magnet moves relatively to & closed circuit, a current is induced 
jn the circuit which sets up & magnetic field to oppose the motion of 


we have, —6e— 


e is direct. So, with proper sign, we have, e= 


amas), 


or, a= — 
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the magnet. Similarly, when a primary coil approaches the secondary, 
an unlike current being induced in the secondary, there is a force 
of repulsion between the two. So in these experiments an amount of 
mechanical work is to be done in Overcoming the opposition while 
producing induced currents, and it is this mechanical energy which is 
transformed into the energy of the induced currents, 


the flux through the secondary changes due to which there is a 
change of electrical potential energy, of the secondary coils, which 
` ds converted into electrical kinetio energy, i.e. the energy of the 


coil or magnet would be increased. Bo in a magnetic field i$ would 
be necessary to give a slight movement to a conductor, when itg 
velocity, and hence its kinetio energy; according to the above condition, 
would go on increasing without receiving energy from any 
other source that is, electrical energy wili be continuously generated 
without the expenditure of an equivalent energy of some other 
form or forms which is against the Principle of conservation of 
energy, - 

117, Fleming's Right-Hand Rule:—A simple rule, known ag 
Fleming's right-hand rule, gives a 
convenient method of deducing 
the direction of the induced ourrent 
(or E.M.F.). 

Hold the thumb, the first finger, 
and the middle finger, of the right 
‘hand mutually at right angles to 
each other. If the first finger 
points in the direction of the mag- 
netic lines of force and the thumb 

Fig. 103 in the direction of ihe motion, the 

middle finger will point in the 

direction of the induced current or E.M.F. [of, Fleming's Left-hand 
Rule in Art. 26(a)]. 4 

In Fig. 108 the rule has been illustrated. A straight horizontal 
conductor OD is made to move vertically upwards at right angles to 
a uniform fielé. The fore-finger of the right hand points in the 
direction of the magnetic field and the thumb in the direction of 
motion of the conductor. The middle finger, which is directed at 
tight angles to both the motion and the field, shows the direction of 
the E,M.F, induced in the conductor. 
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118. Mutual Induction and Selt-Induetion :— 


. G) The phenomenon of production of induced current in a 
circuit by changing the magnetic field due to a current in another 
circuit is known as mutual induction. The experiments, described in 
Art. 118(j), are all instances of mutual induction. The circuit which: . 
carries the source of E.M.F, and in which the varying magnetic field 
is produced, is called the primary circuit, and the other circuit which 
is wound on the primary, or near it, in whioh the induced H.M.F. is: 
produced is called the secondary. To increase the inductive effect, 
the coils are often wound on a soft-iron core and the secondary is: 
given a large number of turns. 

The Coefficient of mutual induction (or simply, mutual induct- 
ance) of two circuits may be defined as the magnetic flux linked up 
with the secondary when a unit current (e.m.u.) flows in the primary,. 
or as the #.M.F. acting round the secondary due to & unit rate of 
change of current in the primary. 

(ii) Induced current may also be developed im a circuit due to 
its own movement im a magnetic field, or by the change of flux through 
itself due to variations of its own current strength. The phenomenon is: 
called self-induction. è 

Thus when a current is started, or suddenly increased, in a coil 
of many turns, there is an increase in the magnetic lines of force 
passing through the coil, and so an inverse induced current is set up 
which opposes the growth of the current in the circuit and thus 
weakens temporarily the current in the circuit, (It should be: 
noted that the growth of the current and so the growth of the mag- 
netic lines of force ig not instantaneous but fakes a little time, though 
it may be a fraction of a second). Again, when the current through the 
coil is suddenly stopped there is a decrease in the number of the 
magnetic lines of force in the coil, and so a direct induced current. 
(i.e. in the same direction as the original current) is seb up, which. 
tends to prolong the steady current for a short time, and which. 
frequently gives rise to a spark at the point where the circuit is opened. 
The induced current, thus produced at break is sometimes called the» 
"extra current", This is due to self-induction. 

The coefficient of self-induction (or self-inductance, or simply, 
inductance) of a circuit is defined as the magnetic flux associated 
with the circuit due to unit current (e.m.u.) flowing in the circuit, 
or ‘as the extra Æ.M.F. produced in the circuit due to a unit rate of 
change of current in the circuit. 

The practical unit of inductance (mutual or self) is called the 
Henry. It is the inductance which causes an E.M,F. of 1 volt to ack 
round a circuit for a change of current of 1 amp, per seo. 


8 
That ig 1 ey x s =10° ¢.m.u.'s of inductance, 
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Milli-henry (107° henry) or Micro henry (1079 henry) are found 
convenient units for expressing inductances which are ordinarily used 
ia the laboratory. 


Note.—It should be noticed that in order to avoid the effects of 

' self-induction in the coils of resistance boxes, each silk-covered wire 

is doubled on itself and wound in a coil. In this case the direction 

of the current in one-half of the wire is opposite to that in the other 

half, and so the effect due to one is neutralised by the other. This 
is called non-inductive winding [see Fig, 65]. 


Demonstration -of self-induction in a coil,—Faraday observed 
‘the effect of self-induction as follows: The coil OD is connected 
to the battery B and the galvano- 
meter G as in Fig. 104. When the key 
K is pressed and the current is estab- 
lished, suppose the needle is deflected 
to the position a'b’ where it is retain- 
ed by means of a stop. Then on 
breaking and again closing the circuit 
immediately, tho needle is deflected 
momentarily beyond a'b’. This is due 
$ to self-inductance of OD delaying the 

.Fig. 104 establishment of current through 
‘it, as a resul& of which the fraction of the total current of the cell, 
which traverses G, increases, If the needle is held in its normal 
position ab, a deflection in the opposite direction takes place on breaking 
the circuit in this case, the self-induced ourrent in CD is in the 
direction of the principal current t.6. if passes through the galvanometer 
'G from right to left. 


119. Eddy Currents :—When & mass of metal, ie. a conduc- 
tor, is moved in a magnetio field, or the magnetic flux through a 
s'ationary mass of conductor changes, an induced current is produced 
within the mass of the conductor. These currents are known as Eddy 
Currents or Foucault Currents after the name of the discoverer. 
According to Lenz's law the direction of the induced currents within 
the conducting mass will be cuch as to oppose the relative motion 
between the conductor and the magnetio field. 


The eddy current is utilised in damping the oscillations.of a moving 
coil galvanometer fo make the latter ‘dead beat’, when the coil is wound 
on a metal frame and it is also often utilised to provide the damping 
torque in many electrical measuring instruments. 


120. The Ruhmkorff's Coil:—This is also simply called an 
induction coil. It is a practical application of the principle of 
mutual induction. By this machine an induced E.M.F. of very 
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high voltage is produced between the ends of a secondary coil by rapidly 
making and breaking a primary current of low voltage. 

Parts.—This ma- M N 
chine essentially con- (emne eo 
sists of the following 
parts— : s si 

(i) A Primary Secondary coil | 
Coil--I& is a coil 87 f V 
(PP, Fig.105, of a Primary : ee | 
few turns of thick coll A HI?’ 
insulated copper wire a. pit 8 NA 
wound usually on a y w 
hollow tube of some T^ 
good insulating mate- 
rial ; in the hollow of T 
pal * sig Fig. 105—The Ruhmkorii’s Induction Ooil. 
consisting of a bundle of soft-iron wires (or a laminated core of solt- 
iron) which increases the magnetic flux produced by the primary coil 
and it acts as an eleotro-magnet. 

(li) A Secondary Coil—it is a coil SS’, of a very large number 
of turns of very fine insulated copper wire wound on a wider, outer 
tube, made of a highly insulating material. Sometimes shellac, is 
used to insulate the turns from each other, In order that there 
may not be any sparking between the neighbouring turns, which 
are ab high potential difference when the machine is in action, insulating 
separators (not shown in the figure) are also often used at regular 
intervals between the two ends S, S'. The terminals S, S' are 
connected to two adjustable conductors, M and N, which end in two. 
knobs and which may be seb apart leaving an air path in between. 


(iii) An Iron Hammer.—One end P' of the primary coil is, 
connected. to a metallic spring B which supports at its top an iron 
hammer H provided with a platinum contact point p at its back. 


(iv) A Contact-Breaker—This , consists of an adjustable 


E 


screw Æ is so adjusted that its contact point p' touches the hammer 
contact point p. By adjusting, the base screw W (made of an insulator) 
the spring can be set at a desired position, i.e. its stiffness can be 
regulated. 

(v) A Condenser.—This is a fixed condenser of very large value. 
The condenser usually consists of a large number of tin foils separated 
from each other by pieces of paper soaked in paraffin, The condenser 
C is inserted with one of its two sets of foils connected to the hammer: 
and the other to the adjustable screw, SO as to be in parallel with the 
contact-breaker, as shown in the figure. 
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(vi) A Commutator.—By this the primary current can be started, 
‘stopped, or reversed (not shown in the figure). Tt is connected at Tom. 
which are the two leads from the primary. 

Action.—To start the action of the machine, a battery of low voltage 
(2 to 6 volts) is connected through the commutator to the two terminals 
T, T" of the primary coil, and the contact screw Æ is worked till the 
two platinum points p, p’ touch each Other, $e. the primary circuit 
fis closed, 

Action in the Primary.—As soon as the primary circuit is closed, 
the current passing through the primary coil magnetises the soft-iron 
core which attracts towards it the soft-iron hammer H which isin front. 
As the hammer is drawn towards the core, the circuit is broken between 
pand p’, reducing the primary current to zero and thereby the core is 
demagnetised. The spring B brings the hammer back to its original 
position by virtue of its elasticity, and again the circuit is made ag 
before. By the automatic arrangement the primary current is alter- 
nately made and broken at a rapid rate, 


Action in the Secondary.—When the primary current is made, 
strong magnetio flux suddenly increasing from zero value to a maxi- 
mum is produced by the iron-cored primary ooil and this causes a large 
induced E,M.F., depending on the number of turns used, to act in the 
gecondary coil in the reverse direction ag the primary ourrent grows, 
Next when the primary current is broken, the same flux linked up with 
the secondary will collapse from the maximum to zero value causing an 
induced E M.F. to act in the secondary in the same direction ag that 
of the primary, as long as the primary current decays. So, for a 
complete cycle comprising a make and the next break, it appears that two 
électro-motive forces of the same magnitude will act in the secondary in 
Opposite directions. That is, an alternating E.M.F. will be produced at 
the ends of the secondary terminals, 

But actually an intermittent unidirectional E.M.F, is obtained 
because the induced E.M.F. at break is much greater than that at make, 
which may be explained as follows :— 

(i) When a current in the primary is made, then due to the self- 
induction of the primary coil, an inverse induced Z.M F. acts in the 
primary, which opposes the growth of the current. So the flux gene- 
rated increases less rapidly than its rate of rise when there is no self. 
induction. So, due to the effect of self-induction of the primary, the 
inverse induced E.P. in the Secondary is also correspondingly 
‘decreased, 


primary current tends to fall to a gero value instantaneously. Within 
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The self-induction of the primary creates a direct induced 2.M.F. 
in the primary when the circuit is broken, on account of which the 
primary current tends of persist, or, in other words, it retards the 
cessation of the primary current. So the flux produced by the primary 
current is withdrawn at a lesser rate than it should be when there is no 
self-induction. Thus, due to the effect of self-induction of the primary, 
the secondary E.M F. ‘at break’ should be correspondingly diminished, 
but nevertheless, the direct Z.M.F. produced ‘at breake' will be still 
much larger than the inverse Z.M.F’. produced ‘at make' in the secondary 
coil. The direct E M.F. produced in the primary ‘at break' is large 
enough to cause a spark ab the air-gap between the contach pieces, 
where most of the resistance of the circuit is localised. The contact 
points though made of platinum in order that they may not wear 
out easily, are subjected to these sparks which tend to burn 
them away, 


Action of the Condenser.—A condenser C of large capacity is 
placed parallel to the air-gap between p, p’ whore the occurrence of 
sparks is reduced thereby and it inoreases the efficiency of the 
machine also. 


The action of the condenser may be explained as follows. The 
self-induced E.M F. ‘at break’ in the primary, is imparted to the air- 
gap, $e. to the coats of the condenser. As the capacity of the condenser 
is large, the plates are charged to a P.D, too small to lead a Fpark aorosg 
the air-gap Bo the sparking is diminished. Tho tendency of the 
primary current to persist being thus reduced, the rate of withdrawal of 
the flux during ‘break’ is considerably inoreased which helps to develop 
a large, E M F’. in the secondary ‘at break'. There is yet another aspect 
of the action of the condenser. Daring ‘break’, as coon as the condenser 
is charged, it discharges itself immediately owing to the low resistance 
of the primary circuit ; that is the charge in the condenser rebounds 
and traverses the primary coil in the opposite direction and thus com- 
pletely neutralises any residual magnetism of the iron core which may 
be retained in the core due to its retentivity, il any. This is equivalent 
to a removal of the flux through the secondary and their re-ingertion 
in the opposite direction. The charge of the flux. is, thereby, almost 
doubled ; so the secondary induced E.M. F, produced during 'break' of 
the primary current is also made almost double. In a complete 
cycle compriing ‘a make and a break’ the direct induced E.M F. ‘at 
break' will therefore greatly predominate over the inverse induced 
E.M F. ‘at make’ resulting in a unidirectional secondary discharge, 
but of the intermittent type, taking place only during ‘breaks’. 

Note: The current induced in the secondary depends, besides 
on the rate of cbange of the number of lines of force, upon the 
resistance of the circuit which is fairly high, whereas the induced 
E.M.F depends ou (a) the number of turns of the secondary, and 
(b) the rate of change of the number of lines of force, and not on 
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the resistance of the circuit; so, though the voltage obtained in an 
induction coil is very high, the actual current (amporage) of the 
secondary circuit is very small. 

N.B. For a spark in air of 1 inch length, a pressure of about 
20,000 volts is required. The P.D. produced by an induction coil of 
medium size may vary from 10,000 to 30,000 volts. 


It should be noted that in power-stations, where we are con- 
cerned with very large currents, switches of special design are 
used so that they may be pulled away very rapidly in order to 
prevent damage to the contacts where the circuit is broken. In 
-domestic houses, switches fitted similarly with a spring are used to 
serve the same purpose, 


By an induction coil, however, a greater quantity of electricity 
at high voltage is obtained than by a Wimshurst machine. 


121. Michael Faraday (1791-1867):—In the whole range of 
physics, Faraday's life ocoupies a unique position as one whose ex- 
perimental researches have rendered the greatest benefit to mankind. 
The foundations of Modern Electrical Engineering have been laid by 
his discoveries in electro-magnetism. We have a serially recorded 
list of his researches—a legacy 
fo posterity he has left— which 
shows his last work bear the 
number, 16041. In the space 
of a lifetime how such a huge 
work is possible for one is 
almost unimaginable. He rose 
from a very low position in 
life to the highest scientific 
position of his time by merit 
and perseyerance—a history which 
provides fascinating reading to 
all renders, He was a black- 
smith’s son and began lile in 
a London Book-binder's shop as 
apprentice—his father having mi- 

Michael Faraday grated to London from York- 

shire. Here he became attracted 

to books on Chemistry and Electricity which passed through his 
hands. Through the courtesy of a customer of the shop, who was a 
member of the Royal Institution, he at this time obtained an ad- 
mission ticket for series of lectures which were to be delivered at 
the Royal Institution by Sir Humphrey Davy, the celebrated chemist. 
He took note of his lectures. He rewrote them in a note book 
illustrating them with neatly drawn diagrams and sent them over 
to Davy requesting him for an employment in his laboratory. Davy 
was greatly moved, and asked the advice of a governor of the Insti- 
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tution if something could ke done for the boy. "Lek him wash bottles,” 
said the governor. "If he is any good ke will accept the work; if he 
refuses, he is nob good for anything" So came Faraday to the Royal 
Institution in 1818 as Davy's sesistant where later he became succes= 


sor to Davy. Davy once said that his greater discovery was the dis- | 


ooyery of Michael Faraday. 


Faraday's first important work was with Davy on the liquefaction 
of gases—liquefaction of chlorine, carbonic acid, ammonia, etc. His 
next important work, which he independently did, was the rotation 
of magnets about currents, and of current-carrying conductors about 
magnetic poles—steps which preludes to great discoveries which 
he made later. In the autumn of 1881 he discovered the phenome- 
non of electro-magnetic induction—a principle which opened up the 
possibility. of generation of eleotriciiy on a large scale and which ig 
universally utilised to-day by all practical concerns. A single dis- 


‘covery of this kind is enough for one to go down in history as im- 


mortal, remembering the importance -ot electricity to-day and the 
extent to ‘which elegtricity bas contributed to economy and welfare 
of mankind, We owe to him the idea of the magnetic as well ag 
the electric lines of force which he introduced for the first time, The 
tubes of force which he imagined are referred to now-a-days ng 
Faraday tubes. Another mighty discovery of his, whioh has pro- 
duced far-reaching achievments, is the chemical effect of electric cur, 
rents, known to the world to-day aa Faraday's laws of alectrolysisa 
He introduced the terms, electrolysis, electrolyte, electrode, | anode- 
cathode, etc. and also investigated the secondary chemical reaction. 
which are often found to occur st the electrodes. The charge which 
lowing through an electrolyte deposits one gramme-equivalent of m 
Substance has been named a Faraday in recognition of his work, 
meh later reyealed the Mese ay o suctieley. ir alppovery 
of th nenetic rotation of the pline of polarisation of li ib is algo 
due jl i i The Ts dark space hag (ik pamed zum im as a 

ory io bis work in connection with electric discharge through gareg 


mi 
at low pressures, The practical unit for capacity is called a Farad ay a 


mark of honcur to his talents and recognition to his work on dieleotrics. 
[ 


He was an ideal man of science and always liked to be left fo 
himself in hig scientific thoughts, free for undivided Attention. Bo, 
when the presidentsbip of the Royal Society was offered “to him, he 
humbly’ refused to accept it, Likéwise he declined to focept n title, 
He remained a simple Michael Faraday. He bad a profound respect 
for the beliefs of the Sandemanian Sect to which he belonged, and 
married a goldemith’s danebter with ‘whom he lived a happy life. 
They left no children, To him the ideals of a true man of 
Science should be: ‘enthusiastic, but careful, linking experiment with 
analogies, mistrustful of preconceived ideas, regercing a fact ns more 
valuable than a theory, not basty in generation, and above all 
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prepired fo test his own opinions at every step afresh both by consi- 
deration and observation. 


Questions 


1, Whatisan induced current? Dascribs typical experiments whereby the 
production of induced currents may be illustrated. 
(0. U. 1909, 713, ^15, 176, 118, 19, '26 ;. Pat. 1918, '21. 193, 42, All. 1920, 723, 729) 
1. (a) What do you understand by induced current? Describe experiments 
to show the production of such currents (b) by a magnet, (c) by a current. Upon 
what factors, and in what manner. do the atrength and direction of the induced 
_urrent depend ? (Pat. 1948) 
9, Given (a)a coil of wire whose ends are connected to a sensitive galvano- 
mater, (D) s coil of wire whose ends are connected to a battery, (c) a bar -magnet, 
devise experiments from which &helaws of electro-magnetic induction can be 
deduced. (0. U. 1949) 
3, A coil is connected tos sensitive galvanometer. Another coil carrying s 
current is then (a) quickly introduced into the first, (b) while still there, the 
ourrent in the second coil is reversed, and (c) finally withdrawn quickly. Explain 
the effect on the galvanomoter, Oan you produce a similar effect by some other 
means? If 80, how ? (Pat. 1928) 


[Hints,—Similar effect can bə produced by a bar-magnet.] 

4, Ibis known thats current can be induced in s coilby moving a magnet 
near it. What conditions determine (a) the direction, (b) the duration, and (c) the 
magnitude of the induced current? Give experimental evidence in support of 
your answer. (0. U. 1946) 

6. Desoribs some experiments to show that electric current may be produced 
even without batteries. (Dac. 1982) 

6. Give a brief account of the principal phenomens of electro-magnetic 
induction, (O. U. 1981, '89 ; Pat. 1948) 

Give the chief facts relating to electro-magnetic induction. (Utkal, 1951) 


T. What do you understand by induced current ? How may it be produced ? 
Upon what factors and in what manner, do (i) the strength, and (#4) the direction 


of the induced eurreat depend ? (Pat, 1940 ; R. U, 1952) 
8, State tho laws ofelostro-magnetio induction and describe suitable experi- 
ments illustrating each of them, (O. U. 1926 ; Bomb. 1982 ; Pat. 1949) 


9, State Lenzs law and apply it to explain the produetion of eleotrieal 
currents by induction. Show that it follows from the principle of conservation of 
energy. A (O. U. 1998, '86, cf. 47, '49 ; Pat. 1941, 48) 


10. State and explain Lenz's law. (Pat. 1948; Utkal, 1948) 


11, Explain 'Hleotro-megnetio induction’ with an example, State Lenz’s 
Law, How is this law applied for electro-magnetic damp ing in gal vanometers ? 
(M. B, 1953) 


19, Desoribe an induction coil and state the reasons for making the primary 
coil consist of a few turns of thick wire and the socondary. of & very large number 
of turns of thin wire. Whabisthe part played by the condenser? What is the 
funotion of the soft-iron core ? (O. U. 1936 ; Pat. 1938, '89, 745) 


13. Sketch the parts of a simple Ruhrmkorft's coilsnd explain the action. 
Is there any difference between the high potential differences obtained with 
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2 Ruhmkorf’s coil with an eleotro.statio machine ? If so, account for it, ; 
i (Pat.1920,'80) 


14, Describe a seotional diagram ofa Ruhmkorfl’s coil, with an index of 
parts, and explain its actions. (O. U. 1922, '25, 797, 186, 42, 44, '61, '69 ; 
G, U. 1949 , Pat. 1929, '82, '49, 43.; All. 1924, '90, '45 ; Dao. 1984 ; R, U. 1948) 
Mention some of its uses in the laboratory. (G. U, 1949) 


15. Explain the construction and working of an induction ooil, pointing out 
the waysin which the different parts of it contribute to inoro:ss the lengths of 
the spark between the terminals of the secondary. Mention some uses to which 
it has been put in & laboratory, (Pat. 1946) 


16. Name afew applications of the principle of electro-magnetic induotion 
and describe one of them briefly. (Pat, 1949 ; A. B. 1952) 
17. Describe the construction and use of Ruhmkorff's induction coil. Xx plain 
the function of the condenser in it, (Utkal, 1950 ; R. U. 1950) 


OHAPTER VIII 
Technical Applications of Electricity 


122, Applications of Electricity :—Most& of the commercial 
applications of electric current depend upon one or other of the following 
three properties.— 

(1) An elecirio current produces heat in a condactor when it flows 
through it, This heating effect has been utilised in electric lamps, 
furnaces, heaters, irons, otc, some of which have been described in this 
chapter, 

The principle of the incandescent electric lamp depends on the 
fact that when a current is passed through a wire—called the fila- 
mont—of high resistance, the wire may beoome so hot as to be 
rendered incandescent, if the material of the wire has a high melbing 
point, 
(2) An electrico current produces chemical changes when ib 

passes through certain solutions. This effect is known as electrol ais, 
which is utilised in electro-plating, purification of metals, oto. (vide 
Ohapter VI). 

(8) An electric current produces magnetic fields surrounding it. 
Some of the applications of this effect have been given before and some 
are given in this chapter. 

123. Electric Lamps and their Progress [Fig. 106] :—Sir 
Humphrey Davy made the earliest attempt (1810) ab lighting by pro 

‘ducing an arc between two carbon rods. [vide Art. 198(9)]. Ib could 
not be universally accepted for domestic use owing fo its large power- 
consumption and difficulty of even and continuous operation. 
Jabloohkoff devised a sort of carbon aro, called "aro candle" (1877), 
operated by alternating current. The two electrodes, being alternately 
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‘positive and’ negative wore out equaily and the spacé between them” 
could thus be kept constant, and so this are ran more evenly than the, 


Coiled coit 


Nernst Vacuum  Gasfilled 
1879 tomp lamp lamp 


Fig. 106—Development of Electric Lamps. 


Davy's arc. It had, therefore, a greater measure of success ; but this 
as well had to be discarded owing’ fo large consumption of power and 
shortness of life. 


(1) Filament Lamps—Grove and Moleyns (1840) first used a 
metallic wire (platinum) for lighting by heating it to incandescence by 
eléctrie current. Such wires became brittle due to omidation in air. 
Starr and King suggested (1845) metal or carbon filaments, in vacuum, 
to prevent oxidation. Springel introduced en efficient Vacuum pump 
in 1875, and this enabled Edison in America and Swan in England, 
during 1878-79, to make the first successful carbon filament lamps. 
Edison's carbonised bamboo filament lamps (1880) gave about 8 lumens 
per wait.” 

Oarbon filament lamps have, however, many defects, Resistance 
of, carbon decreases with rise of temperature. So more current ig. 
allowed through the filament when it is hot than when cold. This 
produces over-heating and much wastage of energy. Carbon dieinte- 
grates slowly causing a gradual blackening of the inside of the bulb. 
At about 1800°C,, it yolatilizes, whereas a higher temperature is 
neces sary for a strong illumination. Again, carbon filament lamps 
consume relatively larger power than other lamps. Se, now-a-days 
such lamps are mainly used as lamp resistances. Nernst devised a 
lamp where the filament was made of yare earths, which became 
conducting at incandescence, no vacuum in this case being necessary 
to prolong life. The filament used in vacuum lamps was up to this 
time in the form of a long open grid. Welsbach (1898-1902) used 
osmium wire which consumed less power but proved to be brittle. 
Von Bolton and Feuerleim (1905) used tantalum which grew sols when 
hot and required too many supports along its length but was found 
suitable to be drawn into fine wires. Muntington (1884) first used 


*One O, P. =4r lumens, 
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éungsten as the material for the filament, but if came to be accepted as 
the standard material for the filament after Coolidge (1909) found a 
Per. for improving its duobility and enabling it to be drawn into 
ine wires. } 


Introduction of Gas-filled Lamps.—In vacuum lamps the 
filament can be raised to high temperatures about 2700"0 no doubt 
(to increase efficiency), for little heat is lost by the filament through 
conduction, but the difficulty ab such high temperatures is that the 
filament evaporates and blaekens the bulb. It has been, however, recently 
discovered that this evaporation would stop ij the bulb were filled with an 
inert gas, such as argon, nitrogen, or a mixture of argon and nitrogen, eto. 
at a pressure of about three-fourths of an atmosphere at room temperature 
after it is pumped clear of air, But high temperatures could nob be 
reached in such bulbs owing to heat losses through conduction having 
inoreased due to the gas used This difficulty was overcome by Lang- 
muir in 1918 by having the filament made in the form of a coil 
whereby heat losses have been greatly reduced, In this way the running 
temperature has been reised in the gas-filled lamp to about 2700°C. 
Farther improvement in this direction has been made rovently (1934) 
by coiling the coiled filarn:n& between two metal electrodes, Such 
lamps are known as ‘coiled coil lamps’. Gas-filled lamps {also known 
ag half watt lamps) available in the market,are quite satisfactory from. 
the stand-point of illumination, cost, and length of life. Such lamps 
are ordinarily nitrogen-filled and they consume about 0°5 watt (i.e. half 
wait) per candle when running at the specified yoliage. Bulbs filled with 
argon emit a bluish light. which is somewhat soothing to the eye, 
Extreme precision and rigid control in the art of filament-making are the 
trends towards improvement at the present times. A small change 
in the diameter of the filament may cause a great difference in the length 
of lite of a bulb. 


Luminous Discharge Tubes.—In recent times luminous discharge 
tubés have begun to be also used for lighting purposes. Such tubes fall 
into two main categories. 


Cold Dathode Lamps.—They contain a gas at low pressure between 
two metallic electrodes connected toa high voltage supply and produce 
a diffuse glow filling the tube which may be bent to any shape (vide 
Chapter X). The colour of the ligit depend on the gas used, thus,— 
neon, red ; argon, blue ; mereury vapour in brown glass, green; helium 
in yellow glass, yellow, etc. Such lamps are used frequently for adver- 
tisement purposes. Hot Cathode lamps, comparatively more recent, 
uso cathodes in the form of cylinders (thoriated tungsten) with heating 
wires inside'them. ‘The cathode omits electrons on" being heated and 
the discharge produced is more efficient. 

Fluorescent Lamp.—This lamp is fast coming into use in the 
field of electric lighting. It is remarkably efficient as a source of 
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light and. works both on D.O. and 4.0. It is available in ‘the form 
of sealed glass tubes of about 1 to 2 inches in diameter and in various 
lengths depending on the wattage. The glass tube is internally coated. 
with a fluorescent powder like zino silicate, cadmium silicate, calcium, 
tungsten, eto. The tube contains mercury vapour at low pressure and 
a little argon which helps in striking the tube. The fluorescent paint 
emits bright colours when irradiated with ultra-violet light. 


Fig. 107—Fluorescent*Lamp, 


At each of the two ends of the tube T there is a tungsten 
filament F coated with electron-emitting material (Fig. 107). These 
two filaments Lave in series with them a starting switch K and 
a ballash iron-cored choke coil C and are finally connected to the 
mains (4 and B) When the switch K is closed, the filaments are 
heated by the current and emit electrons which easily ionise the 
mereury vapour in presence of argon. An automatic device then cuts 
the filaments out of circuit and an electric discharge through the 
Easmix at low pressure takes place between two other electrodes 
situated close to the filaments. The ballast choke C prevents such 
Hc tipi from reaching dangerous intensity by cutting down the lamp 
voltage. 


The ionised mercury vapour gives out ultra-violet light and some 
visible light. The ultra-violet light excites the fluorescent paint to 
give out visible light, mostly greenish. Thus the ultra-violet radiations 
which would otherwise affect the eyes and the tissues are turned, by 
absorption, to hetter account and increase the luminous efficioncy of 
the lamp. 

Zine silicate is a very effective fluorescent material being peouli- 
arly sensitive to the ultra-violet radiation from mercury, Such lights 
have a white light efficiency corrsponding to a colour temperature 
of about 6500? absolute although the temperature of the tube seldom 
exeeds 120°F, It is thus a near approach to what may be called a 
cold light’, Fluorescent tubes of the above type have recorded effi. 
ciencies between 60 to 60 lumens per watt. Tubes running at high 
pressures have been noticed since 1925-36 having efficiencies as high 
ag 80 lumens per watt, 
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Information of Electric Lamps 


(i) The rate of consumption, or the power absorbed, by an 
electric lamp is expressed in watts (watts volts X amperes), 

(i) Effieieney.—The power (in watts) absorbed by a lamp for 
each candle-power ot luminous intensity is called the efficiency of the 
lamp. Thus, 


Efficiency = Watts absorbed bv mb. Watts per candle power. 


Candle-power 0: .. ip 

The P. D, which should be applied to a lamp is stated on it by the 
maker. If a higher P. D. is applied, the current through the filament 
becomes too great and its temperature higher than it should be. Though 
in this case the lamps give more light, the ‘life’ of the lamp may be 
shorter. On the other hand, if the applied P. D. is too low, the tempera- 
ture will be lower, and the ‘life’ of tho lamp in this case may be longer, 
but its efficiency will be lower. 


Ifa 15 oandle-power carbon lamp, when run on a circuit which 
‘maintains a potential difference of 220 volte, consumes 0'25 ampere, 
the efficiency (the rate of consumption per candle-power) of the 
— 220 X 0°25 

15 


Earlier types of tungsten filament lamps had an efficiency 14 to 
1'7 watts per c. p. The efficiency of the modern gas-filled lampa is about 
1'l to 1'4 watts per c.p. for small lamps, while-for large lamps consuming 
more than 100 watts, the efficiency is 0'7 to 1'O watt per c.p. 

(iii) We pay for Energy.—The bulb of a motor car light is 
often found to bs marked '6V—924W'', ie. 6 volts 24 watts. Bothe 
lamp requires æ current of 4 (=24/6) amperes whereas & common 
lamp used for lighting a room, which is often marked "220 — 60 W™ 
will require three-elevenths of an ampere. But the second lamp will 
give much more light than the small motor lamp. At first’ sight 
the house lamp appears to be the cheaper source of light, but in fact 
ib is not, because the number of accumulators required to be used 
for the motor lamps is only three, while the house-lamp will require 

^ no fewer than one hundred and ten. So it is evident that the oheap- 
ness does not depend only on the current used in the lamp but also on 
the voltage at which the current is drawn, ie. on the total energy or 
power (ampera X volt). What the Electric Supply Company ‘charges 
for is nob the current, but the energy consumed. 

A consumer usually pays for electrical energy by the ‘kilowatt. 
hour’, ie. energy equivalent to 1000 watts for 1 hour (vide Art. £1). 
Suppose the energy consumed by a lamp is 220X0'25=55 watts or 
0'055 kilowatt. One such lamp running for 20 hours will consume 
0'055 X 20— 1'1 kilowatt-hours, 


lamp =8'6 watts per c.p. 
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(2) Arc-Lamp.—lIE two carbon pencils, which are at a difference of 
potential of about 60 to 70 volts, are brought into contact and then 
slightly separated, current continues to pass forming a luminous are 
between them. The discharge is characterised by intense light and 
heat. This light is called she arc-light. i 

At the point of contact of the pencils, the resistance is very high ; 
so, when current passes, the temperature becomes very high and 
‘ carbon  voletilises. When they are 
separated, the hob carbon particles 
pass from the positive to the nega- 
tive end, Hence the positive carbon 
becomes hollowed out and it de- 
velops a crater af its mouth and the 
negative one becomes pointed (Fig, 
108). The positive carbon is consumed 
twice as fast as the negative one. If 
£ ! the distance between . the orton 

s becomes foo great, the aro ‘goes out, 

Figy 1092 ha Aro-Laniy, -To obtain steady illumination, the 
carbon pencils, when worn away, are made to approaeh each other 
by some automatic arrangement. The approximate temperature 
between the arcing points is 3500°0, 

(3) Mercury Arc-Lamp.—Tho usual form of this lamp (Fig. 109) 
is a bent tube of quartz having two terminal 
bulbs containing mercury. An electrode sealed 
to each bulb is placed in communication with 
the meroury. The électrodes may be connected 
to the supply mains through an adjustable 
resistance. As the mercury in the two bulbs 
are not in touch, in order to start the are, the 
tube has to be slightly tilted when mercury 
from one bulb rung into other producing the 
necessary mefallio connection. The large cur- 
rent that passes develops sufficient heat to turn 
somə mercury into vapour which afterwards 
forms the conducting link between the elas- 
trodes, As the ourrent passes, the inside of 
the tabe glows with a brilliant bluish lizht, 
This radiation which is: rich ia ultra-violet 
light, is widely used in ultra-violet spectroscopy ‘ 
and medical therapy, As ultra-violes light ig _ Fig. 103 ~The Mer- 
injurious to the eyes worker should wear oury Aro-Lamp, 
colour-glass Spectacles, as a protective devica, which absorb the 
ultra-violat rays. 

(4). Electric Bulb. —An Ordiawy elesiria lind odasisis of a 
somolesely evacuated glass bilb, the m31bh of which is seil Nowa- 
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days the bulb is filled with some inert gases at low pressures. There is 
a glass stom with two thick copper wires passing through it and 
projecting inside the bulb. A tungsten wire is connected with the two 
thick capper wires. This stretched tungsten wire spreads like the 
brahah of a tree from the stem and forms the filament of the Lamp. 

‘A brass op, C is fitted at the mouth of the glass bulb. The upper 
circular flat end of the cap is sealed with some non-conducting material 
like pitch. The two copper wires projecting from the stem at the 
mouth of the bulb are sealed with two lead terminals on. the top of the 
cap. Thero are two pins P, P at the side of the cap to hold the bulb 
in position in its socket. 

Working.—When the wires connected 
fo the socket are joined to a H.T. battery 
or any other H. T. source, such as thesupply 
mains, -current flows through the tungsten 
filament of the bulb and thereby the tem- 
perature of the filament rises to about 
300090. . The filament being white hot 
emits bright light. 

(8). Electric Furnaces.—In small 
electric furnaces, spirals of high resistance 
wire, say nichrome (nickel 60, iron 25 and 
chromium 15 parts) or molybdenum, are 
wound round tubes o! fireclay and heat is 

‘developed when a strong current is passed. aaa 

3 (6) Electric Stoves, Kettles, Irons, ae 
‘et6,—Thege are other applications of tha Fig. 110 

“Joule dieet," aid all of these are constructed on the same principle, 

Tn each Of these contrivances high temperature is developed by 

passing a strong current through soils of wire of high resistance. 


` (a) Electrie iren.—It is also only an electric heater fixed rigidly 
on a well-designed insulator and placed within a heavy flat-bobiomed 
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leaf-looking rustless steel casing provided with a metallic handle 
threading through a highly insulating hand-grip pad [ Fig. 111 (a)]. 
Tho heater is heavily insulated from the casing by insulating 
packing (asbestos, glass wool, magnesium oxide, mica dust, etc.) ; 
the leads from the two ends of the heater coil (AGB) end ina 
two-pin socket [4, B, Fig. 111 (b)] and a two-wire flexible cord type 
connector ending in two plugs, one at each end, is used to connect 
the heater to the supply mains. As different temperatures are necessary 
for safe ironing of wool, cotton, rayon, textiles eto. irons are also fitted 
with regulating switches by turning the head of which coils-of the right 
heat-rating may be included in the heating circuit. 


(7) Electric Welding.—It is a process by which two pieces of 
metals such as tram-rails, eto. are joined together, atter melting them 
by the heat generated by utilising Joule's effect. 


124, Fuses :—A fuse Fig. 112 is a device for protecting apparatus or 
wiring from damage by overload, It acts as a cutout by fusion. Itconsists of 
a short piece of wire, of some metal 
or alloy, connected in series with the 
apparatus or wiring to be protected 
(Fig. 118). The design of the 
fuse and its holder is guided by the 
Wiring Regulations. Broadly speaking; 
there are two grades of fuses—those 
for ordinary duty and thosefor beavy 


duty. The material for the wire is | 


í usually tin, lead or copper ors 

SR special tin-lead alloy (lead 75%, tin 

25%) for house and general wiring ordinary duty fuses. The fuse is 

designed fora maximum safe working current and a fusing current. 

When the overload current reaches the fusing current value, the fuse 

melts first and puts the oircuit out and the apparatus and the wiring in 
series are saved. à 


Lamp 
Fuse 


a> TE 


Fig. 113 


VR. 
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Lead-Tin Alloy Fuses in air 


pai ice $4.1] Ace T tid eran kd n E. 
De Equivalent | working exten du Orel 
0*020 25 | 2 3 
0093 94 | 2:8 35 
0'024 28 2'6 4 
0'028 22 3'3 5 
0'032 21 | 41 6 
0036 20 | 4'8 7 
0:048 18 j To 10 
0*064 16 | iro 16 


——————MMX 
Examples.—1. An electric lamp bears the mark “220 V—60 W”. Explain this- 


fully. 
Ans.: The lamp is meant for 220 volts supply. A 60-watt lamp expande- 


energy at the rate of 60 joules per second, $-e, 6010" ergs per seeond. 
The ourrent taken by the lamp will be noe amp. 


The resistance of the hct lamp is oar eo ohms, 
2. How many joules of energy are consumed when a. 40 watt lamp burns for 10 


minutes f (0. U. 1988) 
Ans.: 1 watb=1 joule per sec. Boa 40-watt lamp consumes 40 joules of 
energy per sec. .' In 10 minutes or 600 seconds, the energy consumed: 
=40 x 600 = 24,000 joules. 
8. A railway carriage is lit up by thirteen lamps, each taking 1'2 amperes at 
16 volis. Find the resistance of a lamp, and also the total power used in lighting 
the compartment. (C. U. 1929); 


Ans.: Here the resistance of the lamp is, Rafa ohms. 


As there are 19 lamps. the total power used is 

18 X(Z, M.F. (in volts) x current (in am peres)) - 13 X15 x 1'2 = 234 volts, 

4. A university hostel has 860 lamps énsialled. The lamps consume 60 waite 
each and are lighted for 6 hours daily for 9 months. The voltage of supply is 280 
and the current costs 6 annas per kilowatt hour. Find the cost of the current as well 
as the maximum current used. (All. 1980). € 
ij. Each lamp consumes 50 watts. Therefore 960lamps consume (860% 

wa 

Hence the total power consumed in 9 months (each month being of 30 days), 
for 6 hours a day —-360x50xX30X9x6 watt-hours 


= fox tox: X9X6 _ (540 x 54) kilowatt-hours (or BO., unite. 
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The cost at 6 as. per kilowatt-hour= =10,935 rupees. 


540 x54x6 
6 
The voltage of the supply is220 and the total power consumed =(360 x 50) watts. 
Now, watts =amperes x volts. Since the lamps are in parallel and the P. D. is 
220 volta, the maximum current, 
860 x 50 
220 
' 5, In a house there are 20 half-watt lamps each of 60 candle-power, the 
voliage of ihe supply being 220. Oalculate (a) courrent used by each lamp, (è) 
anergy oerang per hour, (c) cost of lighting the house for 20 hours at 4 annas per 
ilowatt hour, 


Ans. : (a) Elootrical energy consumed by each lamp of 60 ¢.p.=4x60=30 watte 


(i.e. the current in the main lead)— -81'81 ampere. 


Watts=voltsxamps. .. Current consumed by each lampe 7590106 amp. 


(b) 1 watt=1 joule per.sec. .'. 80 watts=30 joules per sec. 
So the energy consumed by 20 lamps per hour=20 x 30 x 60 x 60 joules. 
72,160,000 joules 


20 x30 . 
1000 k.W.=0'6 kW. 


uc) Total power consumed = 
. Total cost for 20 hours =20 x0'6 x4 &nnes-9 rupees, ` 


125. The Electric Bell :—This is an apparatus (Fig. 114) where 
4he..magneoblo effect. of electric current is utilised for converting 
electrical energy into sound energy.» It consists of s  horse-shos 
elciro" magnet M and a hammer H connected toa soft-iron piece, 
called the armature, carried by a spring S, one end N of which is rigidly 
fixed. When no current 
passes through the instru- 
ment, the ‘other end of 
the spring makes contact 
with the point of the 
screw (S, © which being 
adjustable oan be worked 
to ‘establish contaci if 
there is any looseness. 
The circuit includes the 
battery B and the key 
K. On pressing the key, - 
when a current passes 
" Y round the electro-magnet, 
AA. Fig. 114—Tho Eleetrio Bell. “the armature is attracted 
by it ‘and the hammer strikes the gong G. But when the armature is 
attracted, the circuit breaks at S. The eleotro-msgne& being demagnet- 
ised does not act, the armature is brought back to its original position 
by the action of the spring, and makes the circuit complete again. Bo 
the armature is again attracted and the hammer strikes the gong. So 
cu keeps ringing intermittently as long as the current continues 
lo é : 
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» This is commonly used as a calling bell. Leclanohe’ cells are- 
suitable for working this instramen$. A bell-push K, which is simply a 
spring key, is generalfy included in the circuit. 

126. The Telegraph.—The electric telegraph is another application 
of the electro-magnet. Telegraphy means the art of sending messages 
from one station to another at a long distance apart by a recognised 
code using the electrical method. n 

The essential parts of a line-telegraph system are (i) Line-wire 
connecting two places between which messages are to bo sonb; (i)! 
Battery ; (ii) Transmitter for sending the signal; (iv) Receiver 
for receiving the signal, 

Tranamitter.—Now-a-days tha Morse Key (Fig. 115) is used as a 
transmitter. It consists of a brass lever AB haying a fulcrum at 
the middle, which is perma- 
nenily connected to the line. 
The lever has got a sorew at 
the extreme end which touches 
a button below i$ in its nstural 
position. At the other end 
there is a knob K which, when 
pressed, touches a button below E 
connected with the positive Fig. 115—The Morse Key. 
pole of & battery, and thus sends a current through the line-wire to: 
the other station, How a Morse Key is actually connected is shown 
in Fig. 117. The duration of the current depends upon the timo 
for which the knob is kept pressed. When the knob ig released, the 
spring of the lever makes the screw at the other end touch the button 
below in its natural position which is connected with the receiving 
instrument. 

Receiver.—The Morse Sounder (Fig. 116) is used now-a-days as 
a receiver. It consists of an electro-magnei M with a piece of 

! soft-iron fixed on a 
pivoted lever L placed 
just over the core of 
the eleobro-magneó, As. 
Soon as a current from 
the sending station 
passes round the: 
eleobro-magnet M, it 
attracts the lever 
which strikes against. 
a sorew ‘a’ below and 
makes a clicking 
sound, When the cur- 
E rent stops; the lever 
Fig. 116—The Morse Sounder, is released, and ig 


brought back to its original position by the action of the spring S and so. 
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ib strikes against the screw 'b' at the top. The signals are based on 
she duration of the interval between the striking of the screw at ‘a’ and 
that at 'D'. Thus by manipulating the key, long and short sounds 
corresponding to dashes’ and dots oan be produced and transmitted to 
the receiving station. 


Principle of a Telegraph System.—Fig. 117 represents & simple 
telegraph system between two stations. On pressing the knob of the 
Morse Key in the sending station, the contact of the line wire is ‘establi- 
shed with the positive pole of the battery, tho negative pole being 


Line wire 
CANS YL 1 LAS 


Sounder 


4 dh) eT 


PME TROL eee ones 
Fig. 117—The Telegraph Gircuit. 


connected to the earth. A current goes along the line-wire through 
ths Morse Key to the sounder of the receiving station and operates 
it, as explained before. When the knob of the transmitting key is 
released, contact of the lever is now made with the sounder, which 
is then ready to receive signals from the other transmitting key. It 
should be noted that, in this case, only one line-wire is necessary, the 
return path for tha current being completed through the earth. 


1297. Relay :—For a very distant station the line-wire may be 
extremely long and so the current may be too feeble to operate the 
Morse sounder. In such a 
case, an appliance, known 
as a relay is used in the 
circuit near the sounder in 
order to magnify the effect. 
It consists of an electro- 
magnet M and a light soft- 
iron armature attached to a 
lever Z (Fig. 118) The 
à eleobro-masgne& is placed in 

Fig. 118—A Relay. the line circuit, When the 
weak current passing along the line wire is passed through the relay, the 
armature is attracted downward and touches a contact screw P, which 
pats into circuit a local battery B, and thus the sounder S, which is in 
ého same circuit ag the battery, is operated efficiently. 
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Telegraphic system with Relay.—Fis. 119 shows an arrangement 
of the'lines, batteries, Morse keys, relays and sounders between two 
distant stations, S1 and Sa which are to communicate with each other, 


Morse sounder 
[E] 


— —— <a 


Fig. 119 


Suppose a message is to be sent to the station, Ss by pressing the 
Morse-key of the station, Si. The current from battery, B’ reaches the 
Morse-key of Ss through the key, K, and the line wire. As is shown 
in the figure, this current returns to the earth through the coil of the 
electro-magnet of the relay Ra. The electrical circuit being complete, 
this feeble current will make the electro-magnet, strong enough to attract 
the light soft iron rod, Rs downwards and the rod touches the contact 
sorew. ‘This puts into circuit the local battery, B” and thus the sounder 
Da, which is in the same circuit as the battery, is Operated efficiently, 


Until the lever of the relay E; is pressed downwards, the battery 
circuit. through the sounder, D; is not complete and thus no current 
passes through the electro-magnet of the sounder, 


N.B.—It is to be noted that in the simple system described above, 
messages can ba transmitted over the line in one direction only at 
a time. In, the more improved system, called the Dupleix system 
which is mostly used, messages can be transmitted and received at the 
same time at the same station, 

Dupleix Telegraphy.—Tn this system, resistances, P1, Q1, B4 and 
L Eu arranged as to form the fourarms of a Wheatstone's bridgein one 
station. Suppose, in the first station S,, the battery circuit is closed by 
pressing the key, kı. If the above resistances are so chosen that the 
bridge is balanced, then 

P/Q:=L/R1. 

` In this condition, there is no deflection in the galvanometer, G4 but 
the current flowing through the line wire, L will produce a deflection 
in the galvanometer Gz of the other station, Sz and Ss will receive the 
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message. In the same way, if S, presses its own key, Ke by this time 
the galvancmeter, Œs will bave no deflection, because, 


P3/Q2=L/Rs. 


DiS Nariel 
Py Line wire (L). 
^i Z) 
Qt Ri 
e 
€. 
Bi 
9 


Fig. 120 

Buh the galvanometer, G, in the first station S1, will show a deflec- 
tion and S; will receive the message. 1 

In this m of telegraphy, the signals, thus, can be sent an 
received eae Uma rato a sing’ |wire'atiboth the stations. The 
galvanomoters should be very sensitive. '' e 

128. The Telephone :—This is an electrical arrangement byIwhich 
speech can be transinitted from one station to another. The telephone 
was invented by Graham Bell in 1875, and the instrument Ball's 
Telephone, goes by his name, It consists of along bar-magnet M (Fig. 121), 
round one end of which there is a flat coil C of insulated copper wire. 
The two ends of the.coil are connected to the two binding screws T, T. 
In front of the coil C there is » thin iron diaphragm D held firmly in a 
wooden cap and almost touch- 
ing the end of the magnet. 

The conical opening in front 
of the diaphragm converges 
the sound waves’ directed to 
the diaphragm. The terminals 
T, T, are connected to two 
line-wires ab the distant ends 
of which, similar apparatus is connected. 

Action.—The diaphragm, being just in front of the magnet, 
becomes magnetised by induction, and when the diaphragm is spoken 
into, it vibrates to-and-fro by the sound waves which fell on it, and 
so the number of lines of force passing through the coil is changed. 
Induced currents are thus set up in the coil These currents travelling 
through the line-wires, change the strength of the ‘field in whieh 
the iron diaphragm of the distant telephone is situated and throw it 


Fig. 121— The Telephone. 
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into the same kind of vibration as the first diayh 

n phragm. Th hi 

diaphragm reproduces the sound which caused the first peal eek ti 
Bell's Telephone (Fig. 199) may be used toth as i 

and a receiver. It is independent of any battery, okt due acd 


Fig. 122 


current generated is so weak that it is nob successful for long di 
Secondly, the quality of the sound received is also poor, ier dais 


A battery connected in the line will improve matters a little no 
doubt, but for proper reception an improved receiver is necesgar 
Such a modern receiver consists of a U-shaped magnet having ae 
coil round each pole, the two coils being conrected in series and the 
terminals finally joined to the line-wires. Both the joles are Jaced 
close to each other behind the diaphragm so that the line ai 
will now traverse both the coils and the electro-magnetio action on the 
diaphragm will be almost doubled. 

129. The Telephone Circuit :—The essential parts 
circuit are (a) a Transmitter (b) a Receiver, and TIS 1 M oepione 

Bells Telephone is not used as a transmitter; but a transmitter 
working on a different principle, called the Carbon Microphone 
transmitter (Fig. 123) is used. Again, in modern practice, an 
improved type of Bell's Telephone, using a horse-shoe magnet, provided 
with double coils over the two poles, as described above, is used ag 
a receiver. 

The microphone transmitter 
consists of a shallow chamber, 
loosely filled with granules of 
carbon, having two thin carbon 
plates, one C; at the front and the 
otber C, atthe back. The centre 
of a steel diaphragm D is rigidly 
fixed to the micdle of the front 
carbon plate. In front of the dia- 
phra;m is the conical mouth-piece 
E which converges the sound-2 
waves directed to it during a talk 5 
or speech, The diap!raym is con- Fig. 129— The Carbon 
nected to one of tbe terninals T, 
T, the other terminal being connected to the kack cartcn plate, 
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Microphone Transmitter, 
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Usually, the plates Cı and Cg are separated ab the edges by cotton 
wool pads P. The principle of this transmitter is that when the 
pressure at the surface of contact of two carbon particles varies, a larga 
variation in the electric resistance of the contact takes place, 

Action.—In Fig. 124 it has been shown bow two stations can 
be connected by a telephones system using a microphone transmitter 
M and a suitable receiver T ab each station. The two stations haye 
been shown, for convenience of drawing the figure, as upper station 
and ‘ower station. 

The primary of a transformer or induction coil C is used in serios 
with the transmitter and battery, in order that the resistance of the 
microphone  oirauit 
may be kept low so 
thst any variation of 
resistance of the car- 
bon granules may be 
as large a proportion 
of the total resistance 
^s possible and would 
thus produce large 
@ variations in the cur- 

tent. The secondary, 
of many turns, is in 
series with the line 
and the receiver at 
the otber station. In 
the position shown, 
the receiver T' of the 
lower station is sup- 
posed to be in use. 
When not in use, it 
y is to be hung up on 
the key Kı, when 
the induction coil 
will be thrown out of 
circuit. In the figure, 
the receiver of the upper station has been shown hung tip on the key 
Kı which tbus joins the line to the key K, and the distant station 
ihen can call up, since the line is in series with the electric bell B, 
To call up the distant station, the key Ka must ba pressed. This puts 
the battery in series with the line and the electric bell of the distant 
station. In the figure, the key Kz of the upper station has been 
shown pressed, 

Owing to the disturbing effects of Stray currents which often pass 
through the earth, the earth, in this Case, cannot be used for the 
reburn circuit as in telegraphy. Hence two line.wires are necessary 
for a telephone circuit. 


i 
| 


e ` 
3 


€» 
Fig. 124—The Complete Telephone Circuit, 
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180. Alexander Graham Bell (1847—1922) :—He was born 
4n Edinburgh, and educated at the Edinburgh and London Univer- 
sities, He ‘acoompanied his father to Canada where he became a 
teacher in a deaf and dumb sohool. Afterwards he became professor’ 
of Physiology at the Boston University. To make yooal sound audible 
to the deaf, he concentrated on designing an electrical apparatus. In 
1876 he astonished the whcle 
world by demonstrating for the 
first time that the sound of the 
human voice could be trans- 
mitted electrically. The essen- 
tial part of his apparatus was 
the Bel.-receiver, which in his 
early experiments he used also 
28 transmitter, The carbon 
microphone transmitter of 
Edison hag now taken up its 
position as & transmitter, He 
was awarded the honorary 
degree of M. D. by the Heidel- 
burg University for invention 
of some important physiological 
apparatus. He has le!& rich 
endowments for the education 
of the deaf. 

131. Thomas A. Edison 
(1847—1931) —He is a prolific 
American inventor and master i 
of a large number. of first-rate la athe 
patents. He is the inyentor of the phonograph, talking pictures, the 
carbon filament lamp, the carbon microphone transmitter, the Edison 


«ell, eto. 


Questions 


1. A railway onrriage is lit up from a 15 volt battery by 12 lamps each taking 
1'5 amps., und arranged in parallel, Find the resistance of a lamp and the total 
power used, in lighting the compartment, (Dao. 1934) 


[4ns.: 10 ohms ; 270 watts, ] Ps) 
2. Describe an eleetrio glow-lamp. (a) Why doos the fllamont of the lamp 
‘become hot while the wires leading to it remain comparatively cold? (b) An 
electric lamp is marked '40 watts, 200 volts’, Explain these terms, What will 
be the strength of the current passing through its filament? (o ‘The curront 
eonsumption of sueh à lamp is one unit in 25 hours,’ Comment on the statement, 
(0. U. 1932) 
[ Hints.—(a) Thisis because Hor, (b) Tho marking on the lamp means 
that when the lamp is run on a cirouit which maintains a P.D, of 200 volts, the 
electrical energy is consumed at the rate of 40 joules every eecond, or 40107 orgs 


por second, Current, C=0'2 amp. 


196 INTERMEDIATE PHYSICS 


(c) Thelamp burning for 25 hours would consume (40x95) watt-hourp 
Tio" 25=1 kilowatt-hour, This is the Board of Trade (B.O.T.) Unit of current 
consumption and hence the above statement. ] 

8. Why is an electric bulb made air-tight and free from sir? Account for 
the rise of temperature in the bulb when the current is turned on. (All. 1922) 
4. What isa fuse wire ? Why is it inserted in practical electrical circuits ? 

(Pat. 1941) 

5. Ten 220 volts balf-watt lamps are installed in a bouse, Find ovt the resis- 
tance of the combination, the candle-power of each lamp being £0. Find out ths 
number of units (kilowatt-hours) consumed in a month of 30 daysit the lamps 
burn 5 hours a day. (All. 1929) 

[Ans. : 87°5 kilowatt-hours] 


EA Describe in detail with*{neat sketches the component parts of the electric 


t (O, U. 1925, 28, 30, 43, '45 ; Pat. 1921, 781, 40, 47 ; All, 1920, 24) 
What kind of cell will you?use for working such bells ? 

7. Briefly describe and explain the working-offa calling bell. (0. U. 1951) 
B. Describe, with the sid ef a diagram, the construction and mode of action 


of an electric bell. State the -type of cell you would use with a bell circuit and 
give reasons for your choice, (Utkal, 1951) 


9. Inacertain factory, steel was once used by mistake instead of soft-iron 
to make the cores of an electro-magnet for some bells, What should be the matter. 
with the bells ? (Pat, 1924) 

[Hints.—As the steel core will not readily demagnetise itself after the current 
is stopped, the armature will be held up by the msgnetised steel eore and will not 
easily move to-and-fro, and so the bell will not work properly.) 

10. Explain the principle-of the electric telegraph. 

(0. U. 1915, '20; Pat, 1982, 44, sii 

Draw a diagram of the Morse’s Sounder. (0. U. 1925 

11. Osrefully explain the use of the microphone: and telephone in the 
transmission of epeech by electricity along wires. 

(Utkal, 1948 ; Pat. 1920, '25, 27, '42 ; cf. U.P.B. 1947) 

19. Explain the action of the telephone with tbe help of a diagram. 

(O. U. 1920, 21, 24, '25, '26, "98, "30 ; Pat. 1981, 44 ; All 1929, ?24, 728) 

13. Describe the construction of a telephone and a carbon microphone and 
explain how they shculd be used for talking across a distance. (0. U. 1952) 


14. Explain the construction and working of a Bell's telephone and draw a 


plan of simple telephone connections between two stations, (Pat. 19:0, '89) ` 


15. Explain, giving neat diagrams, a telephone system and state the function 
of each part, (Pat, 1927 , of. O. U. 1940) 

16. Describe, with a neat sketch and index of parts, a telephone and explain 
its action, (R. U. 1952) 

Why do you use afpermanent magnet for the construction of the receiver ? 


(G. U. 1950) 
17, Write short notes on the following i— 


(a). telephone, (b) microphone. (0. U. 1938, cf. 1942) 
18. Explain the principle of action of any two of the following :—(a) a calling 
bell; (b) a relay ; (c) a carbon microphone transmitter. (Pat. 1945) 


19. Describe and explain with the aid of nest sketches how sound can be 
transmitted from one place to ancther ihrough a metallio wire electrically. 
(Utkal, 1947), 


— t 


CHAPTER IX 


Electrical Machines: Alternating Current: Transmission 
and Distribution of Electrical Power 


132. The Dynamo* :—Jt is a machine for producing electri 
at the expense of mechanical energy. 4 d xta 

Tt a coil of wire is made to rotatein a permanent magnetic field so that 
there is a change of the number of magnetic lines of force passing through 
it, an induced E.M.F. is generated in the coil, This takes place 
acoording to the laws of electro-magnetic induction as explained in Art. 
114, The principle of the dynamo depends on this. The magnitude of 
the induced E.M.F. depends upon the rate of change of the lines of 
force linked with the oircuit—that is, is depends on the number of 
turns of wire, the strength of the magnet, and the rate of rotation of 
the coil. 

Suppose a coil of wire ABCD is rotated between the poles N, S of & 
strong permanent magnet or a powerful electro-magnet (Fig. 175). Let 
the soil be rotated from the horizontal position in the clock wise direction, 
When AB rises and OD falls, the direction of the induced e.m,f, 
according to Fleming's right-hand b 
rule, will be as indicated in Fig. 125, 
d.a. from 4 to B, and C to D. Now 
consider the second half of the 
revolution, 4.4. when the coil is again 
horizontal. This time the side DC 
will be in the position now occupied 
by AB, and so DO begins to rise and 
AB begins to fall. Hence the induced 
e.m.f. will be directed along DOBA, 
i.e opposite to the former direotion. 
This shows that for a complete rotation Fig. 125 
af the coil the induced e.m.f, changes or alternates its direction at each 
half revolution. The magnitude of this e.m.f. continuously increases 
from a zero value to a maximum one and then gradually diminishes to 
mero value again, during the first half revolution, after which the 
direction of the e.m.f, is reversed, reaches nogative maximum value and 
‘then comes to the xero value again during the other half revolutions, 
The e.m.f, going through this series of changes during one revolution of 
the coil is said to have completed one cyole and the number of cycles 
completed per second is called the frequency of the e.m.f. The current 


produced in a closed circuit by an alternating e,m.f. also alternates 
+ 


* The word dynamo isa contraction of 'dynamo.electrio machine’, This may 
mean a machine converting mechanical into electrical energy (generator) or 
electrical into mechanical energy (motor). Common usage, however, takes the 


dynamo to mean only & generator. , 
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in direction, though it is not necessarily of the same wave-form ag that of 
the e.m.f. S203 currents are called alternating current (4.C.) and the 
machine producing alternating currents is called an alternating current 
(4.C.) dynamo, or simply an Alternator. This is also called an A. C. 
Generator. 


Parts of an Alternator —(i) The armature—it consists of the core 
and winding. (ii) The field—the magnetic field in a dynamo is 
produced by a strong electro-magnet, called the field-magnet, 

The armature winding consists of a very large number of turns of 
wire wound on a laminated core-iron—iron being roegnetio provides a path 
of low resistance to the magnetic lines of force and the core is laminated 


to reduce the induced eddy currents to the minimum. Either of the 


two component parts may be rotated and the other kept stationary for 
generation of induced e.m.f. in the armature windings. The one which 
is rotated is called the rotor, and the fixed one is called the stator, 
The rctor is rotated on a horizontal axle by a prime mover, such as 
Steam engine, Oil engire, Steam turbine, Water turbine, eto. 

Besides the above two essential pats of a dynamo, i.e., the armature 
and the field-magnet, the following two parts are also necessary— 


(iii) Slip-rings.— There are'two-metal rings (Fig. 126) to which the 

ends of the armature coil are connected, These are rigidly mounted on 

t the main shaft but are insulated 

from it, and they rotate with 

Brushes the armature, which is also 

properly insulated from the 
shati, 

liv) Brushes.—These (Fig. 
126) are made of carbon rods 
and are kept lightly pressed. 
against the slip-rings by means 
of springs, and have leads to 
the external circuit, 


_ The current produced by tke rotation of the coil (as explained abovs) 
is collected by means of the brushes bearing on tha two slip-rings and 
conveyed to the external oircuib. 

A—Á 


183. E.M.F. induced by Earth's Magnetism: the Earth 
Inductor t—Faradsy discovered tbat an em., is generated in a 
conductor if moved in the earth's field. The phenomenon is due to 
electro-megnetic induction ard illustrates the truth in this principle. 
The conductors so used are called Earth inductors, "Their action is 


well shown by the following apparatus known as "Delezenne's circle” 
- (Fig. 127), 


It consists of a wooden ring RT having a groove on it, which 
Contains a coil of some turns Of silkcovered copper wire. The two 
ends of the coil are connected to a spring commutator (vide Art. 


Fig, 126 


mu 


uM. 
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14°), by whioh the current induced in the ooil, although ib will 
change in direction in the coil at every half revolution is made uni- 
directional through 
the gal:anometer G. 
The ring oan be 
rotated on the axis 
EF by the- handle 
M, while the axis 
EF is itsell fixed ina 
rectangular woolen 
frame JK movable 
about a horizontal 
axis. A pointer on 
the dial $, shows 
the inclination of the 
axis EF while Ss 
indioates the ansulsr 


displacement of the " 
ring as it is rotated. Fig. 127—The Earth Inductor, 


In using the apparatus the plane of the ring ie placed at right 
angles to the line of the magnetic dip and the axis E normal to the 
magnetic meridian at the place of the experiment; the plane o! the 
coil is thus placed perpendicular to the earth’s field, shown by the 
dotted line N.S. 

‘The coil is then rapidly rotated by the handle M. Tho current 
due to the induced emf, in the coil reversing in direction twice in 
every revolution (vide Art. 18 ), being made contiouous by the com- 
mutator Æ, produces a steady deflection in the palvanometer G. On 
reversal of the direction of rotation, the direction of the deflection is 
also reversed. 

Note: The om.f. generated by the earth indnotor, ax explained 
above, ia essentially an alteroating one. lb is an illustration of the 
simple A O. generator. The above: coil may also be used to generate 
an emf by cutting the vertical component of the earth's freld, instead 


of the horizontal field. 


134. An Alternating Quantity (E.MF., Current, eto.)— 
Ib ig one which acts iu opposite directions alternately and whose 
megnitude undergoes a definite 


* H cycle of charges in a definite period 
r2. of time, Graphically, ruch » quantity 
fé is represented ss in Fig. 128 where 

the abeciasa represents, time and 


the ordinate the magnitude of the 
Fig. 128 quantity, The traces above the 
abscissa give the magnitude in one direction (+ye) and the traces 
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below the abscissa give the magnitude in the opposite direction (— ve). 
Note that the graph repeats after a regular interval 7' of time. One 
repast is called a complete cycle and the interval T' of time of one cycle 
is called the periodic tim». The numer of cycles per second is called 
the frequency o! alternation or simply frequency and is denoted by f. 


SEN = 
PES ; orf p 


195. The Na'ure of Variation of the alternating  E.M.F, 
generated in a coil rotated in a uniform field with constant 
angular velocity :— J 

To produce an alternating current (ac), we must first require to 
generate an alternating E.M.F. It bas been described already how 
the E.M.F. generated in the ooil in Fig. 195 Art, 182 is alternating 
in nature, and how such an E.M.F. generated in an earth inductor 
(Art. 133) oan drive a current in an external cirouit, though in 
the experiment described (Fig. 197) the current was made unidirectional. 


The nature of the variation ‘of the E M.F. induced in a coil of 
single turn rotated uniformly in a homogeneous unidirectional magnetic 
field, may be mathematically deduced as follows. 


f NNA 
————Ó— 
Ya 


(ii) 


coil ab two instants of timo differing by a very short interval ¢ second 
be denotel by Bi C, and Ba Oa, the angular displacement of the 
plane of the coil from the Yi Y, reference line at the two instants 
being 0, aud 0, [Fig, 129 (ii)]. : 


The instantaneous magnetia flax passing through the coil when at an 
angle 01 —aH cos 01, and Similarly, the instantaneous flux through the 
coil when at angle 05 —aZ cos s. 
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Hence, by Art. 114, the induced E.M. F., e= — (aH cos 0a —aH oos 61) 
- t > 


sin 02-01 gin 0203 
—9aHx 2 


r t 
Now 0s =0; approximately, i being very small, so that sin 29-63 
2 


~=ain 9,=sin 0,—8in 0, say. 


Again, ‘sin Pa Or Os Os radians, because 22— 


Qe 


91 isa very small 


angle, £ being very small, 
Therefore e=(2aH)Xsin 0X Pima ha sin 6. 


Bus 9 F 9: — o, the angular velocity of rotation of the coil, 


That is, e=awH sin 6 - one wos)! KR) 
where ¢ is in radians. 
When a, w and H are constant, awH is a constant= Zo, gay. 


So, e— E, sin 0 eS s S Pas (9) 

Suppose a coil consisting of m turns enclosing an area a is ab 
right-angles to a homogeneous unidirectional magnetic field of intensity, 
H. Tf it is rotated with an angular velocity œ, such thab the 
axis of rotation of the coil is perpendicular to the field, it will come to a 
position, say OQ at any instant of time, £. 

The effective area of OQ in this position=na oos 0. 


-. the number of lines of 
force passing through this area, is 
N-—naH cos 0. 

The induced E.M.F., 6 


--------0 


z^ 
o 


-àN. d à 
Tm ài na H cop 6. 


Fe aap. 1 
=na H sin 0. = re 
na H sin 0. 5, 
LUE Se AE c opio Pa 
=ona H. sin 0, is on? i 
Fig, 130 


Or, 6=é9 sin 0; where eo —naoH. 
Tf the resistance of the coil is R, then 


$ = gin 9; or, i=io sin 0. 


B E 
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Amplitude,—The maximum value of the E.M.F., eo ( or the current. 
io) is called its amplitude. 

d Now when 0=0, F z. m, 
2x radians, we have corres- 
pondingly, e=0, Eo, 0,— Eo, 0. 

The complete variation of 
e with @ is depicted in 
Fig. 131. So for a complete 
revolution of the coil (with 
reference to the Y, Yẹ position 
of the coil) the induced E.M.F. 
Fig, 181 (e), rises continuously from 


a zero value to a maximum valus (Eo) ons radians rotation of tha 


Induced e. m. f. (e) 
^N 
a 


Angular displacement (8) 
In radians 


coil and then gradually dies away to the zero value again. on 9 
radians rotation of the coil when at crossing this position i 
reverses im direction rising continuously to:the maximum value in 


this direction (i.e. —Ho) at E: radians rotation of the coil and then 


gradually dies down to zero value again during the last g radians 


rotation of the coil. 
27 radians (3) 
an bares m ves M E 


and if, as a general expression, we say that the coil rotates through 


0 radians in time t, we have, 0— of. Therefore, from equation (1) aktove, 
we have, © 


Now w= 


$7 Eo sin 0— Eo sin wot=Eo sin E from (3) 


7 Eo sin 9x fi, des FS n (4) 


Since the induced e.m.f. as proved in the above case follows s 
simple harmonic law, such an emf. is often referred to as a simple 
harmonic e.m.f. S 


136. Phase Difference :—Suppose wo alternating quantities 
$1: and és are represented s& a given instant of time by two vectors 
OP and OQ (Fig. 182). The angle ¢ between them is called the phase 
angle between them or the phase difference between the two quantities. 
lf the direction of rotation of the vectors is anti-clockwise, as shown 
in the figure, OP is in front of OQ, and OP is said to lead OQ and 
OQ is said to lag behind OP. If the vectors represent two alternatnig 
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e.m.fs., and the leading vector is. represented by 61=OP sin w t, then 
the lagging vector will be represented by e; =0Q 


sin (w t—¢). Note that the lag or lad depends me 


upon the assumed direction of rotation of the 
veotorg, 


187. Effective [or virtual, or root-mean- 
square, abbreviated (rm.s)) value of an 
alternatiag current or e.m.f. :— 


“The effective value of an alternating em.f. 
(or current) is given by that direct e.m.f. lor 
current) which, when applied toa given circuit 
for a given time, produces the same expenditure of 
energy ag when the alternating e.m.f. (or current) 
is applied to the same circuit for the same time.” 
The effective value of a simple harmonic e.m,f. Fig. 182 


or current is given by si times the maximum value of the alternat- 


ing quantity concerned. Thus, if the instantaneous value e of [i 
Simple harmonic e.m.f. is given by e=E sin wt, where Eo is its 
Ho. 
Mà 
Similarly, the effective value I of a simple harmonic current of maximum 
value Zo will be given by, Io/ ,/2. 

The instantaneous current in a circuit driven ‘by an alternating 
em.f. may be in phase with the impressed e m.f., or it may lag behind or 
lead the impressed e m.f. depending upon the circuit components (resis- 
tance, inductance and capacitance) and their combination. If they are 
in phase, the power consumed in the circuit is given by EI, where E and 
I are effective values of the simple harmonic e.m.f. and current waves, . 
If they are not in phase, the cosine of the angle of lag (or lead) of the 
current is called the power factor, By this factor the apparent power 
EI must be multiplied to determine the true power consumed, Thus if 
4 be the phase difference between the current and an alternating e.m.f. 
the power consumed= EI cos ¢, where E and J are the effative values 
of the emf, and the current respectively. Thus, power factor 


true watts 
apparent watts 
The quantity I sin ¢ is called the wattless component of the 
current. 


maximum value, the effective value E will be given by E= 


-—c08$-— 


138. Some Terms connected with A.C. :— 


(1) Instantaneous Value.— As is evident from Fig. 181, the value | 
of the alternating current or E.M.E. changes continuously with time in 
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a complete cycle. fo, the value of the current or E.M.F. at any instant 
during the oycle is called its instantaneous value. This may be represented 
by the equation, H= Eo sin 0 ; or I=Io sin 0. 


(2 Maximum Value.—Twice in a complete cycle, the current 
Or the E. M. F, attains the maximum value. This is called its 
amplitude. The maximum values of the current and E.M.F. are denoted 
by Io and Ho respectively. Another name for the maximum value is the 
peak value, 


(3) Average Value.—Since the average value of an alternating 
current or E.M.F. is sero, let us calculate the average value for a 
half oyole. 

(a) Average Value in the first (positive) half cycle.—When the 
alternator rotates a half cycle, we may say that it rotates from 0° to 
180? (i.¢., x radians). 


Since the instantaneous value of the ‘current, I-Io sin 6, 


r 
4he average value for a half oyole f Io sin 0. do. 


La 


[S e ones] 


«Io 1.4.4] 219.2 
P] x 4 X peak value. 


(b) Average Value in the second (negative) half cycle,— 


During the second halt cycle, the alternator rotates from 180° (x) to 
8609 (On) 


2v 
-. the average value for the second half cycle= Jf Io sin 0. do. 
r 


L] 
2r 
2p|z9 9]. = ila E ] 
r| T ] Loos x cos 2 a] Lj 1-1 
T 
eo TOME YALIG: 
x x 


Remember :—(1) The values of current in the first and the second 
half eyoles are equal but they are ia opposite directions. 
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(2) The total average value= ~*le=0. So, an ammeter (which 


2T 

zx 
measures į by means of an effect which is proportional to the average 
value of i) connected in series in an a.c. circuit will give zero reading. 
But we know that when a current passes through s resistance, heat is 
developed which is proportional to the square of the current (H«4*), 
irrespective of the direction of the current. Bo, we can measure a 
current by its heating effect. If the amount of heat developed in s 
conductor by & known direct current (dc) for a certain interval of time 
is equal to that developed in the same conductor by an alternating 
current (a.c.), flowing for the same interval of time, then the value of the 
a.c. is equal to that of the d.c. . The value of an a.c. which is thus equal 
to that of the d.o. is its virtual or effective value. 


(4) The Root Mean Square ( R.M.S. ) value ( or, effective value, 
or, virtual value) 1i—The E.M.S. value of an alternating quantity is the 
square root of the mean value of the square of the quantity for a 
complete cycle. Let us consider the mean value of the square of the 
instantaneous value Z? of a current which varies purely sinusoidally 
with time for a complete cycle, 


Since, I=Jo. sin 0; I7=Io%. sin* 0. 


2r F 
For a complete cycle, the mean value of T ered Io”. sin? 0. de. 


2v 
aie! (eee ry cos 20 —1— 29 sin? 0 ] 
o 


2 [2 o}= &- 


*.. R.M.S. value of J, for a complete cycle, I, m.s. or, I=. 


Remember :—Tbe maximum value of a current, To= J 2. 1.m.8, 
value. Similarly, the R.M.S. value ofan E.M.F.is given by Zy.m.s. Or, 
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#y=Ep sin 6, which is equal fo the maximum value Eo of the E.M F. 
r 
divided by ./2, ie. Emu A $ OF, Ea A9, Bpm 


For a purely sinusoidally alternating quantity (say & current, cr, 
an eon f.), we have, 


average value for a half eyele- 3x peak value ; 


r.m.s, value for'a- complete cycle= H X peak value. 


{The form factor of an alternating quantity is ‘defined as the 


T. m.s valia 


ratio , the mean value being taken over a half cycle, 


mean value d $ 
So the form factor of a sinusoidal current (or, e.m.f.) 
arma. value _(1/ 4/2) X peak valde x 914 uq ] 

meau value — (2/z)Xpeak value 2,/3 284 y 

139. Virtual Ampere:—An alternating current which flowing 
through a resistance for a certain in&ervalof tims, produces an amount 
of heat equal to that produced in the same resistanca by a direct 
current of 1 ampere strength, flowing for the same interval of time, is 
@alled one virtual ampere, 

140. Virtual Volt :—An alternating e.m.f. which when applied 
across the two terminals of a resistance for a certain interval of time, 
produces an amount of heat equal to that produced in the sama resistance 
oy a direct current of 6.mf. 1 volt for the same interval of time is called 
‘One virtual voit. 

141. The circuit elements and their effects in a.c. circuits :— 


An electric circuit may contain some or all of the following three 
properties namely, resistance, inductance, and capacitance. The 
‘elements in the circuit having the above properties are often referred to 
as resitors, inductors and capacitors respectively. It must nob, however, 
‘be thought that these properties are isolated Properties possessed by the 
different elements mentioned, i.«. a resistor mus have resistance only, 
an induotor inductance only, etc. The game element may have even all 
the three properties existing together in it. For instance a coil hag 
always some resistance and inductance, and also some inter-turn 
capacitance. An element is called resistive, inductive or capacitative 
when the property by which it is named is its main property, the other 
two properties being negligibly small. Bus the three properties have 
separate effects in an electrical circuit whether they exist together or not, 

_ So in considering any electrical circuit, these three properties (resistance, 
inductance and capacitanes) are considered as if thoy exist separately 
in the circuit. 
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In a d.c. cirouit we are ordinarily concerned only with the resistance. 
—inductance or capacitance, if any, come into consideration only when a 
current is started or stopped. But inan a.o, circuit where the driving 
e.m f. and the current which are alternating are constantly on the change, 
all the three properties, namely, resistance, inductance and capacitance 
are in continuous effect, the latter two by setting up back 6.m.f.'s. 


LU 

We shall consider below the effect of each one of these properties in 
an a.o. circuit. 

A. C. Series Circuits 

(A) An a.c. circuit with resistance alone.—Leb us consider s 
simple circuit in which a source of sinusoidal emf. (e— Eo sin pt) is 
externally connected by a resistance (r Q) alone, $.e. inductance and 
capacitance assumed absent. Here the e.m.f. will have to overcome the 
ohmic resistance only. If, then i is the instantaneous current, we have 


tho instantaneous:e.m f., 
\ $—ri— Eo sin pt sr oe (1) 


or, ie sin pt, ye TAE C] 


where p is angular velocity or pulsatanca (in radians per s60,) given 
by T= of T , being the time period for a complete cycle and f, the 
u 


frequenoy. 
From eqn. (2) the maximum value of # is Zo/r(= To say). 
+. $7 To sin pt T ey (3) 

From equations (1) and (3), it is clear that the e.m.f. and the current 
are always in the same phase. 
Hig. 183 shows how the e.m f. è 
and the current $ vary with time 
in such a case. 

(a) The p.d. across r is r$— 
Xo sin pt and is in phase 
with the current. 

(b The instantaneous 
power in the eircuit=eX¢ 
= Eo sin ptXIo sin pi 9 Eolo 
sin?pt. 

(c) The average power in 
the circuit for one complete 
cycle. 


Fig. 193 
17 s Este (* (1-39 Bolo T 
ey ,Bolo sintpt dt Sig Bas ) at Tol mum 
" 


sm Po, y To virtual e. m.f. X virtual current, 
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The power supplied by the source at the above rate is expended in 
heating up the resistance r. In other words, the rate of heat production 


in the resistor\is equal to virtuale mf. multiplied by virtual value of 
the current only. 


(B) An ac, circuit with inductance alone —Let us consider a 
circuit in which a source of sinusoidal e.m.f. having instantaneous &.m.f. 
e= Eo sin pt is externally connected by a pure inductance (|) $e. it is 
assumed here that the inductor has no resistance or capacitance. Though 
the case is purely hypothetical, it is worth investigating. When a current 
di 
dt 
applied e.m f. has to overcome this back ¢.m.f, only. In other words, 


4 flows, a back e.m f. equal to— l= acts across the inductor and so the 


tin sin pt} or die Pe sin pt. dt. Integrating both sides, 


Ms fies as acts E 
i 7o f'sin pidi i | os ptt ip 2 (pt—90°) - X. 


where K is the integration constant, 


When pi=90°, i=0 ; hence K=0 5 


m i= Tsin (pt—909)1 E- "TAM 


From equation (4), the maximum 
value of $ is Ej/ip— Io (say), and the 
current lags behind the e.m f. by 9U°, 
the current being also sinusoidal in 
character, The quantity lp (=1 x 22/) 
in equation (4) plays the part of 
effective resistance and is called 
inductive reactance. The point to 
note here is that the inductive 
reactance, unlike resistance depends 
on the frequency f and increases 
linearly with f at constant value of J, 
Fig. 194 Inductive reactance, like resistance, 


is expressed in ohms when } is in henries. It is usually denoted 
by Xi 4.8. 


X,=Ip=2afl ies vee (5) 


Fig 134 shows bow the e 7 f. and current varies in a purely inductive 
a.o, circuit ; the current lags behind the e.m f. by 90°. 
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is— i 
(a) P.D. across } is "i 


ds elie sin (pi—90°) | 


lp 
Js +B.) — dto? 
( ip X p cos (p— 950) 


= E, cos (90? — pt) — E, sin pt. 
That is, the p.d, across the inductance is 90° ahead of the current 
(vide eqn. 4). } ! 


(b) Instantaneous power in the eircuit.— 
=0Xxi= Eo sin nx sin (pt— 90°) 


= E, sin pt X I, sin (pt—90°) 


= — EVI, sin pt cos p=- ZoZo sin pt HAITI MAE! (3) 


(c) Average power for a complete cycle is zero, since average 
value of sin 2p (equation 
6) for a complete cycle is 


gero. 

How the e.m.f. (e), current 
(i) and power (P) vary 
during a complete cycle have 
been shown in Fig. 135. 
The power in the. first 
quarter oyole (7/4) is nega- 
tive, which means that the 
energy stored in the magnetic 
field of the inductor is being 
returned at this time to the Fig. 195 
source instead of the latter 
supplying energy to the inductor, the current: decreasing and so also 
the flux. 

During the next quarter period (7/4 to 7/2), the source is 
supplying power to the inductor where energy is being stored 
in the form of current increasing and so also the magnetic flux 
increasing, The power supplied is, ‘therefore, positive in this 
quarter cycle. 

The phenomena are repeated in every two quarter oyolea as 
explained above. The area of each power loop (for a quarter 
cycle), positive or negative, is equal and so the average power for 
each complete cycle is zero. That is, in the above ideal case, the 
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power surges between the source and the inductor $t every quarter cycle 
alter, and there is no net power loss during a cycle. 

(C) An ac. circuit with capacitance only.—Leb us 
consider a oironit in which a source of sinusoidal e,m.f. 
having instantaneous emf. e=H, sin pt is externally connected 
through a tapping key K (Fig. 136) to 
‘the two plates of an ideal capacitor of 
capacitance C. Here it is assumed that 
due to the method of connection any 
inductance involved is negligible, and 
since the capacitor is an ideal one, it 
bas no dielectric or other losses, It 
then the ,9harge in the condenser at 
any time ¢ seos. after the key Kis closed 


Fig. 136 is q, then, 
g[C — E, sin pt d es pa (7) 
or, g=Eo Cain pt due EES os (8) 
-. $=instantaneots’ current =H=4 (E,0 sin pt) 


n 
2E (sin pt), since Fo & O are 
u di 
Fo og pta Eo 
op. 4 lop 
The conolusions from eqn. 9 are— 


(a) The current leads the p. d.facross the capacitor 
(-2 =E, sin pi) by 90° ; 


sin (pé+90°) ...- (9) 


sonstants=H,Cp cos pt= 


(b) The "maximum value of the current is Ee / alate say) ; 


1 1 n 
(c) Op Or Jo plays the same part » resistance plays in a 
d.e. clrouit. This is called eapacitative reactance. Ib is expressed in 
ohms and is usually denoted by X,. Capacitative reactance is obviously 
inversely proportional to the frequency f. 


The most important thing here to note is that while a capacitor 
doss not allow a steady current to-pass through it, it allows a passage 


to a,c, offeringan effective resistance of = . This effective resistance 
being inversely proportional to the capacitance C and also to the 
frequency f, the effective resistance of a capacitor of fixed capacitance 
is progressively less and less for higher and higher frequencies, and at 
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Ghe same frequency the effective resistance is smaller the greater the 
vsapacitance C. 

In Fig. 187, graphs 
marked 6 and i show how 
the instantaneous emf. 
and current vary during 
a complete cycle of perio- 
dic time T. The current, 
as is shown in the figure, 
leads the emf. by quarter 
-of a oyole of periodic time (7/4), 
4.e. 90°. 

(a) Instantaneous power 
in the circuit. 


cic 
TN 
7| | 


=exXi=ZH, sin piX — 
10p Fig. 137 


X sin (pt +90°) 


= Es X I, sin pt. sin (pt+90°), (ince A — maximum current = n) 


= Foľo sin pt cos pt 
= Male sin 2pt A JE (10) 


(e) Average power in the cirenit duringía complete cycle 


T 
EM] sin 2pt dt=0, since the integral 
aT 


T 
a1 (Bole sin opt d= 
a g sin pi 


‘of sin 2pt for a completelcyele is zero. 


quarter oyole the SOUTO 
field of bhe capaoitor is 


equal. And the phenomena repes 
quarter oycles. 


period is sero. : 
That is, in the above case of an ideal capacitor, the energy surges 


i ter, and 
` source and the capacitor every quarter cycle after, 
eae y mei loss of power in such a case during a comp..ta 


oycle, 
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142. An a.c. circuit with resistance and inductance in 
series i—Suppose a source of sinusoidal e.m.f., waving instantaneous 
valuee=H, sin pi is impressed between the ends of a combination 
of aresistance, r and inductance, J in series and we want to find the 
instantaneous ¢.m.f., e. As the current is constantly changing with 
time, the applied p.d. will have to supply the ohmic drop, ri and 
overcome the induced back e.m.f. i-i developed across l= Ri. 

i 


So, by Ohm's law, 


e aris or, e=ritl E Ut oe (1) 


It i—I, sin pt; then Se Top cos pt 


Substituting the value of i and di in equation (1) ; we get, 


&—e.Io sin pt+plIo cos pt 
=I, (r sin pi+pl. cos t| 
Multiplying both sides of the above equation by Vr*+p"l®; we gets 


so i 

ec Tol 31 ( r ‘sin pit * 008 pé 

nura Nr’ +p H J+p ) 

au T mus p SEs 

Let. us suppose that, cos orp and sin 0— T+ pm 
Then tan o=- and if z= Vr* 3/2; then 
e= Io. z. (cos 0. sin pt+sin 0. cos pi)= Io.z. (sin pt+ 0) 
Again if, Io. z= Eo ; we get 
6 Ho sin (pt+ 0) Us e EON 
Similarly,-the value of the instantaneous current, 
i= Pe sin (pt— 0) ja d ELI (9) 


Equations (2)and (8) give a very convenient form of the equation 
of e.m.f, and current respectively in the circuit and it also shows that 
(a) the maximum value of the current is equal to DE = To (say) 
and (b) that the current lags behind the emf. by an angle 0, 


where 0= tan 1-27, 
T 


Special case? When 1=0, i= E sin pí and the current, ; then 


js in phase with the emt. 
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Bo Psy 

; i rt rp 
which shows that the current is alternating and sinusoidal and the 
maximum value of i is Ho/ /7*+p*l*, So it is seen that the value of 
this current is nob determined by the resistance r alone as in d.o, circuits, 
but by the quantity J/72--5/* in the case of r, J circuit, The quantity ` 
A r*-Ep*]* which plays here the part of the effective resistance of the 
circuit is called the impedance of the oirouit. It is expressed in ohms 
and is denoted by the symbol z, The impedance here consists of two 
parts, one the resistance r and the other pl, called the inductive 
E both being expressed in ohms, and are at right-angles to each 
other. 


Remember—I, and E, are the maximum values (amplitudes) of 
courrent and 6,m.f. respectively and i and e are their corresponding 
instanteneous values. According to Ohm's law, 


Bo=Ioz and e Siz. 


sin (pi— 0) 


Impedance, z:—From equation (8), i= 


The current i is not in 
phase with the em.f. e, the 
lormer lagging behind the 
fatter by an angle 0, where 


tan p ?l. The relation 
T 


between 0. pl and r is 
shown in Fig. 188. 


Impedance Triangle— 
If the impedance z, the 
reactance pl, and the resis- Fig. 188 
tance r be represented by the sides 4B, BO and OA respeolively 
of the triangle ABO, then the triangle is called an impedance triangle, 
where, 

Impedance? = Resistance? +Reactance” 
or, ^g? —r* tpl" 

143. Power in an a.c. circuit :—Power is measured by the rate of 
work done. The average power ina d.c. circuit is equal to the instantane- 
ous power and is obtained by the product of load current and p.d. across 
the load because the cürrent and the p.d. are always in the same phase 
(P—ixe) Bub inan ac. circuit the values of e and $ are. constantly 
changing with time. So the average power fora complete cycle is 
obtained by the instantaneous power. 

a) Power ina circuit containing resistance.—In an a.c, cirouib 
m i pure resistive load, the power is given by the product of virtual 
load current and the virtual value of the load p.d. since the load current 
ig in phase with the load p.d. 
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` The instantaneous value of the emf. e=EH, sin pi. 
andthe ,, 5 n current ¿= Io sin pt, 


Bo, the instantaneous power E, sin pi. X I, sin pt. 


i T 
-. the average power 1 f Eo sin pt. X I, sin pt. dt. 
. 


T 
Beh ffans pt.di= Bolo f sin*7 4 qr. 


T T 
Lany 
[here p= z] 
LE. T EJ, Eo. Io, _ I 
nace us Maem 


(b) Power in a circuit containing resistance end inductance,— 
In the case of an a.c. circuit with inductive load, i.e. when the circuit 
comprises a resistance (r) and also an inductance (I) and a purely 
sinusoidal alternating e.m.f. given by e— E sin pt is impressed to drive 
a current through them, the current is also an alternating one with the 
same frequency and purely sinusoidal in character, but it lags behind the 


@.m.f. by a constant phase 0, given by tan o= 9, 1.6. the current i will 


be given by $—7, sin (pt—6) where Is=maximum valueof the current. 
Tn such a cage, the instantaneous power is 


ti — E, sin pt. X I; sin (pt— 6). 
7 EI, sin pt. (sin pt. cos 0— cos pt. sin 6). 
— EI, (sin* pt. cos 0—sin pi. cos pt. sin 0). 
7 Eo, (sin? pt. cos 0—3 sin 9 pt. sin 0), 


The mean power will be &he average of this value over a complete: 


oyole (T'=2x/p). Since the average value of a sin? (or cos*). term for s 
complete cycle is $ and that for a sin (or cos) term is zero, we geb, 


average power, P=}$ EIo cos 0— Ss x ee e 
— Ey, Iy 008 6 
77 virtual e.m.f. X virtual current X cos 6. 
The product, virtual e.m.f. X virtual current, is often referred to as 
the apparent power, and thé factor cos 0 by which the apparent power 


ds to be multiplied to get the real power és called the power factor of the 
load. In practical units we can therefore write, 
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P- Power in Watts=virtual volis X virtual ampere X power factor. 


Note: An so. wattmeter msy be used to measure the real sversge power in 
watts while an a.c. voltmeter used across tbe losd (ie rand } combination) will 
give the virtual volts and an a.o, ammeter used in series with the load will give the 
virtual amperes, 


wattroeter reading ? 
(voltmeter reading) X (ammeter reading) 


Then power factor= 
Special Case: When the load is purely resistive, i.e, 1—0 


=], i.e. the power factor is unity, true power 


cos 0= = 
j Nr” tpi" 


=apparent power, and is given by TEX F 


144, Idle or wattless current t—Since the current is a vector 
quantity we can resolve i$ in two mutually perpendicular directions, 
In an inductive a.c. circuit, the load current J lags behind the emf, E 


LL: Ace (ee 

Jr? + p** 
two being also vectorially shown by the 
directions of I and E as in Fig. 139. 
Let us resolve Z along E and perp. to E. Its 
component in phase with Æ is then 
I cos 0 and the component at right angles 
to Eis Isin 0. I cos 0 working in phase 
with E gives a rate of working (power) 
| =H, sin pi X To oos 0. sin pt, whose mean 
value for a complete eycle is à Eo Io cos 0 
-EI cos 0, which is the true power 
| consumed in an r and l inductive circuit. 
So locos 9 is often called the working 
| or active component. 


The rate of working (power) due to the other component I sin 6 which 
lags 90° behind E is Eo sin pix Io sin 0 sin (pt— 90°) 


— — E,Io.sin 0. sin pt. cos pt =—$ Eolo sin 0. sin Qpt. The 
average value of this quantity for a complete cycle is zero, A wattmeter 
connected in the circuit will indicate the value of the power to be zero. 
Hence the total average rate of working (power) is 4 EoIo cos 0, the same 
value as already deduced. 


Since the component J sin 6 (- Sa) does not contribute to 


by the angle 9 (7s ) the instantaneous values of the 


Fig. 199 
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the true power consumed by the load, it is called the idle or wattlees 
component. What is its effect in the circuit then? Its effect is, 
however, very significant. Ifa given power is to be supplied at a stated 
voltage to a load for which 0 is large, i.e., the power factor cos 0 small, 
i.e. I sin 0 large, ib will require a larger supply current. For, 


pe. Es x To Peat SOME 
P=} EIo 008 0= JA* genos or, Ja cos 6 EJ Jà constant. 


When cos 6 is small, ay ie., virtual current to be supplied is large. 


So a supply station generating a given constant power will be able to 
supply fewer loads, if the P.F.s of the loads are small, i.e., their wattless 
component large. Several methods are however, available in practice 
to improve the P.F. of the loads and so, in effect, to increase the power 
distributing capacity of the generating stations. 


' The wattless-‘current is utilised practically in the construction of 
chokes, 


145, A Choking Coil or Choke :—In a d.c. circuit when a voltage 
is required at a value lower than that of the supply, it is simply done by 
using a suitable resistance in series with the supply, when the required 
voltage drop takes place over the resistance and the lower voltage required 
at the load may be obtained. In so doing, however, a power equal to i?r, 
where r= the series resistance, is wasted and it is dissipated as heat. 
In an a.c. cirouit the voltage can be reduced by using in series a choking 
coil or choke which is nothing but a highly inductive coil [i.e. in which 
the inductive reactance (lp) is large, i.e. inductance large at constant 
value of p (=2zf) in relation to the resistance] where tho special advan- 
tage is that the power wasted in getting the voltage reduced is compara” 
tively much smaller. A practical coil of this type may be simply a thick 
coil of many turns wound on a laminated iron-core. 


When connected to an ac. circuit self-induced €m.f. across the 
choke ( -1) opposes: the applied e.m.f. and thus reduces the effective 


e.m.f. in the cirouit. The power consumed by the choke is very small, 
since lp for it being large in relation to r, the phase angle 9 is large $e. 
its power factor very small. The small loss that ocours there is due to the 
resistance of the choke coil which is rather small and partly due to the 
hysteresis of the iron core, the eddy loss being made small by haying the 
core in a laminated form. 


If in an a.c. circuit, the average current is Iy, and the average 
value of the impressed e.m.f. is Ey, then the average power in 
the circuit=Z,.Z,. cos 0, where the power factor, cos 0—*»/ AIr*- p*1*, 
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[The choking coil is made of thick copper wire, so the resistance is 
almost zero, $.&., cos @=0. The average power consumed is thus nearly 
equal tio zero. So, the power wasted in fron-core 

the ctoke is negligibly small unless 
the choke itself has an appreciable 
resistance. 


146. Eddy currents (or Foucault 
€urrents):— When the magnetio 
flux through a conducting mass 
changes, currents are induced in the 
conducting mass and these currents 
flow in closed paths (i.e. in the from of 
eddies) within the conducting mass 
around the inducing flux as shown in 
Fig. 141. These currents are called eddy or Foucault currents. 
The conducting material may be considered as equivalent to a large 
number of close conducting paths, eath of which behave like the 


Fig. 140 . 


Eddy current 


Decreasing 
Flux 


ddy current 


Increasing. 
Flux 


Fig. 141 


short-circuited winding of a transformer of which the changing magnetic 
field is the working flux. For inoreasing flux the direction of the eddy 
currents will be opposite to that for decreasing flux, the direotion in each 
case, by Lenz's law, will be such as to oppose the flux to which the 
induced currents are due. When the conducting mass is that of a metal, 
the path resistance being small, these currents may acquire large values. 
The energy of the currents is usually a loss and is dissipated in heating up 
the conductor. This loss (=I*r) due to eddy currents in a conductor 
is termed the eddy current loss. Such losses are always present in 
the iron core of the armature of a dynamo or motor and in iron core of a 
transformer being subject to constant changes of magnetic flux. The 
phenomenon is of great consequential importance in electrical machines. 
Tf the varying flux is an alternating flux, the loss is proportional to the 
square of the frequency and so the phenomenon poses a great problem in 


high frequency circuits. 


918 . . INTEBMEDIATE PHYSICS 


In practice the eddy current loss in an iron core is considerably 
reduced by laminating it. Thab is, instead of making it as a single 
piece solid core of iron, it is constructed of thin insulated sl eets 
(i.e. laminae) of iron which are pressed together to form the core, the 
laminations being placed parallel to the flux, i.e. perpendicularly to the 
emf. induced in them. Fig, 149 (a) shows a single core with the eddy 

f currents induced 
in it, the latter 
also showing the 
direction of the 
induced emf. 
Fig. 142(b)shows 
how the lamina- 
ted core is to be 
1 placed with res- 
Fig. 142 > pect to the in- 
duced e mf. The insulations being transverse to the eddy emf., the 
inoreasing path resistance decreases the strengsh of the eddy current. 
The oxide coatings formed on the thin sheets often serve as adequate 
insulation. When the sheets are sufficiently thin for ‘skin effect’ to be 
negligible, the eddy current loss (W,) per c.c. of the material is found to 
be given by, 


W,-— K'Ej* f*i* Bman" watts. 
where f—írequenoy, t=thickness of the sheet, Bmag=maximum flux 
density or induction, Ky={form factor for the alternating wave flux 


depending upon the shape of the wave, and K’, a constant for the 
material. 


147. Uses of eddy currents:—The eddy currents are nob 
always an‘ evil ;ithey;bave useful applications too, The action of eddy 


current is employed in the induction motor, induction type energy 
meters, and induction furnaces used for melting metals using high 
frequency current. The following two examples also will bear testi- 
mony to their usefulness, 


(i) Eddy Current Brake.—If a metallic disc is rotated between 
the poles of a horse-shoe magnet and the magnet is held stationary, the 
eddy currents produced in the dise due to flux change through it will 
Oppose according to Lenz’s law the relative motion between it and the 
magnet and thus a braking action will act on the disc. This principle 
is commonly utilised in eddy current brakes. * 


(ii) Speedometer of a motor car.—In it a magnet is rotated at 
a speed proportional to the speed of the car by the help of one 
of the Totating axles of the car wheels. An aluminium drum resting 
on a pivot is held in position around the magnet by the help of a hair 
spring. The drum is subjected to a torque arising from the eddy currents 
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induced in the drum and ‘the torque so produced is proportional to the 
speed of the rotating magnet and hence also to the speed of the car. A 
pointer fixed to the drum sweeps over a calibrated scale as the car moves, 
and indicates the speed of the car. 


148. The Direct Current (D.C.) Generator :—All commercial 
generation of electric currents is essentially alternating current, but 
the alternating current produced in 
the generator can be made to flow in 
one direction only through the 
external circuit by a special device, 
called the commutator. An alternator 
modified in this way by a commutator 
is a direct current (D.C.) generator. 
The process of conversion is called 

Fig, 149 


rectification. The principle of 
construction of a D.C,’ generator is the same as that of an A.O. dynamo: 


except that the two énds of the armature are connected to two halves: 
- G, O' of a metal cylinder [insulated from each other (Fig. 148)] called 
the commutator instead of the ‘slip-rings’, These two half-cylinders 
are fixed round the main shaft, but insulated from it, and also insulated 
from each other, and it is so arranged that, during a half revolution of 
the coil, each half-cylinder (say, C) makes contact witha partioular ' 
fixed brush and, when the current is reversed during the other half 


revolution, the same half-cylinder C is in contact with the other fixed 
brush. Referring to Fig. 143 during 


the first half of the revolution 
(say. anticlockwise as shown by 
arrow), the current flows from 
O’ to C in the coil AA’ and from 
the positive to the negative 
brush through the external 
circuit ; during the other half 


Fig. 144 (a) 
revolution, when the direction of the current is reversed, she current: 


flows from C to O’ in the coil, but during this time the positions ot C. and 
C' are also interchanged, and so now C makes contact with the positive. 


brush, and C with the negative brush. Hence in the external circuit 
the direction of the current remains the same as before. 


The E.M.F. generated by a single coil connected to two split-rings 
(commutator), rotating between two poles, as described in the D.C. 
generator above, will be unidirectional no doubt, but will fluctuate 
between a maximum and zero values, as shown in Fig. 144 (a). To make 
such a pulsating E.M.F. sensibly constant, a large number of coils in 
series are spread over the armature, each coil being displaced from the’ \ 
next by a regular interval, with double the number of segments on the \ 


commutator to which the coils are connected. The effect is increased. | 
j 


Hj 


Sf 


rea SA 
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by the use of a multi-polar magnet. The E.M.F. produced by each coil 
Pht — will be of the same type as in Fig. 
144 (a), but at any instant each 
. will differ in phase from the next 
by the same constant angle. The 
E.M.F. obtained at the brushes 
will be the resultant effect of 
superposition of these separate 
E.M.Fs. which are slightly, but 
p regularly, varying in phase in 
Fig, 144 (0) succession, The resultant E.M.F 

will be sensibly constant as shown in Fig. 144(5). 


Maximum E.M.F. in a Dynamo.—The maximum E.M.F. produced 
by. a dynamo is directly proportional to (a) the area of the armature 
coils, (b) the number of turns in the coils, (c) the intensity of the field 
produced by the field-magnet, and (d) the number of revolutions per 
second, 


149. Construction of D.C. Generators :—The three essential 
elementa for setting up a dynamically induced e.m.f. in such a machine 
are, (1) a steady magnetic field produced by what is called the field 
magnet which is an electro-magnet with a suitable number of ampere- 
turns, (2) an armature consisting of a number of suitably connected 
conductors placed, ata regular spacing arrangement, longitudinally on 
the periphery of a drum made of magnetic material, and (8) the motion 
of the armature within the magnetic field so that the conductors cut 


“the magnetic field preferably at right angles. 


(a) Field Magnet.—Practically all modern d.c. machines have a 
multipolar field system. The 
field magnet usually consists of 
w circular yoke with poles 
projecting inwards from it, the 
polarities being alternately north 
and south. Fig. 144(c) shows a 
typical field magnet frame with 
four poles. The main magnetic 
flux paths have been indicated 
‘by dotted lines and leakage 
paths by fine full lines. The 
flux per pole bifurcates such 
‘Ghat the cross-section of the yoke 
carries only one half of the 
flux per pole. The yoke is Fig, 144(c) 
usually made of fabricated steel and the poles may be cast steel, cast 
integral with the yoke, or wrought iron, or made of laminated 
toel. 
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(b) Armature,— The core and the conductor winding together 
constitutes the armature. In order to make the path to the lines of force 
of low reluctance the core is made of magnetic material (iron). A solid 
iron core rotated in a strong magnesia field would develop strong eddy 
currents resalting in considerable 
expenditure of energy as heat, 
Though it is not possible to eliminate 
this effect completely since iron is a 
conductor of electricity, if can be 
well kept down by making it of thin 
dises lightly insulated from each 
other and compressed between two 
end flanges. The discs are mounted 
on a cast iron hub which is keyed 
toa shaft which is rotated by a 
prime mover. The core discs have 
parallel-gided slots notched out 
from ni ae ete at regular 
spacings [Fig. 144(d)] and, in the A 
completed core, therefore, a series ti nese) 
of longitudinal slots (parallel to the shaft) is formed in which the armature 
conductors are berthed, 

(c) Armature windings.—All modern windings are either lap or 
wave windings, The difference between these two types of windings- 
is merely in the arrangement of the end connections of the conductors 
at the front of the armature. The charaoter of the bwo types of windings 
is shown in [ Fig. 144(¢)]. It will be seen that the connections of conseou= 


Fig. 144(e) 

f windings point alternately right p lett. 
: i istingui the following 'pitches" 

Remembering this, we haye to distinguish between 

Festing what is called the winding pitch, The length ot the end 

connection at the back reckoned in armature conductors, is called the 

back pitch, ye. ‘The length of the front connection (side of the 

commutator segments), reckoned in armature conductors, is called the 

front pitch, yr. The two conductors which join commutator segments, 

: heme, comprise & winding element. The 


tive in the winding sel a i T 
prt ed the first and last conductors in a winding element ig. 


called the resultant pitch, y. 


tive conductors in both types o! 
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Hence, for lap winding [Fig. 144e (a)], y=ys—yy ae a 
for wave winding, [Fig. 144e (b)], y=ys +yr E O) 


Observe that both ys and yp must be odd numbers while y will he 
always even, In wave wind ing the number of parallel paths is always 
two irrespective of the number of poles while in lap winding the number 
of parallel paths is equal to the number of poles. 


E.M.F. equation for a d.o, generator, — 


If $ —magnetio flux per pole, Z =total number of armature conductors, 
AN speed ia r.p.m., P=number of poles and A=number of parallel paths 


in the winding scheme, it can be proved that the em.f. E will be 
given by, 


B. 
Bath Fx 107° volts (for lap winding A=P; for wave 
winding A=9), 
. Armature reaction.— The effect of the magnetic field seb-up by the 
“armature currents produced on the magnitude and distribution of the flax 
under the poles of the field is called armature reaction. The effeot 
causes a partial demagnetisation as well as some distortion of the flux 
“distribution. Depending on the magnitude of the armature current, the 
;magnelio neutral plane {which coincides with the geometrical, neutral 
| plane between two poles in the absence of armature current) is caused by 
1 athis effect to shift round in the direction of rotation of armature, 


Position of collecting brushes.—Brushes are placed on the 
commutator segments at the positions of magnetic neutral planes where 
the meeting and separation of two e.m.f.s occur, 
~z~ Types of d.c. generators and their operational characteristics. 
—These generators are usually named according to the manner in which 
‘the excitation of the field is made (excepting in case of permanent magnet 
‘ype generators like magnetos). Usually there are four types, vis. (a) 


Separate 
Supply Shuot > 
Field Field Field 
Field p 
Series 
‘mature | Armoture | AE Field Armature 
RT T Ti DIET 
(a) t) te) (a) 
Fig. 144(f) 


‘separately excited, (b) series wound, (c). shunt wound, and (d) 
*sempound wound, illustrated respectively in (a), (b), (c) and (d) of Fig. 
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144(f), In the separately excited generator the field current is supplied 
from an independent source, In the series generator, the field winding 
consists of a few turns (relatively small) of heavy cable connected in 
series with the armature and the external load line, In the shunt 
generator the field winding is connected across the armature terminals, s 
In the compound generator, the field winding has two windings, a series 
winding connected in series with the armature and a parallel winding 
connected in parallel to the armature and the series winding together 
@alled the long shunt arrangement as shown by a in Fig, 141f, (4) or 
connected in parallel to the armature only called the shert shunt arrange- 
ment as shown by b in Fig. 144f (d). 


Operational characteristics. — 


(a) Separately excited field, —In this case there is a slight decrease 
in the terminal voltage of the generator as the load current increases. 
This decrease can be prevented by increasing the field excitation current 
up to the required extent. It is easy fo do it, the source of excitation 
being an independent one, 


(b) Series field.—EHere fhe same current flows through the 
armature and the field winding. As the current taken from tho generator 
is increased, the terminal voltage of the generator increases approximately 
linearly at first, reaches a maximum and then begins to drop; It worked 
at the straight portion of the characteristic, the terminal voltage remains 
‘approximately proportional to the ourrent taken. 


If a large current passes through the external load line, the value of 
the magnetic field will increase and the maximum value of the 
@.m.f. will also increase. 


The dynamo is suitable for a fixed load in the line, such as car lamps, 
lighthouses etc. 


(c) Shunt field:—In the shunt generator the field winding 
consists of a few turns of thin copper wire and is connected asrosa the 
armature terminals in parallel. A maximum portion of the armature 
current passes through the load. The current through the field ooil will 
decrease as the load increases, So the magnetic feld will decrease and 
as a result of which the Induced e.m.f. will also decrease, 

This type of dynamo is utilised for charging accumulators etc. 


If the terminal voltage on load is plotted against current taken from 
the machine, the voltage gradually drops more and more and finally turns 
back. If the armature is short-circuited’ finally, the voltage line outs 
the current axis at some point, 

(à) Compound field.—The short shunt is the more usual arrange- 
ment. Ib gives a somewhat higher voltage because of the shunt field 
having the full armature voltage across it. In the long shunt arrangemsant 
the voltage across the shunt is less than the armature voltage by the 
voltage drop in the series field, The terminal voltage versus current 
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characteristic is a compound of the series and the shunt characteristics. 
Tt the series excitation satisfies the requirement that the terminal 
voltage at the rated full load eurrent is the same as that on no load, the 
generator shows a level compounded behaviour. If the series field is 
.overexoiting, the terminal voltage rises with load current and the generator 
behaves as overcompounded. 

The series field winding consists of a fewer turns of wire whereas 

that of the parallel field bas a larger number. 

The resistances of the field coils are so chosen that when the load in 
the external circuit increases, the increase in the induced e.m.f. due to 
the increased field in the series winding is compensated by the decrease 
in the field due to the parallel wound coil. 


So the induced e.m.f. is independent of the external load. 
This’type of generators are used in Power Houses. 


150. The Electric Motor :—It is a machine by whieh mechanical 
energy is obtained at the expense of electrical energy. So an electrio motor 
may be called a reversed dynamo. Only the principle of D.C. motors 
is considered here. A.C. motors have wide industrial applications no 
doubt, but their principle of action is nob £o simple as that of D.O. motore 
for the beginners, therefore, they are left out. 


Tf an eleotrio current (d.c.) from an external source be sent through 
the armature of a D.O. generator, it will begin to rotate between the 
pole pieces of the field magnet like a Barlow's Wheel. The field-mogaet 
may be either a permanent magnet or an electro-magnes. Wherever & 
large power is required an electromagnet is used. The electro-magnet 
may be excited by current from a separate battery or from the line from 
which the current for the armature is drawn, the latter method being 
the most common practice now-a-days. The supply of current to the coil 
of the field-magnet be made in different ways. 


Construction :—(1) Field Magnet. 
—A very powerful permanent magnet 
with cylindrical pole pieces, NS (now- 
a-days eleotro-magnet) is used. ‘The 
coil of wire wound round the soft iron 
core of the electro-magnet is calle 
the field coil. . 

(2) Armaturé,—This consists of 

a coil of insulated copper wire woun 
round a soft iran core, The rectangular 
coil ABCD in Fig. 145 represents an 
armature, which is mounted on & rotor 
Fig. 145 so that it can roiate easily within the 


strong magnetic field. 
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(3) Commutator.—The ends of the armature coil A and D are 
joined to the two halves C4 and Cs of a metal split-ring, the halves being 
insulated from the spindle and from one another as shown in Fig, 145. 
The split metal ring is called a commutator. 

(4) Brushes.—Theso are made of carbon rods and sre so arranged 
that each of them is lightly pressed against each of the wo halves of the 
commutator at any instant of time, during rotation. ‘The current reaches 
the armature through these brushes, É 

Action.—A source of e.m.f, (here the battery, B’) is connected to 
the brushes through a key (not shown in the figure) in series. When the 
key is closed, a current passes turough the coil in the direction ABCD, 
According to Fleming's left-hand rule, a couple of force will ach on the 
‘sides AB and CD which wil! rotate the coil through 90° and will place 
it at right angles to the magnetic field. Tho brushes, in this position, 
come in contact with the insulated portions of the commutator. The 
coil ABCD rotates further in the same direction due to inertia and C; 
and Ca come in contact with Ba and B, respectively. Thereby the 
direction of the current through ABCD is reversed ahd the coil conti- 
nues its rotation in the came direction. The only requirement is that 
when the coil comes frcm a horizontal to the vertical position, the 
direction of the current flow should be reversed and thie is fulfilled by 
the commutator, 

In a Series-wound motor, the coi! of the electro-magnet is in 
series with the armature, whereas in’ the Parallel-wound motor, it 
is in parallel to the armature. In the Compound-wound motor, 
there are two coils round the pole-pieces of the field-magneb: one 
with a small number of turns is placed in series with the armature, 
while the other. having a comparatively large number of turns ig 
connected in parallel to tbe armature. Thus the field here is duo to 
the combination of a series and a parallel currents, The operating 
ckaracteristics of these different types of motors are different and 
each type of motor bas its own field of applications. By joining the 
axle of the armature with any other machine, mechanical work can 
ke obtained from the electric motor. Often times, the main shaft 
is provided with s pulley having a kelting arrangement bearing on it, 
which transmits the rotatory motion to other shafts. 

The blades of an electric fan are made to rotate by fitting them on 
the axle of the armature ol a motcr placed inside the outer case. Besides 
this, an electric motor hes various other applications, such as in printing 
machines, tram cars, cinema machines, water-pumps, etc. 


151. D.C. Motor : General Principles :—The.d.c. motor converts 
electrics! power into mechanical power. That is, its action is the reverse 
of that of the renerator. The essentiel construction of both of them is 
identical. Electrical power is fed into the armature conductors through 
the brushes. The conductors carrying current being placed transversely 
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“to the field of the magnet are subjected to a force tangential to the 

"armature, the armature rotates about the axle like a Barlow's wheel. 

The axle acts as the shaft which supplies rotatiag power to oxternal 

bodies either directly or by gearing or belting, 

«=~ Bis, 146 (a) depicts on the armature two neighbouring slots having 
conductors placed in them, the slots being separated from each other by 
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Fig. 146 


a tooth on either side, under a N-pols of the field magnet. Lat the 
current through the conductors be inwards, shown by --sign on the 
eross-seobion of a conductor, The-flax dus to the fold magnet is shown 
concentrated into tufts passing into tha tops of the teeth, the arrow 
marks on the full lines showing the direction of the flux. Tae magnetic 
flux produced by the current in the armature conductors is showa by the 
dotted flux around them. The effec of the later flax is tnat it increases 
the density o! the flax in the left-hand halves while it decreases the 
density of the flux in the right-hand halves of the teeth. Sə the effect 
of the armature current is that the distribution of the flux density 
across a tooth section does nob remain uniform. ^ Secondly, i5 
inclines the direction of the magnetic force. [Fig. 146 (b)] in the 
sir-gap between the pole-face and the armature top and the tufts of the 
lines of force do noti remain radial, As the lines of force are in a state of 
tension, the tangential component of the tension produces a torque on 
the armature. Tha torquein the present case is obviously counter- 
clockwise, as shown by the two arrow marks. So the Operative torque 
Oh a d.c. motor armature may be said to be due to the tangential 
component of the magnetic’ pulls on the teeth of the armature slots, 
Back emf. ofa d.c. motor.—When the motor rotates, the 
conductors on the armature out the magnetic lines of force of the field 
and an e.m.f. is induced in each individual conductor according to 
Fleming's right-hand rule. This e.m.f., referring to the conditions in 
Fig. 146 (b), will be direoted outwards js. Opposed fo the direction of 
the current to which the motion of the armature is due. I$ is, therefore, 
called the back e.m f. of the motor. The supply voltage applied to the 
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motor terminal drives the ‘current through the armature conductors 
against this back e.m.f. and does work. In short, when the induced 
e.m.f. and the current in the armature are in the same direction the 
machine is a generator and when the former is opposed to the lather, it is 
a motor. The expression for the back e.m.f, (Æp) is the same as that for 
the generator (vide Art, 149). 


AEN Py ig 
Es 60 X410 volt. 

Speed of the Motor.—The speed of the motor adjusts itself 
automatically according to the load it has to bear such that the eleo- 
trical power needed to drive the current through the armature at that 
speed equals the mechanical power (including the losses) required to 
drive the load. 


The speed of. d.e motor, N USE 604 x 108 r.p.m. 
where  E--applied  voléage, Ig=armature current (amp) and 
Ra =armature resistance (ohm). Obviously, the r.p.m. N of the motor 
13 inversely proportional to the flax par pole (4) and directly proportional 
‘tothe armature voltage, (7—JI,R,). Further, a motor develops the 
maximum mechanical power when the armature current is suoh that the 
back e.m.f. is eqaal to hal! of the applied voltage, MER ed 


E 


152. Motor Starters :—Hxcepting in the case of very small 
power motors, e.g. fractional horse-power motors, an adjustable 
resistance (called the motor starter) is always required to be plased 
externally im series with the armature circuii at the moment 
of starting, as the resistance of a motor armature winding is small. 
If the motor is directly connected to the full supply voltage, 
a very large-ourren& will flow at the start, because. there is no 
back emf. since the armature is stationary ab the moment of 
starting, To limit the current to a safe value the voltage to bo applied 
across the armature should be reduced. This is achieved by using a 
suitable starting resistance in series with the armature. The value of 
this resistance is so arranged that on closing the circuit the required 
current is sufficient to develop the necessary starting torque. As the 
motor speeds up, a back emf. is generated and the current falls and 
‘the resistance is gradually reduced as the speed and baok e.m.f. increase, 
When speed and back e.m f. have attained normal values the resistance js 
cub out altogether and the motor is connected directly to supply. The 
starter for a d.e, motor consists of a number of resistance coils connected 
to contact studs and controlled by a rotary switch arm, 

Example.—We know C=Z/R; where C is the ourrens flowingthrough 
the coil of resistance E across which the applied e.m.f. is E. Suppose, 
E —40 volts and E —0'5 ohms, then the current flowing through the coil 


38 02:80 amperes. This heavy current will damage the armature winding, 
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Let us suppose that the current through the armature should not exceed 


2amps Then 2— , where r—19'5 obms-the resistance to be 


40 
05r 
applied in series with the motor. 

Fig. 147 shows a starter for a series motor. When the lever ZL is 
in contact with the starter head at P, current flows through the motor 
Rest j and it starts to rotate. As the 
qqactine Resistance motor gradually speeds up, the 
electro-magnet M attracts the lever 
L more and more towards itself 
and thus the resistance of the 
starter also gradually decreases, 
Finally when the motor speed has 
attained its maximum value, the 
lever comes in contact with point 
Q and thus the resistance of the 
a starter is cut out altogether. At 
Fig. 147 this stage the back em.f. e is nearly 
equal to the impressed e.m.f. E and the current is also nearly equal to 
zero. The motor now requires a small current because it continues its 
motion due to the rotational inertia. 


158. The Tram Car :—Tram cars are run by motors. Fig. 143 
shows'a typical street fram car. Tho current from a dynamo situated 
at the power station is conveyed along an overhead line, called the trolley 
wire, to which is touched a small metal wheel fixed at the end of a long 
flexible pole on the roof of the car. The current from the overhead line 
is conveyed along a wire attached to the pole to the motors placed under- 
neath the car. "The current then goes through the wheels of the car to 
the rails which are embedded in earth and returns to the power station. 


Fig. 148—The Tram Oar: 


The car stops whenever the wheel of tho pole is separate from the 
overhead wire, i.e. a break is made in the electric circuit of the motor. 
154. The Transformer :—Electricity, as a means of power, has 
tho widest application mainly because of its economical aspect besides 
the saving of manpower and the sanitary advantages. The economic 
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advantage rests on the fact that, electricity can bə generated at an 
economic site in the form of an alternating current, stepped up toa high 
voltage, transmitted even over large distances at minimum loss, and 
finally be easily stepped down again to a suitable low voltage at the place 
of consumption through the use of a very efficient device called the 
transformer. Herein lies the great importance of a transformer. 


A transformer is an a.c. machine which works silently without the 
"use of moving parts. On a common magnetic core having a closed cirauib, 
‘bwo coi!s—insulated from each other and from the core, are wound. 
During working the system is heated and it is necessury to keep the 
temperature within prescribed limits by proper design and cooling, 
Small transformers are often air-cooled, while higger ones are 
kept immersed in a special kind of high insulating coil contained 
in a steel jacket fitted with pipes through which the oi! circulates when 
ithe transformer isin action. The coil whose ends sre joined to the 
supply side is called the primary and the other whose eads are connected 
to the delivery side is called the secondary. Ths machine warks on the 
principle of mutual induction at constant frequency. A transformer may 
be either (s) step-up transfermer, or (ii) step-down transformer. 
In the step-up transformer, the voltage on the delivery side is raised and 
the current diminished while in a step-down transformer the voltage on 
the delivery side is lowered and the current increased. The low voltage 
coil consists of a small number of turns of thick copper wire while the 
high voltage coil comprises a large number of turns of thin copper wire. 


Difference between an Induction Coil and a step-ap Trans!ormer.— 


` Like the induction coil the transformer also develops an induced 
e.m.f, in the secondary by the action of a varying flux set up by the 
primary ooil, but the action differs otherwise almost fundamentally, The 
magnetic circuit of an induction coil is nob a closed iron path, Bo in 
ite case there is a rapid decay of the flux from the maximum value to 
near gero giving rise to high induced e.m f. The flux in the core of a 
transformer is produced by an alternating o.m.f. impressed on the primary 
coil and it varies harmonically and not abruptly. The object here is not 
to obtain the highest possible induced voltage but to obtain the electrical 
output transformed in voltage and current as efficiently as possible. Bo 
the aim is to produce the maximum flux produced with a minimum 
current and minimum magnetic leakage. This is achieved with a conti- 
nuous iron core wound with both primary and secondary ooils, 


== áÓ— 


Two Types of Transformer Cores.— T» 


There ara in general two types of core design, (i) the eore-type 
and ($i) the shell-type. "The chief difference between thom is that ia 
‘the oore-byps the windings are wound over the coros while int. 
ghell-type the cores are placed round the winding to form a shell, 
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Fig. 149 depicts in principle two core-type transformers of whieh (a) 


illustrate a step-up core-type transformer, and (b) a step-down one. 


Secondary 


Core 
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STEP- DOWN 
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Elevation 
Fig, 150—Shell-type transformer, 


& power circuit. The low voltage coil is wound nearest the core and the 
high voltage coil on the top of this coil. 


Theory of a simple transformer.— 


The theory is based on the assumption that a harmonically varying 
flux interlinks both the coils—the primary and the secondary, This 
flux induces an e.m.f. E' in the primary, and a secondary e.m.f. E, in 
the secondary, the direction of these induced voltages being opposite to 
the primary impressed voltage. Assuming the whole flu to interlink 
both the coils, these voltages are to each other as the ratio of the number 
of turns N; and N, of the primary and the secondary respectively, ,or 
E'IEs— NAINs. ^ 
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The impressed primary voltage E; must be larger than E" in order to 
produce the current to which the flux is due. Ina transformer with the 
secondary unloaded, the excess is very small and we may use the approxi- 


mate relation, 
#;/E:=Ni/Ns icd Eod (1) 


This relation is not exact when the secondary is loaded, but even 
then it may be used as a first approximation, Transformers are remarkably 
efficient, the efficiency of small ones being as high as 95-96%, while large 
ones may even be 9976 efficient. In rough calculations we may take the 
efficiency as 100%. In other words, the power input=the power output. 
That is #,XI1=HaXI, es bo y (2) 
where J, and I, are respectively the ‘currents in the primary and 
secondary. Combining this with equation (1), we have, 


Ta/Ia=No/Ni z - (3) 


Thus the ratio of the primary to the secondary current of & loaded 
transformer equals the inverse ratio of the number of turns in the coils. 
This means that small currents are associated with high voltages and 
vice versa, This is the aim of a transformer, 


155. Energy Losses in Transformers and the means to’ reduse 
them :— 


In the above considerations the transformer was assumed ideal, $6. 
there are no losses when the energy is transformed from the primary to 
the secondary. In actual transformers losses are liable to be present and 
steps are taken to reduce them to the minimum. The losses are accounted 
for as follows— 


(i) There is some loss of energy due to a leakage of. magnetic flux, 
The lines of induction due tothe current in the primary do not pass 
entirely through the iron-core but some of them are completed through 
shorter paths in air. 


(ii) Eddy currents are produced in the iron-core. This produces 
some loss of energy. This is reduced in practice by using a laminated 
core instead of a solid core, The core is built up from thin steel sheets 
(stalloy) laid together and insulated from each other, The effect of this 
is to cause the eddy currents to flow in high resistance paths so that 
the eddy current in each sheet is small. Moreover, the temperature of 
the core does not rise much when these eddy currents are thus 
reduced. 


(iii) During each alternating cyole of the primary current the core 
is taken through a complete cycle of magnetisation, This entails a 
loss of energy proportional to the area of the hysteresis loop. To keep 
down this loss a form of steel alloy, ‘called stalloy (a form of silicon steel), 
is used.: The area of the hysteresis loop for this material is small. 
Stalloy bas high permeability at.the same time which is a desirable 


property. 
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' (iv) The coils possess resistance so that there is always loss of somo 
energy according to Joulé's law (i? Xr Joules per seo.). "The thicker the 
wire, She smaller the foss on this account, 


155 (a). Auto'traasformer :—An auto-transformer has only one 
single winding, which is used for the input and output voltages, the 
secondary voltage being obtained from a tapping a5 any desired point. 
So, the input and oubput yoltages ara not electrically insulated from each 
other. However, a certain portion of the winding being common to 
both primary and secondary, results in a gréab economy of material. 
Like an ordinary two-winding transformer, the auto-transformer can be 
used as a step-down or a step-up transformer as well according as the 
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Fig. 151 


tapping is from a point within the primary winding [Fig. 151(a)] or the 
primary winding being extended [Fig. 151(6)]. Bub the auto-transformer 
differs from an ordinary one in its uses and applications. The auto-trans- 
» former should not be used ina high-tension line where a very high voltage 
is to bò transformed to a lower voltage ; in which case an ordinary trans- 
former where the two sides are electrically insulated from each other is 
preferable. Auto-bransformers are therefore extensively used as regulating 
transformers. They are also used as voltage boosers in a power supply 
to raise the voltage in an alternating current feeder, bub their main 
application is £o give a reduced voltage for the starting of induction and 
- synchronous motors with squirrel-cage windings. 


It oan bə shown that an anto-transformer with a turns ratio, a is 
equivalent to an ordinary two-winding transformer with a ratio of a—1 , 
80 far as transformation is consumed, In the ordinary one, all the powar 
is eleobro-magnetioally transferred from the primary to the secondary 
whereas only a fraction is obtained in an auto-transformer. However, 
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‘they have better regulation, better efficiency and less exciting current. 
The percentage of voltage drops are also much less and the percentage 
‘of the other losses are almost negligible for an auto-transformer than for 
an ordinary one with the same output. Auto-transformers are cheaper 
-than ordinary transformers of the same capacity. 

Since Lenz's Law applies in this casa also, as in the case of the 
double-wound transformer, the directions of the two currents must be in 
Opposition, as is shown in Fig. 151, * 

156. Transmission of eleetrieal energy in the form of 
alternating current :—Supposs the generating station is situated 
at G (Fig. 152) from where the energy is to be carried to the 
town T which is at-a distance. Lat R be the resistance of the line- 
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Fig. 152 


‘wires from G to T and back. Suppose the generator voltage is V 
and I the current to be delivered, i.e. the generated energy is VI 
(=W) watts. The loss in the transmission lines due to Joule production of 
heat is J2R watts. Hence power available at T is VI-I7R=1(V—IR) 
=w watts, say. From this it is evident that w will be practically 
equal to VI if I"R is small. This can be achieved in one way by making 
the transmission lines of cables of large diameter. In this case the cost 
of the outlay will be almost prohibitive. Another method of making IR 
loss small is to make I small. „If this method is adopted, the voltage 
must he raised in order that the wattage supplied may be still equal to 
W. ‘To mako V large means that the insulations in the generator have 
to be almoet perfect which is not possible. Moreover, it is not permissible 
to supply current ab high voltage in view of the dangers from shooks eto. 
Tt is the transformer which solves these problems, Ourrents may he 
produced at & relatively low voltage, stepped-up by a transformer for 
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Fig. 152 (a) 


purposes of transmission, and then s&epped-down by a transformer again 
for the consumer to use it ab a safe-voltage, 280 volts being the standard 
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yoliage in India, The energy is transmitted at as high as 189,000 volts: 
in India at present. A simple scheme of transmission is shown below 
[Fig. 159(a)] to illustrate the principle only, the transmission voltage 
shown in the figure being 88KV which is common in ordinary practice, 


At the Naigara Falls, the current is Generated by water-power at a 
voltage of 2,000 to 12,000 volts, which is then raised to about 100,000 
volts and transmitted to distant stations, where it is reduced to the 
voltage which is safe for domestic use. At Sierra Nevada in California, 
a high voltage power—even above 290,000 yolts—has been possible to be 
generated by alternating current which is transmitted toa distance of 
about 250 miles at Los Angeles. 


For supplying electricity for domestic and other similar purposes to a 
small locality, the energy can be generated by Direct Current Generator 
or by an Alternator. The alternating current can be rectified into & 
direot current by motor generator eet, or otherwise too. In the case 
of alternating current supply, the currens reverses its direction alternately 
and so there is no fixed positive and negative wire in the supply lines, 
each wire heing alternately at a higher and lower potential with respect 
to the other. The change of direction of the current per second is called 
the frequency of the supply. The common frequency of A.C. supply in 
India is 50 cycles per second and the supply is often described as "280 
volts, 50 cycles”. In wireless circuits the frequencies we have to deal 
with are very many times greater, and frequencies of several million 
cycles per second are also possible, It should be noted here asa word of 


caution that an alternating current is more dangerous than a direct: 
current at the same voltage. 


When an A. O. supply is described as "230 volts, 50 cycles”, the 
effective voltage changes from 0 to about 300 volts, one hundred times per 


second ; so it is really more dangerous than the voltage described, i.e. 
230 volts, : 


157. The Advantage of A.C. Supply :—An alternating current can 
be transformed by a suitable transformer (Art, 154) to a smaller current 
ab a higher voltage, or vies versa, with a very little loss of energy, which 
is not possible for direct current (D.C) For example, an A.C. can be 
transformed down to run a 6 volt lamp and again it can be raised up to 
100,000 volts. Most power-stations use A.Q. supply, because electric 
Power,ean be transmitted at high voltage with far less loss of energy than 
A6 low ones, and can be transformed to convenient and safe voltages to 
be used anywhere. 


The disadvantage of A.C. is that it cannot be used in electrolysis 
or in charging batteries though it is as good as D.O. for heating and 
lighting purposes, : 

158. Danger trem Electricity :—A large number of fires are very 
often due to defective insulation in electric light wirings, when the 

insulation of an electric fixture Wire, as, for example, a lamp eord, hae 
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been damaged, the two bare wires may come together, which may seb 

many materials on fire in an instant. Bodily harm also very frequently 

occurs from electricity, which may produce fatal results. A bare wire 

carrying currents at 110 volts or 220 volts pressure may sometimes be 
handled safely if the skin, where the wire touches, is perfectly dry or if 

the person's shoes are dry (or have rubber soles). But if the hand be- 
wet, or if the person stands on a damp floor, the resul& may be fatal, as 

enough current may pass through the heart to paralyse it. The resistance 

of the human body is about 30,000 ohms, but most of it lies on the skin, 
which, again, may be as low as only 200 and 800 ohms when the skin is 

wet, and under sueh.cireum stances fatal shocks have been known to be- 
caused even by 1' 0 volts. 


Generally, currents at 220 volts (or still higher) pressure are: 
always dangerous. Birds are very offen seen to be on the street trolly’ 
wires and then fly away safely because they have made no connection to: 
the earth. Similarly, you can safely hang from the same wire without 
establishing any path for the current to pass on to the earth through your 
body which would prove fatal. 


159, System of Distribution :—In any public distribution system, 
the supply of electric power is carried out by a net-work of cables which 
are named ‘differently under the following three categories :—(i) the: 
feeders——these are cables supplying power in bulk to a specially selected: 
number of points, called the feeding points 5 (ii) distributors—these are- 
the main cables, usually run through the rain routes, and from them 
current is tapped for the various consumers, and (iii) the service mains 
. — these are small cables teed off from the distributors and taken into the 
premises of the consumers. 

In Fig. 153 an elementary scheme of distribution employing one 
feeder (f, f), one distribution (d, d), and a number of service mains (s, D 
the feeding points being (F, F), has been shown in order to illustrate. 
the principle. Such simple schemes may apply to the case of a small 
town, but in the cage of a large city where the consumption of energy is 
large the generating station (G) mentioned in the scheme of the figure: 
may be a substation. k 


i60. D. C. Two-wire and Three-wire Distributers :— 


Fig. 158 shows, by the way, & d.c. bwo-wire distribution system. 
One of the lines which is connected to the +s of the generator terminals 
constitute the +-ve line or the live line ; the negative terminal of the 
generator is earthed, and the second line of the &wo-wire system 
is conneoted to this terminal and is, therefore, called the neutral or 
dead wire. Now in a d.c. system it isnot possible to change the: 
voltage between the feeders and distributors with the use of rotating. 
machinery, and so the feeders and distributors are usually worked at. 
the same voltage. That is, the consumer's voltage is, the same as: 
that at the feeding points. 220 volts being the highest suitable voltage for 
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‘a domestic consumer, the feeders must work at this voltage, This voltage 
i is rather very low for a large power 
$5 to be distributed, particularly when 

the feeders are long ones, bearing in 
*5 mind the cost involved in the lay- 


p e. ss  Ou& and the efficiency of trans. 
i H f mission because the cables have to 
pug be thiok. 

i don T S.s 


The above difficulty is consider- 
+5 ably overcome by adopting a three- 
wire supply system (Fig. 154). In 
this system two d.c. generators (G,G) 
d! ld of equal power output at 220 volts 
Fig. 158 are joined in series maintaining 
a constant potential difference of 440 volts between the two free outer 
terminals, +ve and ,—ve, The 
midpoint O of the connector 
joining G, G in series is earthed. 
The three distributor wires (d) 
are connected through the three ` 
fesder wires (f) to the supply 
station, the two outer distri- 
‘butors joined to the +ve and 
the — ve terminals of tho supply 
‘are respectively called the +-ve 
outer and the —ve outer and are 
often referred to as the liva 
‘wires, while the middle wire 
connected to the earthed point 
‘O is called the neutral wire or 
dead wire. The service mains 
(s, 3) to any consumer's house ! 
consists of one of the live wires , z 
vand the neutral wire. Thus the Tig. 104 
voltage between the outer or live wires is twice that at the consumer's 
terminals, This results in a considerable increase in efficiency of 
"transmission, and economy in copper for cables. The middle wire or 
neutral wire has half the cross-section of either outer. 


In order to achieve a balanced sharing of load between the two 
connected generators, the load currents (7, and Ta) in the two liyə wires 
are sought to be made equal by, eithar connecting alternate houses with 
the positive distributor and the intervening houses with the negative 
distributor, or by connecting all houses on one side of & street: to the 
positive distributor, and the houses on the opposite side of the street 
to the negative distributor as shown in Fig. 154. Sucha supply 
is called a balanced supply. Asa matter of fact the balancing will be 
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only approximate at best. The out of balance current (I1 — Ta) will flow 
through the middle wire. Balancing boosters are in practice used in the 
power house to bring about as best a balancing as possible. . ; 

161. D. O. House-Wiring :—Fig. 155 illustrates the simple 
principle adopted in d.e. house-wiriog. Two cables from the service. 
mains (one live line, and another, neutral line) are first connected to an 
‘energy meter installed by the Electric Supply Company at the premises 
of the consumer for recording the consumption of energy. The meter ig. 


Fig. 155—D, O. House-wiring Principle, 
2 fuse ; M.S.—main switch ; H.D,B.—house distribution box; W- off-and-on, 
switch ; Z—lamp ; N—fan ; PP—plug-points, 
preceded by a fuse Z on the live line and followed by a main switch 
(M. S.) which is fitted with a fuse on the live line and this arrangement, 
is usually enclosed in a box B called the meter-box. The live line from 
the meter-box is then connected to a distribution box'(H. D. B.) on 
which in the figure, six distribution lines, 1, 2, 3, 4 etc. have been 


shown, 

Bach such distribution line has a separate fuse Z fitted to if, This 
saves the otHer distribution lines when any particular line blows off due 
to over-load. When the total load in the house exceeds the maximum 
(5 amps., 15 amps. or more as the case may be) for which the meter has 
been installed, the fuse Z fitted with the main switch (M.S) blows first: 
and saves the meter. Any of the power distribution lines, 1, 2 or 3 eto, 
and the neutral line constitute a distribution line in any floor or row of 


re ay, 
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rooms. A load which may bea lamp, L, a fan N etc. is to be always 
joined in parallel between these two lines through a separate switch W 
fitted on the live wire. Thus each load is supplied at the same constant 
‘voltage, namely the voltage of the service mains, 220 volts, The 
: advantages of parallel connection are (i) the remainder of the net work 
is not affected if any of the loads (lamp, fan, etc.) is fused or switched 
out, (ii) each load is rmn at the same constant voltage, 220 volta, and 
(iis). the addition of more loads in the circuit does not affect the current 
strength in any particular load, because the voltage of the mains is 
maintained at 220 volts (+4%) bythe Supply Concern according to 
Electricity Supply Acts enacted by the Government. 

Example.—1500 kilowatis are transmitted at 60,000 volts through a cable of 
"resistance 0109 ohm per mile, The diameter of the cable is 0'455 inch, Find loss 
of power per mile of the cable. 

What would be the diameter of the cable required éf the same power were 
transmitted at 200 volts in order that the power lost per mile should not ehange. 


Ans. Power loste ExO?r watt, Hence iri EE amps, 


For transmitting this power at 200 volts, the current required = 140,000 7,500 


etion is 


amps. Ifrin. be the radius of the required cable, its area of oros 
rr? sq. in; and that of the old one is +x (2450) sq. in, 


‘So the resistance of the new cablo = {=x (0°55)? x0'109} ohma. 


~. Power lost-- (7500)*| X (059)* x 0-109 ]-e watts, 
Axmr? 
whence r=6'8 in, or diameter of the required oable=(6°8x2) in.—19'6 in. 
=] ft. 1'Gin. (Of course a cable of this diameter is impossible to use.) 


Questions 


1. Describe the construction and action of a dynamo. 

(All, 1920, *21, 29 ; Pat, 1944 ; R. U. 1945) 

2, Describe a simple method of obtaining an alternating current. How would 

you proceed to ehange the alternating current to a direet current ? (O. U. 1947) 
8, Explain how the phenomenon of electromagnetic induetion has been utilised 
in transforming mechanieal energy into electrical energy. (Pat. 1986) 

4, (a) Describe how to move a wire forming part of a closed eiroui in the 
enrih's magnetic field so as to induce a current along the wire, and how to move 
tit'so that there may be no induced current &iong the wire, 

(b) liit be moved the same distance but twice as fast on one oeeasion as on 

another, what is the relation between the currents produced in each case ? 
Pat. 1926) 

[Hints.—(a) No current will be induced along the wirewif it i MA along the 
-direetion of the earth’s total intensity, (6) The current in.the second case will be 

' increased twice. ] 

5. Write a brief essay on electricity in the service of man. {0. U. 1944) 
© 6. Describe an experiment to show that a mechanical force aets on a eurrent 
‘conveying conductor situated in a magnetic field. Show how this force is made 

ase of in a direct current motor, (O. U, 1949) 

T. Write a short note on “electric motor”. (O. U. 1938, 42; U. P. 1943) 


CHAPTER X 
MODERN PHYSICS 


Cathode Rays : X-rays : Radio-activity : Atomic Structure 


162, Eleetrie discharge through Gases:— With an induction 
coil the sparks pass between the terminals of the secondary, only when : 
‘the two terminals are very close. For example, a difference of potential 
‘of about 10,000 volts between the terminals is necessary for sparks to 
pass through a length, or spark gap as it is called, of 1 om, of air between 
the terminals. The sparking potential should be increased with the 
length of the gap. This is because air and other gases are good insulators 
under ordinary conditions ; and so high electrical pressures (which oan 
be obtained by an induction coil or an induction machine, such as a 
Wixshurst machine, etc.) are required for the production of discharges. 


168. The Discharge Tube Phenomena :—If air, or any other gas, 


is enclosed ina glass 
tube having two 
aluminium electrodes 
attached with plati- 
num wires sealed in 
through its end [Fig. 
156(i)] which arejoined 
to the two terminals 
Hand F ofa powerful 
induction coil, no 
discharge will pass 
through fhe gas at 
the ordinary pressure. 
If however, the Lo 
is gradually exhaust: 7 
through the side Fig. 156 

tubs T by means of an air pump, the insulating power of the enclosed gas 
will be gradually more and more reduced and bie following phenomena 
will be observed suocessively— 

(1) With the reduction of pressure in the tube, when the pressure 
falls to about a millimeter of mercury and the voltage across the elestrodes 
is just able to maintain a current, there will be no visible discharge 
within the bube, but there will be a luminosity confined to each electrode. 
This phenomenon is known a8 the dark discharge. 

(2) With further reduction in pressure, œ brilliant discharge will 
fill the whole of the tube stretching from the anode A (electrode connected 
to the positive terminal F of the induction coil) almost up to the 
eathode K ( electrode connected to the negative terminal E). This is 
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-called the positive column [vide Fig. 156 (i). The colour of the 
discharge will depend on the'nature of the ‘gas enclosed. With air the 
colour is red. 

(8) When the pressure is reduced to about half a millimetre, the 
luminosity of the gas diminishes, and the positive column breaks down 
into a number of luminous discs (S), called striations, disconnected from 
each other by regular dark intervals, At this time, a bluish patch of 
light appears around the cathode, which is called the Negative glow (N). 


The negative glow appears distinctly separated from the striations by 
an ill-defined dark space F, which is called the Faraday dark space 
[vide Fig. 156, (i)]. » 

(4). With further reduction in pressure, the: whole series consisting 
of the striations, the Farsday dark space, and the negative glow proceeds 
towards the anode, and gradually a stage comes when the negative glow 
gets detached from the cathode leaving another dark space C in betwen 
[Fig. 156, (iii)] ; this dark space is referred to as the Crooke's dark 
space, At this stage the cathode itself is left covered up with a pale 
velvety glow G, called the cathode glow. The number of striations 
at this stage is quite small, 


(5) With further reduction in pressure, when, say, the pressure 
falls to 107* to 1074 mm, of mercury, the Crooke’s dark space fills up. 
the whole of the tube and the inside surface of the glass-tubs becomes 
fluorescent, the colour of fluorescence depending on the composition of 
the glass, It appears bright green with soda-glass, and blue with lead- 
Blass At this stage of vacuum, a beam of invisible rays is shot out 
normally from the cathode proceeding towards the anode. These rays 
have been carefully studied and they bave been found to be nothing but 
a beam of electrons (negatively charged fundamental particles), which 
are constituents of all chemical elements. These have been called 
Cathode rays. The path of the rays may, however, appear slightly 

- violet due to the fluorescence of the residual gas molecules caused by 
collision with the rays. ; 

When the tube is rendered almost a complete vacuum, no P.D, 
however great, can cause a discharge to pass from one electrode to the 
other through the inside of the tube. The discharge will then tend to 

. pass along the wall of the tube. 

The phenomena connected with the discharge through gases were first 
investigated by Sir W. Crooke, and afterwards by Sir J. J. Thomson, 
and other workers also have made various contributions to the subject. 
As a result of their investigations the properties of cathode rays have 
been thorcughly revealed and may be summed up as follows— 

Cathode Rays.— When the pressure within a discharge tube is of 
the order of 107^ to 1074 mm. of mercury, and a current is maintained 
by the P.D. applied between the anode and the cathode, the whole of she 
tube appears dark except at the walls on which a fluorescence is visible, 
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whose colour varies with the composition of the glass of the tubs. On 
testing the origin of this fluorescence, Crookes, Thomson, and others 
have come to the conclusion that this fluorescence is caused by an 
invisible beam of negatively charged particles which are shot out normally 
from the cathode. Such beams are called cathode rays. The average 
mass of each particle is 9X 107^ gm., or roughly ygko of a H-atom, 
carrying a charge of 4'802 X 1077? e.s. units. No smaller charge, or a 
smaller mass, has been isolated even today. The nature of these particles 
has been found to be exactly the same, whatever gas is used in the 
discharge tube. 80 it is believed that these particles are one of the 
fundamental particles with which all matter is composed. ‘They are 
called electrons, 


104. Properties of Cathode Rays':— 


(i) The rays consist of an invisible stream of minute particles each 
carrying a charge of negative electricity. This property can be proved 
by placing inside a discharge tube (having say, anode A and cathode 
K) a hollow metallic : 


vessel B connected to an e A 
side, by means of a plati- e 

num wire fused in the Lr EMO 7 

tube (Fig. 157). When Fig. 157 

the tube is worked, the leaves of the electroscope will be found to diverge 
with negative electricity. These negatively charged particles are termee 
electrons (vide Art. 7, Part VI), which have been shown to be an ultimatd 
constituent of all matters. The charge on an electron has been found 


to be 4'802 x 107 *? e.s. units. 


(i) These negatively charged particles travel in straight lines trom 
the cathode with high speed varying from 10° to 101°: cms, per reo., 
i.e from oth to $rd the velocity of light. This may be demonstrated 
by placing a metallic obstacle (aluminium cross, Fig. 166) in the path 
of v rays when a well-defined shadow is thrown on the glass 
behind it, 


(iij) The particles striking 
fheinner surface of the glass 
tube cause ib to glow with a 
greenish fluorescent light. 

(iv) The cathode rays al- 
ways heat the material spon 
which they fall. Yt the rays 
which are emitted normally 
from a cathode K of spherical 
shape are concentrated upon 
thin sheet of platinum P placed 
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at the centre of curvature (Fig. 159), the platinum may be heated to 
redness. 
(v) The cathode rays falling on the upper portion 


fi i of a paddle wheel W of mioa placed ina vacuous tube 
j wy provided with glass rail Œ will cause it to roll along 
ES WA the rails showing that they emzrt mechanical pressure 


by virtue of their kinetic energy (Fig. 160). 


Fig. 160 


; (vi) They are deflected by a magnetic as well as 
Fig. 159 by an electrostatio field. 


The rays from the cathode are allowed to pass through a hole in a 
brass plate in the same discharge tube. If a strong magnet’ is brought 
near the tube, the bright 
patch of light passing through 
the hole is seen to be 
deflected, the pencil of rays 
behaving as if if were s 
flexible wire carrying an 
electric current flowing 
towards the cathode, the 
direction of deflection being 
that in which a stream of 
Fig. 161 negatively charged particles 


would be deflected (Fig. 161). 


The rays can also be deflected by allowing them to pass through & 
strong electrostatic field. 
(vii), The mass of an electron has been found by recent experiments 


to be rayo of the mass of a hydrogen atom, and the charge on an electron 


is 4802 X 107?° c.g.a. electrostatic units. 

(viii) The rays can ionise a gas.—When these rays pass through 
a gas, the gas m leeules break up into positively and negatively charged 
ions. When an electric field is applied, the ions move to opposite 
electrodes and thus render the gas conducting. 


(iz) Lenard has shown that the cathode rays can pass through very 
thin sheets of aluminium, gold, silver, ete. 
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(z) Sometimes these rays are found to behave as waves also as hag 
been shown by Davisson and Germer. 


165. Applications of the-Discharge Phenomena :— 


Geissler Tabes.— These tubes work on the principle of the positive 
column. Heinrich Geissler, a Gorman expert glass-blower, first 
constracted discharge tube of various shapes filled with different gases at 
a pressure of about 5 mm. | When a discharge is passed through such 
tubes, beautiful colours are produced due to the positive column formed. 
The colour depends on the nature of the gas enclosed and the composition 
of the glass. Such unbroken bands of light in a positive column are 
commonly used now-a-days in evening advertisement, The neon signs, 
£0 popular now-a-days and so commonly used in evening displays in 
modern cities, belong to this class. In these cases, a long gla.s tube is 
bent into desired shapes and is provided with terminals at the ents, The. 
air is exhausted from within and the tube is filled with eon at a 
pressure of about 5 to 15 mm. The AO. Mains Supply Voltas is 
raised fo several thousands by using a transformer and then used ab the 
terminals of the discharge tube. A few milliamps, of current pass through 
the tubo. The tube glows with a distinct bright orange-red colour, By 
using different gases or gas mixture, or by using glasses of different 
compositions, different colours may be obtained. A mixture of neon and 
argon (with a trace of mercury) cives blue light. If the bube is ot 
amber or uranium glass, the same mixture will give green light. Blue 
light is also. given by argon in olear glass, Helium Bives yellow light 
when used in a tube of amber glass. Krypton, when used in a. tube of 
plear glass, gives a deep blue light. 


The Plucker Tubes, one form of which has been shown in Fig. 162, 
and which are used in the laboratory for the study of spectra are nothing 
but Geissler tubes. The central 


part of such a tiubeis capillary and ! 
the two endsof the tube are ££ —c— —C— 33 
provided with two aluminium : 


electrodes. 'The tube is filled d 
with the gas (whose light is to A ce toa a 

be studied) at a few millimetres of mercury. The emitted light is most 
intense in the capillary part and the brightness is increased further if the 


"end-on' view is utilised. 


The Neon Lamp.--The lamp works on the principle of the Cathode 
glow. It is a lamp of very small power, and 9 is frequently used in the 
laboratory for testing purpose, and is economic for use at night at the 
bed-side. Ib is simply a small glass bulb containing neon at a pressure of 
a fraction of a millimetre of mercury. The electrodes are of iron coated 
with barium. For use with direct current the anode is smaller in area 
than the cathode, whereas with A.C., both the electrodes are of equal 
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area. An extra resistance is always required for use along with this 


lamp and thisis ordinarily incorporated in 
the base of the lamp itself. Its brightness 
is only a fraction of one c.p.; and ifs 
consumption is about 15 watts per o.p. The 
colour is pink-orange. 


166 Determination of e/m of 
Cathode ray particles (i.e. electrons) :— 
In 1897, Sir J. J. Thomsom first identified 
the cathode rays as. electrons. It was 
Thomson who for the first time success- 
fully determined the ratio of the charge 
of an electron to its mass, i.e. e/m, commonly 
known as the. specific charge of an 
electron, 

In Thomeon’s method, the movement, of 
electrons under the joint action of an 
Fig. 160—A Neon Lamp.. electric field anda perpendicular magnetic 


field was conveniently studied 
by an apparatus known 
as the Braun tube or 
the Thomson apparatus. 
This method is also’ 
commonly known as the -€ 
cross-field method. The 
apparatus consists of an 
evacuated glass tube of 
the form shown in Fig. 
164, wherein is introduced a x "i 
circular disc, K, of aluminium A 

or platinum to form the cathode. Fig. 164 

The anode Ais snaluminium cylinder with a narrow hole bored along 
lits Axis. Two parallel metal plates P, and P, are introduced inside 
this tube behind the anode and the zino sulphide screen S is placed at 
the end ofthe tube as shown in the figure. The pressure inside the 
tube should be reduced to about 10-* to 107* mm. before finally sealing 
the tube. By applying a high voltage from an induction coil an electric 
discharge is maintained between the cathode and the anode. Most of 
the cathode rays coming from K will strike the anode, of which a portion 
will pass through the hole of the anode and strike the screen S directly 
producing & well-defined and bright fluorescent spot. Now applying a 
suitable electric field between the plates P; and Pe and a magnetic field 
‘at right angles to both the electric field and the direction of motion of the 
cathode ray particles (as shown by the circular dotted line), the behaviour 
ofthe negatively charged cathode ray particles or electrons, as they are 
commonly called, can be observed on the screen, 


Poy 
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In Thomson's method, the electric and magnetic fields are applied 
from mutually perpendicular directions, each of which are again 
perpendicular to tha direction of movement of the electrons. Let us, 
therefore, first consider effects of each of these fields on the electrons 
separately and then their joint action. Let the electric field E (Fig. 165) 


Zz 
E 
t 
—V 


x 


G<----S---30 


va 
y 


Fig. 165 


be applied ina direction (say, along the Z-axis) at right angles to the 
direction of movement of the electron: AO (gay, along the X-axis), Since 
the charge on each electron is e, the force experienced by it towards the 
positive plate P, willbe He. This force acts on the electron only within 
the region occupied by tbe plates P, and P, of length æ. The time 
required by an electron, moving with a speed v, to traverse this distance 
will be ¢=a/v. During this time ¢ the electron will be accelerated 
towards P, andthe magnitude of this acceleration f is given by the 


relation, ‘mf=He; or, f= - where m is the mass of an electron, So 


at the end of the interval /, the distance traversed by an electron along 
the Z-axis (i.e, towards P1) is given by ' 


3 
A E Mey) 
2. 2mo" : 
Hence we get, 2° = "B he Hi (2) 


This represents the equation of a parabola symmetrical about 
the Z-axis, whose latus rectum is given by 2mv* /eE. Thus we seo 
that the frajectory of an electron in a perpendicular  eleobric 
field is a parabola, But since the extension of the electric field 
is small, this trajectory may be well supposed to form only a 
small portion of the parabola near its apex and as such it may 
be taken to be circular. The radius of curvature of this ciroular 
path may be taken to bs equal to half the latus rectum of the 


parabola. 
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pee 

== k. C 3 

los (3) 

[Note : Here if e be taken in e.s 4., also should be taken in the 

same units and if the measurement of E be directly made in em. units, 
e must also be converted into e.m.u.] 


Again let us consider the effect of a magnetic field applied in the 
direction of Y-axis on the same electron moving along the X-axis with 
a velocity v. 


This moving electron carrying a charge of a em.u. may be considered 
to be equivalent to a current of strength ev. Due to the magnetic field 
of strength H Oersteds applied along Y-axis, this electron will experience 
a force Hev acting in the X-Z plane which will bo at the same time: at 
right angles to the direction of movement of the electrons (i.e. direction 
of current), Under this condition, the trajectory of the electron will be 
a oirole of radius, 7, which can be found by oquating the centrifugal 
force on the electron with the magnetic force, 
sig RIV elo hy m : 
E Hev; or, + Ba p Pe (4) 
When both # and H aot*on the same electron írom mutually perpendi- 
cular directions the actual orbit will be rather complicated. But for all 
` practical purposes we can arrive at the correct result by assuming both 
tho fields io be acting separately, 


To determine nm and the velocity of an eleotron, a Thomson apparatus 


is taken and the electron beam produced therein is deflected by a known 
‘electric field E (where F= 4 V and d respectively being the p.d. and 


the distance between P, and Pa). The deflection produced on the 
fluorescent screen is noted. Tet it be 8—O0Q. Now applying a suitably 
directed magnotic field of proper strength in a perpendicular direction, 
the spot of light is once again brought back írom-Q to O. Under this. 
condition, the forces acting on the electron dus to the electric and 
magnetic fields must be equal in magnitude bub oppositely directed, 
provided both these fields are uniform and extend over the same spac.. . 


<. Hev— Ee (when E, e are both taken in em. units). 


os wf ey ro Res os (5) 


Thus v can be determined provided E and H are accurately known 
from suxiliary experiments, When the electric and magnetic foroes are 


a VEN 
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identical the two radii of curvature p and r are also the same. fo 
applying this value of v from (5) in relation (3) we get, 
piat 
e... E "à (6) 


from which e/m can be calculated from the simple geometry of the 
apparatus and the ‘knowledge 
of ô, Hand H. As is evident 
from Fig. 166, AT represents the 
trajectory of the electron, whose 
radius of curvature p=AC. 
æ is the extent of the electric 
field and TQ is the direction of 
the deflected electron beam 
which is tangential to AT'. QT, 
when produced, meets the axis 


Q 
f 
| 


of the apparatus at O' which is 2 Da 

the centre of the field. Let D entr 

be the distance O'O. Now from RETIRER QS DET e 

similar As ACB and 0OO'Q, Fig. 166 

we gel, 
Wo unc D : UN (7) 
BO ees Ry 

Hence putting in (6), we get, 

sur Bi pa = (8) 
m HeD 


Thus from relation (8), . of an electron can be determined because 
m ; ; 
all the quantities on tho right band side are acourately determinable, 


The value of © as determined by Thomson by this method was not so 
™ " 

acourate. But later experiments gave a constant value of - which is 

found to be 1'759 X 10" e.m.w. of charge per gm. Dunnington in 1989 

determined Å for electrons emitted by a hot filament (thermo-electrons) 
m 


by the magnetic deflection method. This is supposed to be one of the 
best methods for determining 2 and the result of his experiment actually 
m 


tallies with the above value within the limits of experimental errors. 
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Electron as a common constituent of matter.—The determina- 


tions of a for the cathode ray particles taking different gases in the 
discharge tube reveal that this ratio remains constant irrespective of the 
nature of the gas. Moreover, the negatively charged particles that are 
emitted by metallic surfaces when irradiated by light (generally, ultra- 
violet or X-rays) and those emitted by heated filaments are alsa found to 
possess tha same specific charge. Even in radio-active disintegration the 
negatively charged B-particles are found to have the same value of the 
specific charge. Those faots indicate that the electrons, whether they 
are originated as a result of electric discharge or during the photo- 
electric, thermionic, or radio-active emissions, are all identical inspite 
of their diverse origin. This shows decisively that the electrons form 
one of the universal constituents of all matter, 


167, Determination of the electronic charge :—The charge on 
an olectron was first determined by Thomson and Rutherford in 1898. 
Wilson also determined the electronic charge by the cloud chamber 
method in 1903. But all these determinations had various types of 
defects inherent in the experiments themselyes and the results obtained 
were far below the standard valuo as is obtained from other data, 


again placed inside 
an oil bath maintained 
ata constant tempera- 
ture. To start with no 
p.d. is applied between 
Mand N. A fine spray 
of a relatively non- 
volatile oil (e.g. watch 
oil) is blown into the 

A epe dba plate M 
i means of an atomiger 
Fig. 167 , 4- The oil-drops pass 

through a number of small holes in the middle of the upper plate, In the 
process of atomisation or during their passag e through the holes the oil- 
drops become charged by friction. In the space between M and N these 


MODERN PHYSIOS 249 


drops are subjected to a vertically downward torca mg due to gravity only 
when no p.d. is applied between M and N, The drops are illuminated 
by a strong beam of aro light (properly water-cooled) and are observed 
from a perpendicular direction by a small telescope in the eye-pieoe of 
which the oross-wire has been rejlaced by a graduated transparent 
scale. A single drop oan be easily viewed as a luminous point which 
moves with a terminal velocity in the viscous air medium. This velocity 
‘is calculated by observing the time and distance of fall of a particular 
luminous point. 


Let v, be the terminal velocity of free fall in the absence of electric 
field. Then by Stokes’ law, we have, 


"mg 69]avs i (1) 
where m is the mass of the oil-drop, g the AE E due to gravity, 


a the radius of the drop and 7 the oooflicient of viscosity of the 
medium. 


Next an electric field E is applied in the ‘condenser space to oppose 
‘the force of gravity by a suitable commutating device (nob shown). 
The space is further ionised by X-rays entering through a window We 
and as a result the oil.drops are in a position to pick up more than one 
‘ionic charges by steps. 


Ife; be the charge acquired by a drop, it experiences an eed 
electrical force equal to e,Z over and above the downward foroe mg. 
If e, E be greater than mg, the drop would acquire an upward terminal 
‘velocity v4 in the viscous medium under the joint action of these a 

2 


where 21 E — mg = 62]av s sik ri 
+ Ug en — mg, oris a +v 6E 
"ova mg ' v, mj 
5 vatvoa, mg 
a mL: X sé oon (3 
6x Vi E ) 


But the mass of a drop is given by m--$ma" (c—9) where c= 
density ot the oil and p=that of air. 
.. From (1), $7a°(o— p) g = Grav, ; 
= 99. 
en a= aloe)’ 
enoe, relation (8) oan be rewritten as, 
Ta*(e—»)g xtos 
= E 


Nm, [aze pete 


s «y Per deren P b 
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All the quantities on the right band) Side of relation (4) being 
known, 6; oan be evaluated. The values of e, for different drops 
under observation are, however, not always thesame. As, in course 
of its motion, an oil-drop picks up one or more ionio charges, its 
velocity va abruptly changes, So in relation (4), the value of (vs +v.) 
changes with the number of ionio charges acquired by the drops. Thus 
the caleulated values of e; correspond to the number of ionic charges 
picked up by the drop under observation. If ¢ be the charge on a single 
ion or the electronic charge, then e, corresponds to ne where n is the 
number of ions acquired. From actual experimental data it is found 
that n varies irom 3 to 20. Millikan calculated e; for a greab number 
of drops and from those values of e, the highest common factor was 
taken to be the charge on.a single ion or the electronic charge 6. 


Since the size of oil-drops was of comparable dimension with 
the molecular mean free path, a correction was introduced 


in Stokes’ formule, wherein 675a was replaced by Gaya / ( 144) 


where A is a constant and A the mean free path. A wag caloulated 
from the knowledge of pressure as deduced from the kinctic theory 
and A was evaluated from the measurements of e with drops of different 
sines, 


Tbe value of the eleotronio charge as calculated by Millikan was 
4'174X 1073? o s.u. of charge. Later accurate experimental evidences 
showed that Millikan's yalue is slightly lower. The cause of this 
disorepaney was pointed out by the Japanese scientist Shiba in 1982 to 


determined accurately by Bearden, Kellstrom and others. When this 
‘revised value of 7 is substituted in Millikan's results, the value of e 
somes to 481X 1077? a.s.u, of charge. In 1941 Hopper & Laby modified 


ihe ürop was photographed for subsequent measurements. The method 
gives a very reliable resulb ofe. The accepted value of the electronic 
charge ati present is e —4'803 X 107 ^ e,s.u. of charge. 
108. Positive Rays :—Daring the discharge in a cathode ray tube, 
another types of rays has been discovered travelling towards the cathode, 
_ that is, ina direclion opposite to that of the cathode rays. These rays 
- Were first detected as streams of reddish rays coming out through a per- 
forated cathode by Goldstein in 1886, They were first called canal rays 
(Kanal strahlen) and subsequently named as positive rays. 


These rays were first carefully studied by Sir J. J. Thomson. They 
ate observed to be deflected, though to a smaller extent, by a magnetic, as 
well as by electric field, and from the nature of the deflection it is found 
that they consist of positively charged particles, Tha mass of these 
particles is found to be almost equal to the mass of the atoms of the gas 
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molecules enclosed in the tube. They are positively charged gaseous 
ions formed by the atoms losing one or more electrons, Thomson studied: 
the properties of positive rays by simultaneously subjecting them to 
parallel electrostatic and magnetic fields. The positive ray particles: 
having the same value of the ratio, e/m, were found to be distributed 
along distinct parabolic paths, where e and m respectively refer to the- 
charge and mass of the particle. By mixing a gas like hydrogen of known 
e/m, with the experimental gas, the value of e/m of the latter was 


^ determined from the study of their parabolas. Hence m was also 


accurately determined. The acouracy of such determination was far 
more greater than. that-of the ordinary chemical methods, 


169. Production of Positive Rays :—The construction of the: 
positive ray tube is similar to that of the cathode ray discharge tube. It 
consists of an anode A a cathode C with a hole at the centre anda 
fluorescent sorcen S. The tube T is partially evacuated. When a p.d. 
is applied bebween A and C, electrons from the cathode will move towards. 
the anode. On the way to the anode the electrons collide with the- 


Fig. 168 


remaining gas particles and remove the electrons from the atoms of the 
particles. Thereby the gas within the tube is ionised, The positive 
ions are attracted by the cathode and fall on the screen S through the 
hole in the cathode. These are called positive rays. 

Properties :—(1) Positive rays are deflected by a magnetio as well 
as hy an electric field and from the nature of the deflection it is found 
that they consist of positively charged particles. 

(9) The value of e/m is much less than that of the cathode rays. 

(8) The rays travel in straight lines. 

(4) They affect photographic plates. 

(5) They can produce fluorescence. 

(6) Positive rays can pass through thin shects ot metal like aluminium. 

.170. Isotopes ;—While investigating on the masses of the posi- 
tivo particles Sir J. J. Thomson found that in the case of neon 
(atomic weight 20'2) there are two kinds of atoms, one of atomic mase- 
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20 and the other of 22. The two types of atoms could not be distin- 
guished by any chemical method, as these haye identical chemical 
properties. Such substances, which have identical chemical proper- 
fies, and therefore the same atomic number, but different atomic 
weights, are called isotopes, Thus, neon has two isotopes having 
vatomio weights 20 and 99. The atomic weight that we determine by 
chemical methods is the average weight of the isotopic atoms present 
in a substance. In 1919, Aston devised an apparatus, called the 
mass spectrograph, by which the masses of the isotopes of different 
substances can be conveniently determined. All elements whose atomic 
weights determined by chemical methods differ from whole numbers 
have been found to be only mixtures of isotopes having integral masses. 
Thus, Hydrogen contains about 0'008 per cent. of an isotope of mass 2. 
This  "heavy'" hydrogen has been isolated ^ experimentally by 
‘continued fractional electrolysis of water. Oxygen has 0°03 per cent. of 
‘an isotope of mass 17, and 0°16 per cent. of another isotope of mass 18. 
Helium and Flourine so far could not be shown to have any isotope. 


The isotope of Hydrogen has been given the name of deuterium and 
ithe symbol D. “Heavy water" is an oxide of ‘heavy hydrogen’ and is 


‘The mass of an isotope of some eleraent may have an equal mass with 
an isotope of different element. In that case they will have same 
atomic mass, but differens chemical properties. Such substances are 
called isobars, 


171. Packing Fraction and Mass defect :—Aston expressed the 
Iesulis of measurements on the atomic masses of isotopes by considering 
‘the deviations of these masses (M) from their mass numbers (4), which 
represent the integers nearest the value of the atomic masses. This 
deviation is known as the Mass defect, 8 where 8=M~A, Aston 
ascribed this mass defect as due to the packing effect of the particles in 
‘the nucleus and introduced a new term packing fraction defined by the 
relation, P=+ ia where the packing fraction P represents 
‘the mass defect Der unit article in the nucleus. P ig thus a measure of 
‘the stability of the nucleus. Tf P is negative the nucleus should be stable 
"nd if P ig positive there may be a tendency to instability 
Particularly for heavy elements. 


172. Nuclear binding energy :—Aston’s original idea of the mass 
defect and the packing fraction are not practically of any importance 
now-a-days. But an actual survey of data reveals the fact that actual 
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From Hinstein’s principle of equivalence of mass and energy we know, 
E=mc", where c= velocity of light. 4 

Hence if a mass Am disappears, when a number of nuclear cons- 
tituents combine to form a stable nucleus, then the corresponding. energy: 
that goes to bind up the constituents together i$ given by, 

i AE= Amc’, 

This energy represents the binding, energy of the nucleus under 
consideration, Tho more is this binding energy, the more stable 
willbe the nucleus in general. On caloulating the binding energy per 
nucleon (or constituent particle in nucleus), ib bas been found that 
slements of mass numbers between 20 and 180, have binding energy per 
nucleon équal to 8 Mev or slightly more. All these elements are stable. 
Of the lighter elements having mass numbers less than 20, Oxygen, 
Carbon and Helium are particularly stable. Elements haying mass 
numbers above 180, and binding energy per nucleon less than 7'5 mev. 
are unstable and this unstability increases as this energy gradually 
deorenges. 

178. Atomic Energy Units :—In the measurement of atomic energy,. 
a few.convenient units have been chosen by the scientists of which 
electron-voli (e..) and million electron-volt (m.ev.) are very common, 
An eleotron-vol& is the energy acquired by an electron when it moves. 
through a potential difference of 1 volt. 

48 Lov.= hmv? = Ve yo X 4'8 X 1071? — 16x 107? orgs, 
Hence 1 m.e.v. -: 1'6X 107 * ergs, 

Kilo electron volt, 1 Kev-—10*ev 

Mega electron volt, 1 Mev=10°e.v, 

Giga electron volt, 1 Gev=10°%e.v. 

Billion electron volt, 1 Bov=10°e,v. (used in America), 

Another unit which is also frequently used in measuring atomia 
energy is the atomic mass unit (a-m.u.). This is the energy equivalent of 
1 mass unit taking the mass of an oxygen atom to be 16, 

Since the weight of 1 gm.-atom of oxygen is 16 gms, and the 
Avogadro number 6 0284 x 10**, 


1 16 1 LL 
wach 2. 40 e uu E 
1 ma-—igXGoggxios* "ossi 07 em, 
1 -38 10)2 4+ -8 
i b= x x(8x10 =1'49x lí 
JS lamu PTT 18 ( ) 9X 107^ ergs 


149x107* F 
„=a «64. 
Hence 1 a.m.u 16x106 981'8 m.e.v. 
174. X-rays :—Prof. W. Röntgen of Wurburg discovered in 1895 
that when cathode rays proceeding with enormous speed strike the glasg 
wall of an almost completely vacuous discharge tube, it emits another- 
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kind of rays having remarkable properties. These are called X-rays, 
because their nature was unknown in the beginning, or Röntgen rays, 
after the name of the discoverer, 


Action.—In an X-ray tube (Fig. 169), the cathode fays in an 
evacuated bulb proceeding from the surface of a concavo cathode are 
concentrated on a target, called the anti-cathode, of a very hard metal, 
such as tungsten, which has a high melting point. The anti-enthode is 
usually placed at an angle of 45° to the axis of the incident cathode rays. 
The cathode rays (electrons) strike the anti-cathode which thereby turns 

i into a source of X-rays. The 
“rays consist of electro-magne- 
bic waves, or pulses, each resem- 
bling a wave of light radiating 
outwards and passing undefleo. 
ted through the glass walls of 
the tube. 
(i) X-ray Tube. These may 


/ LEN be divided into two classes : 
" i NS (a) Gas Tubes, and (b) Electron 
LLLA ANN Tubes or Ooolidge Tubes. 

Screen ' (a) Gas Tubes. I$ is an 
i evacuated spherical glass tube 
Fig. 169—An X-ray tube, provided with three projecting 


side tubes (as shown in Fig. 169), esch of which has. gob a metallic 
electrode sealed into it. One electrode which serves ag the cathode 
consists of an aluminium disc, just Opposite to which there is the anode, 
Between the cathode and the anode thera jg another electrode, called 
the anti-cathode, which is made of some heavy metal, Usually of platinum 
or tungsten, so that it may not be fused by the heat generated by the 
impact of the cathode particles. In Some tubes, which are used 
‘continuously, there js an arrangement for cooling the anti-cathode by 
circulating water round it. 


(b) Coolidge Tube. In this tube the electrons are nof. generated 
by the cathode as such, bub by a filament C of tungsten wire (Fig. 170) 
which forms tbe cathode, 
and which is maintained 
at red-heat by passing a 
-current through it, When oor SER DPS I 
a potential is applied 
between the cathode G 
and the anti-cathode 
A the electrons emitted Fig. 170—A Ooolidge tube. 
by the red-hot tungsten loop impinge on the anti-cathode and thereby 


+ 
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The hardness of the tube can be adjusted by adjusting the applied 
voltage. One advantage of this tube is that no cooling arrangement is 
necessary in this tube, as tungsten has got a very high melting point and 
the anti-cathode is made very massive. The P. /. applied between the 
electrodes being always greatly in excess of what is called the Saturation 
fotential, the current through the tube depends only on the electrons 
emitted by the filament, which again is governed by the’ temperature of 
the filament. This can be controlled by means of a rheostat placed in the 
circuit of the filament. Thus the current in the circuit can be regulated 
independently of the P. D. across it. That is, the intensity of the beam 
can be varied without altering the hardness of the rays. Besides this, 
due to its simplicity of construction this tube is preferred to the gas tube, ~ 


(ii) Nature of X-rays.—X-rays are of a nature similar to 
ordinary light, both consisting of electro-magnetic waves, but in the 
ease of X-rays, the waves are of exceedingly short wavelength, far 
down the range of the ultra-violet rays. The range of the wave- 


length of visible radiation is.from 4000 to 8000 ÀU., whilst that 
for ordinary X-rays varies from 1 to 8 A.U. The rays having a 


yery high penetrating power are called hard X-rays, while those 
possessing less penetrating power are called soft X-rays [hard X-rays, 


1—-0'01 A. U., soft X-rays, 3-100 A. U J. The hardness or softness of 
an X-ray tube depends on the wavelength generated. 


(c) Properties of X-rays.— 


(4) Like the cathode rays, X-rays are also invisible to the human 
eye, but unlike the cathode rays they consist of waves, the wavelength 
of which is very small about gooo of that of visible light. 


(i) X-rays penetrate easily through most of the solid substances 
which are opaque to ordinary light, such as aluminium, flesh, leather, 
wood, paper; but substances like bone, and dense metals are opaque 
to X-rays which are not very hard. So st is possible to obtain a picture 
of the bones with the help of X-rays passing through the flesh on an 
X-ray plate. 

The distance to which they can penetrate a substance apparently 
depends on the density of the substance, but it depends actually, more 
accurately speaking, on the atomic numbers of the élements in the 
substance. For this reason, even fairly thin layers of such elements as 
lead, barium, and bismuth, or their compounds, ara opaque to X-rays. 
‘Soda glass is transparent but lead glass is opaque to X-rays. 

(iii) They affect the photographic plates (silver salt), and certain 
otber chemical compounds—especially barium platino-cyanide—which 
becomes fluorescent. A photographio plate is also affected by ordinary 
light; but, inthe case of X-rays, the plates will be equally affected 
even if if is kept in an envelope of thick black paper. 
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A screen, prepared by painting barium platino-cyanide on a thick 
sheet of paper, held in the path of X-rays with the painted side 
towards the observer, glows with 
a bluish phosphorescence. If a 
hand be plased between the source 
of X-rays and the screen, a well- 
defined shadow showing the details 
of bones will be visible on the 
sereen (Fig. 171) Similarly, if 
purse with coins in it be held 
between the X-ray bulb and the 
screen, the coins will he visible 
through the purse. If a covered 
photographic plate be substituted 
for the barium  platino-cyanide 
screen, & photograph is obtained 
in the usual manner on develop- 
ing the plate, Such a photograph 
is called a radiograph, Fig, 171 
shows the X-ray plate of the hand 
of a person with a copper piece 

. under it. 

(iv) X-rays passing through 
air orany other gas have the property of rendering is a conductor of 
electricity, i.e. they can ionise a gas through which they pass. 


A small portion of the molecules of a gas gains or loses electrons. 
by collison or otherwise under ordinary conditions. These charged 
molecules are called ions the number of which can be greatly increased 
when the gas is exposed to X-rays. The gas then becomes a good 
conductor of electricity, This process is known as ionisation. 

(v) X-rays are not deflected by electric or magnetic fields proving 
that they are not charged particles ; £0 they are not of the same nature 
as cathode rays. 

(vi) They cannot be reflected or refracted by ordinary means, but 
reflection and diffraction haya been proved possible by passing the 
rays through crystals wherein the arrangement of atoms is far closer 
and the surface far smoother than that can be produced artificially, 


Fig. 171 t 


(d) Application of X.rays.—Tbhere are various applications. of 
X-rays of which only a few given below— 


In Medical Seience.—In medical science, X-rays have been of great 
value in locating broken bones, or fractures, foreign bodies, patches in the 
lunge, ete. Occasional exposures to X-rays are sometimes used for 
cure of Cancer and other malignent growths, They are also used in 
watching the beating of the heart, in following food through the digestive 
tract, and also in detecting ulcers of the roots of the feeth, 
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In Industry.—They are used for disco vering flaws in metal castings 
and other metal preparations, in defective weldings, hidden corrosion, eto. 
They are used in the examination of orystal structure, and they help 
jewellers in distinguishing true from false gems. 


In Detective Department.—They are used by customs-officials in 
detecting smuggling. Any banned material kept in metal or wooden 
baggages are detected by passing X-rays through them. 


175, lonisation Current :—The currents through jonised gases 
are usually very small compared to those met with in electrolysis or 
ordinary electrical circuits, and 
cannot be measured by an ordinary 
galvanometer. Usually a quadrant 
type of electrometer is used for 
this purpose. The method is beyond 
the scope of this treatise. It is 
interesting, however, to follow the 
relation between the P.D., between 
two plates placed in a gas, and the 
current produced by ionising the 
gas by some ionising agent. n can 
be represented asin Fig 172. Ab i Ce YOU 
first the current increases rapidly sd COSI ean 
with potential, but reached a steady value at and after A, This maximum 
value is called the saturation current. It is evident that the current 
does nob follow Obm’s law. Ifit obeyed Ohm's law, the curve OAB 
would have been a straight line. d 


Current 


The reason for a saturation ourrent is rather simple. The ionising 
agent, ray, the radiations from an X-ray tube, produces per second, 
between the plates, & definite number of ions. Had there been no field 
between the plates, these fons would accumulate until the recombination 
of the oppositely charged ions just balanced the ratio of production of 
ions by the ionising rays. When an electric field is increasingly applied 
the ions are drifted to the plates in greater and greater numbers until, 
they are removed at the eame rate at which they are produced. At this 
stage, the ionisation current becomes maximum and any further increase 
of p.d, beyond B energises the ions £0 much that new ions are formed 


by direct collision and the current rises rapidly, 
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Cathode rays 


1. The rays are invisible, 


2. Produce fluorescence 
on plates of barium-platino 
cyanide and rare-earth 
elements, 


8. Travel in straight lines 
and produce shadow of a 
metallic obstacle placed in 
the path, 


4. Jan ionise a gas through 
which they pass. 
5. Penetrate thin sheets 


of metals like aluminium, 
gold, silver etc. 


6. Produce X-rays when 
they strike a very hard 
metal, 


7. These are streams of 
electrons, 


8. The velocity of cathode 
rays is bth of that of visible 
light. 


9. Mass of an eleobron „is 
9X 107% gms, 

10. They have a charge of 
480210729 esu. or 1'59 
X 107 *? coulomb, 


11. Deflected by magnetic 
and electric fields. 


l 
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Cathode and X-rays compared :— 


X-rays 


Properties 
Mace gas, 


l. The rays are invisible. 

2. Produce fluorescence on 
plates of barium-platino 
Cyanide, cadmium tungstate, 


zine sulphide otc. 


3. A deep shadow of an 
obstacle proves that they 
travel in straight lines, 


4, Can ionise a gas through 
which they pass, 


5. Penetrating power is 
much greater and can pass 
through solid substances 
like aluminium, skin, flesh, 
Wood, paper ete., but subs- 
tanoes like bone and thick 
metal sheets are Opaque to 
X-rays, 

6. Produce Secondary 
X-rays on striking a metal 
plate. 

7. They consist of electro- 
magnetic waves, the wave- 
length of which ig very 
small, even less than that of 
visible and ultraviolet light. 
8. The velocity ig ual 
to that of visible light, 


9. Have no mass. 


10. Have no charge, 


ll. Magnetic 
fields have no 
X-rays, 


and electric 
influence on 


Inference 


Same 
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177, Radio-activity :—In 1815 Henri Becquerel, a French Chemist, 
found that a photographic plate wrapped in 
black paper was affected by the mineral Uranium 
placed over the plate and left for some time in the 
dark. This property was seen to be common to 
all the uranium compounds. This is due to some 
kind of radiation emitted by the uranium, A 
substance which emits such radiations 
sportaneously is said to be radio-active, and the 
phenomenon is called Radio-activity. Shortly 
after this, Madame Curie discovered a substance 
(which she named radium), which exhibits the 
radio-active properties to a remarkable degree. 
Bines then various types of radio-active Fig. 173 
compounds have been discovered. 

It was shown by Prof, Rutherford, in 1899, that the radiations 
emitted from radio-active substances are of three types (Fig. 178). The 
radio-aohive substance is taken in a thick-walled lead chamber provided 
with a small opening ab the top. When a magnetic field is applied 
at right angles to the direction of the rays, some of the rays are 
found to come out undeflected and other rays are deflected either towards 
the right or left of the undeflected components, These undefleoted rays 
are called ?-rays and the other rays are found to carry either +ve or — ve 
charge as is concluded from their directions of deflection. These are 
respectively named a-rays and f-rays. 

(1) Alpha-rays (a-rays).—These are positively charged particles and 
are deflected by a magnetic as well as by an electric field. Such particles 
have been identified to be nothing but doubly ionised helium atoms. The 
charge on an a-particle is about 9'6X107*? esu. The a-parbicles are 
attended with a tremendous velocity. Though the velooity is smaller 
compared to that of the f-particles it may be as high as 1°5X10° oms./ 
sec. So the attending momentum and the kinetic energy is sufficiently 
high due to the comparatively large mass of the «-particle, This high 
energy enables the particles to act as a very strong ionising agent. They 
can produce a large number of ion-pairs in a gas through which they 
pass. Due to their large mass, the penetrability is sufficiently small. 
They can be stopped by a very thin sheet of metal or absorbed by a few 
centimetres of air at N.T.P. When the a-rays pass through an atmos- 
phere of supersaturated water vapour, the vapour copiously condenses 
slong the tracks of the particles, This is the principle of the 
Wilson Cloud Chamber. With the help of this apparatus the 
path of @-rays can be photographed. Again, if a-parbioles fall on a 
zinc sulphide screen or on a piece of diamond, scintillations are 
produced. By counting tho scintillations, the number of «-particles 
emitted per second by a radio-active substance can be determined. For 
this determination now-a-days generally Gieger Counters are used, the 
scintillation method being less reliable. 


Y- rays 
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(8) Beta-rays (8-rays).—These afe negatively charged particles 
(electrons) projected with very great velocity. 

The velocity of the f-rays may ba even as high as 0'95% of the 
velocity of light. Kaufmann and others determined the value of e/m 
of these particles and concluded that they are nothing but high speed 
electrons. In spite of their tremendous velocities, as the masses of the 
particles are very small, the attending kinetic energyisalso small. So these 
particles cannot produce sufficient ionisation in gases. But owing to their 
smaller masses, they have much higher penetrating power than the @-rays, 

(8) Gamma-rays (y-rays).—They are neither deflected by an 
electric field nor by a magnetic field. They are not charged particles bub 
they closely resemble X-rays and have much greater penetrating power 
than the B-rays or the X-rays. 

They can penetrate even a sheet of iron of thickness nearly 30 cms. 


o 
They may have a wavelength as low as '07 A.U. The y-rays produce 
rather soanty ionisation in a gas, but it was by this ionising property that 


the rays were first detected by Villari. 


They can affect the photographic 


plates and can also produce fluorescence on certain substances. 
In Therapeutics these rays are also used for treatment of acute cases 


of cancer, 


178. Comparative Study of x, B, y and X-rays 


Properties «rays B-rays y-rays X-rays 
Charaoter Positively char- | Electrons mov- | Eleotro-mag- | Hlectro-mag- 
ged He-nuclei | ing with high | netic wave | netic wave 
f speed 
1l. Mass 9'644 x 107** 9108x 10-88 No mass No mass 
. m. 
ARM of Positive Negative Neutral Neutral 
oharge 
Quantity of 9'605 x 10719 48025 x10710 Nil Nil 
oharge UEAN 8.8.u. 
Velocity 14 to 2°8x10® | 1510 to 2'06x | 8x 101° 8x107° 
oma ./sec, | 10*°cms,/seo, oms./sec, | oms./sec. 
Range 2'7 to 862 oms, | 5 mm. of alu- | 30 oms. of Several in- 
of air minium and iron ches of flesk 
1 mm, of lead 
Wavelength Nil Nil 1'866x10- | 107 to 107° 
to 7110-9 m, 
om. 
Bpeoiflo charge | 4826 x 10* 17599 x10* Nil Nil 
coulomb/gm. | coulomb/gm. 1 A 
Effect of mag- | Defleoted Deflected Nil Nil 
netic field T T 
Effect of Elec- | Deflected Deflected Nil Nil 
trio field AM — 


179. 


tions from radio-active substances :— 
Various methods have so far been devised for detecting the radiations 


Methods of detection and measurements of the radia- 
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from the radio-active substances as also for measuring the properties of 
these radiations. Some of the important methods are given below ! 

(1) Blectroscope method, 

(2) Photographic method, 

a Scintillation method, 

4) Wilson Cloud Chamber. 

(1) Eleetroseope method.—A charged gold-leaf electroscope is 
quickly discharged when a source of «or f-rays is taken to it. The 
time of discharge will depend on the energy of the rays and their distance 
from eletroscope. 

Explanation.—When the radio-active rays pass through a charged 
electroscope, the air particles inside are ionised. An atom becomes 
positively charged when it loses an electron by the impact. This free 
electron will either remain isolated or will combine with a neutral atom. 
Tf the electroscope is charged positively, it will attract the negative ions 
and the leaves will collapse. Similarly, the negatively charged leaves of 
an eleotroscope will attract the positive ions and will collapse. 


(2) Photographie method.— Both « and f-rays have strong action 
on photographic emulsions and their tracks can be easily traced on the 
developed photoplates. But the action of y-rays on the photo-emulsion is 
rather weak and a reinforcing screen like a calcium tungstate soreon is to 
be used, This fluoresces under the y-rays with the emission of violet and 
ultraviolet rays which have a strong action on the photo-emulsions, But 
this method is less sensitive than the ionisation method. 


(8) Scintillation method : Spinthariscope,—It depends on the 
fluorescence produced by the radio-active emanations on a fluorescent 
screon of barium platinocyanide, calcium tungstate or gino sulphide, 
Orcoke devised an instrument known as spinthariscope based on this 
principle. It consists of a light-tight box B at the bottom of which is 
placed a flourescent screen S. A pin is 
introduced into the box and its tip T is coated 
with a radio-active substance (Fig. 174). The 
«-raya emitted from T produces visible 
scintillations on the screen which can be 
observed by a microscope fitted on the upper 
lid of B. The duration of te sointillations is 
very small and a trained eye can count about 
90 to 95% of the impacts made on the 
screen, 

(4) Wilson Cloud Chamber.—lt is a 
known fact that if air saturated with water 
vapour be suddenly expanded, a cloud consist- 
ing of water droplets will be formed. This is 
due to the adiabatic expansion which 
causes a considerable fall in tempera- Fig. 174 
ture and the space becomes supersaturated with aqueous yapour, Tho 
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exoess quantity of water vapour condenses as water droplets forming 
the cloud. It the air be perfectly dust-free no cloud will be formed even 
it the space is considerably supersaturated since the excess water finds 
no surface or condensation nuclei to ccndense on. O,T.R. Wilson showed 
that charged particles or ions serve as the centres of condensation of 
molecules of water round them. Wilson found that if V, be the initial 
volume of air and V, the volume after expansion, the negative ions act 
as condensation nuclei 
when V,/V; is greater than 
1°25 and the positive ions 
serve as the condensation 
centres when this ratio is 
greater than 1'81. When 
Vs/V, exceeds 1'85, a dense 
cloud is formed even in 
absence of any nuolei. On 
this principle has been con- 
structed the cloud chamber 
of Wilson, an earlier form of 
which is shown in Fig. 175 
Fig, 175 The apparatus consists of a 
closed cylindrical metal chamber the top of which is a glass plate Inside 
this chamber operates a blackened piston, which can be suddenly forced 
downward by n spring when a caton is released. Moist air inside the 
chamber is thus expan- 2 
ded and suddenly cooled 
resulting in conden- 
tation of the water 
vapour. The expansion 
is stopped just short of | 
^ point at which the | 
formation of fog ocours. | 
Almost at the end of 
the oxpansion, « or 
P-rays from a radio- 
sotive source are 
allowed to enter the | 
chamber through a 
mioa window and a slit, 
Binoe tho space inside 
the chamber js super- 
saturated, water drop- ' 
lets will condense along « 
the tracks — of these 
rays. Illuminating these Fig: 116 
tracks by a strong source of light from a convenient lateral direction, 
photographs can be taken on films from the top of the vessel. To have 


—-——————————————— 


MODERN PHYSIOS 268 


good photographs the illumination should be of shorb duration just 
alter the formation of the tracks, Before taking a second photograph, 
the ions produced abt the firat supersaturation are to be removed bys 
temporarily established electric field in the air-space of the chamber. The 
field ig to be withérawn everytime at the instant when the next 
supersaturation just ocours. Fig. 176 shows the tracks of «-partioles. 

Now-a-days various modifications of the apparatus have been made 
wherein quick and repeated exposures are possible by automatic arrange- 
ments, maintaining the state of supersaturation all the While, 

180. Radio-active Transformations : Rodio-active Series :—We 
know that radio-active substances emit particles some of which have a 
mass equal to four mass units. Moreover, these particles carry elther 
positive or negative charges. So it is quite reasonable to expeob that on 
account of this emission there bas been a thorougbobange in the constitu- 
tion of the nuckus of the emitting atom, resulting inthe formation of 
a new atom. For example, we know Radium has anatomic mass, 296 
and an atomio number, 88. But alter the emission of an «-particle 
the disintegration product celled Radon or Radium emanation, is 
found to bean inert but radio-active gas, which can be collected by 
the displacement of water. This transformation may be denoted by 
tho representative equation. 

LIII 


ans 4 
Ha Rn — He. 
as s. s 


This radon gas is similar to helium in properties whereas radium 
bas chemios! properties similar to barium. So the nuclear trarsforn ation 
definitely occurs due to natural radio-rctive disintegration. Again as 
#-rays are emitted by radio-sctive substances, though there is no chango 
in the nuclear mass in the procese, there ls definitely a change In its neb 
electric charge. Boa charge in the atomic number of the product is 
expected. Soddy discovered a very simple law governing these transfor- 
mations, Ib states that the emission of a f-partisle is always attended 
with an increase in the atomic numter by unity and the emission of an 
<-particle always decreases the atomic number by two. This is known 
as Soddy's displacement law. Tho rule is quite obvious beonuse the 
atomic number indicates the number of net positive obarges (in unita of 


——— a a 
*Note.— Quite recently tracks of ob: particles have been successfully photo- 
eue in le Menlo devised. dur 


almoep! pressu. boiling 
immed: . The liquid remains quiescent for a time, If during this period of 
quineence the liquid is subjected to an ionising agent, tho boiling seta in provided 
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electronic charge) in the nucleus. So the <-emission which involves loss 
of two +ve charge units, pushes the daughter element (i.e. product) two 
places down in the periodic table with respsot to its mother atom (i.e. 
original element). Similarly the B-emission, which involves loss of one 
— ve charge or the equivalent gain in one positive charge unit pushes the 
produob one placa up in bhe periodic classification. 


Tt should be carefully noted that though f-particles are emitted from 
radio-aobive nuclei, there is no existence of free electrons in any of the 
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nuolel so far known, I6 is, therefore, assumed that in the radio-active 
nuolei these particles are created when a neutron transform3 itself into 


cali e 
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a proton. The reverse process of transformation of proton info neutron 
with the emission of a particle which is the positive counterpart of an 
electron has also been detected. This positive counterpart of an electron 
is known as the positron. 

The successive steps of disintegration involving emission of «- or B- 
particle (y-rays having no effect on thechange) take a radio-active element 
through different stages and ultimately converts the original substance 
into a non radio-active stable form. 


“This transformation is known as the radio-active change. Ruther- 
ford showed that (i) a new radio-active element is formed by the disinte- 
gration of the parent element at a constant rate and (ii) that the product 
also gradually disintegrates at a constant rate forming another daughter 
element which is also radio-zctive. In this way starting from Uranium, 
a series of new radio-active elements is formed by gradual disihtegration 
until the stable non-fadio-active element lead is reached." 


Tf the different radio-active elements, lying towards the end of the 
periodic table, be properly studied, it is found that all of them oan be 
traced to originate from the three parent elements, Uranium, Thorium 
and Actinium. They form three radio-active series and all of them 
after different steps of transformation are ultimately converted to stable 
isotopes of lead. Over and above these three series, there is a fourth 
unstable series mainly comprising the transuranic elements, Hore the 
starting isotope is much short-lived whereas in the first three series the 
starbing isotopes are long-lived. This series is known as the neptunium 
series and it starts with Neptunium and ends in the stable element 
bismuth. The three stable radio-active groups (Ur., Th. and Ac.) are 
given in Fig. 177 with their successive steps of transformation. From the 
above chart it is evident that in the radio-active series there are elements 
having in the same atomic weights but different atomio numbers (Z). 
These have been named as Zsobars by Soddy. RaB, RaO and RaQ’ of 
mass=214 are examples to the point. 


In radio-activity Soddy introduced the term nuclear isomers to 
designate the nuclides which have identical mass number and atomic 
number but have different radio-active properties, The term nuclide 
designates a species of atoms characterised by the constitution of itg 
nucleus, So nuclear isomers are nuclides capable of existing in different 
energy states for a considerable time, which accounts for the difference 
in their radio-active properties. RaO nuclei are isomeric because a partb 
of them emits «-rays while another part emits B-rays. 


181, Radio-active isotopes of lighter elements :—Among the 
elements having atomic numbers less than 81, only a few are known 
fo have naturally occurring radio active isotopes. Some of these ele nents 
are Hydrogen, Oarbon, Potassium, Rubidium eto, It has been estab- 
lished that these isotopes are produced by the bombardment of nitrogen 
in the atmosphere by the cosmic-ray neutrons. 
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182. Theory of Radio-active Disintegration : Half-life : Average- 
life :—It is experimentally found that the rate at which a particular 
radio-active element disintegrates is only dependent on the number of 
atoms of the disintegrating element and does not in any way depend on 
the physical and chemical conditions. The rate of disintegration is 
found to be directly proportional to the actual number of atoms present. 
"s p atoms disintegrate from a total number N of the element in 

me dt: 


aN aN. 
Then, ~= Pon ->= ns i. 
en, di = N; or à AN (1) 


where A is the disintegration constant for the element, 
Bo the rate of disintegrationior the activity of radic-active substance 


is given Hy aN -AN. The activity of ‘one gm. of pure radium is 


* 
taken as the unit of activity and is known as one Curie which represents 
5'7 X 10*° disintegrations er second. 


From above, ay — dt; or, integrating, N— Nos- M uy 


where A, is the number of atoms present at time =0. The eqn. (2) 
shows that number of atoms ofa particular radio-active element de- 
creases exponentially with time provided no new atoms are introduced. 


Half-life period (or, half-value period).—It is the interval during 
which half of the initis] number of atoms of an element will completely 
disintegrate. Let 7’ be the half-life period of an element. At the end 
of this period, N reduces to No! 2. 


.". Substituting in relation (2) above, =e”: or, o”=9. 


1 0:693 
ST -—— zt ^e 
A loge 2 X (3) 


Thus we get an expression for T in terms of the disinteg ation 
constant. It can be shown that at the end of an interval 27', one quarter 
of the original number of the atoms will still exist. It must be noted 
that it is impossible to predict just when a particular atom will disinte- 
grate because the radio-active disintegrations occur according to statistical 
laws. Half-life value of Ra is 1590 years, of Radon 3'82 days, of 
Th. 1:89 X 10*° years and of Th O'8 X 107" seos. only. 


Average life-time —Let N be the number of atoms existing at the 
end of an interval t. Out of these atoms, dN atoms will only disintegrate 


N 
during the next interval dí. Now as f t.dN indicates the total time of 
[^] 


'*- 
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existence of No atoms, the average life-time Ta ofa single atom can be 
easily computed as follows : 


N. No 
fean jf d (—Noe-M) 
25.0 a) 


Te No No 


o 

E: NT 

No fire aya bets T 
No d SUA S Y SUB 


Thus knowing the disintegration constant or half-life period from the 
pottery data, average (or mean) life time of an element oan be 
evaluated. * 


Radio:aetive equilibrium.—From the above theory of- dis- 
integration it is evident that if a radio-active element disintegrates at a 
certain rate forming a daughter element which is also radio-active, the 
lator will also disintegrate ab its own characteristic rate. If the parent 
element has a long life so tha’ its amount is practically constant, then 
after somo time a condition of equilibrium between the parent and the 
daughter elements will be established when the rate of disintegration or 
activity of both of them becomes identical. Hence the condition of 
radio-active equilibrium is given, 


2) (2), | 
dtl, \d¢ls’ 
or, AiNi=AsNo 
This equilibrium is known as secular or permanent equilibrium, 
If the parent is also short-lived, then permanent equilibrium is not 
possible. A transient equilibrium condition may, however, be atbained, 
the discussion of which is beyond the scope of this book. 


If there be a number of products in the series, the condition of 
permanent equilibrium will bo Ma Nı = Aa Na = As Ns Seto. 

183. Geological Age of the Farih :— Beonuse the «-parbioles emitted 
by a radio-active substance are helium nuclei, helium must be in a process 
of formation in all minerals containing uranium or any other radio-active 
substance. The number of <-particles emitted by 1 gm. of uranium in 
equilibrium with its products has been experimentally found to be 
9°7X 10* per seo. So the number of atoms of helium formed per year 
per gm. of uranium comes to be 9'TX 10* X 365 x 60% 60X24. Now from 
a koowledge of Avogadro's number, the volume of heliam formed per 
year per gm. comes to an order of 107* cubic mm. The direct measure- 
ment of the rate of formation of helium in uranium ores is in fair 
agreement with this estimate. Now supposing all the helium produced 
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during disintegration has been completely occluded by the mineral, the 


ratio of the helium content to the uranium affords us a method for 
estimating the age of the mineral, This estimate qualitatively agrees 
with the geological estimates. The age of the earth estimated by this 
method is found to be about 1'8 billion years. Ab present about three 
billion years is taken as the estimate of earth age. 


Another way of estimating the age of mineral is from the estimation 
of their Pb-contents. Since the amount of Pb formed per year from 
‘any of the radio-active mineral can be accurately estimated, by a method 
similar to above, the age of the crust can also be estimated. As here 
there is no loss due to diffusion, the estimate is more reliable, 


184, Cyclotron and the Production of High-speed Particles :— 
For the study of nuclear and atomic disintegration processes high-speed 
particles are essentially necessary. The «particles, obtained from the 
radio-active substances, which were used for this purpose in earlier 
experiments, have velocities which are nob under control. So in 1982 
Cockroft and Walton produced high-speed protons in the laboratory which 
could be used for artificial disintegration Van de Graaf generators are 
also used for producing high-speed particles in some experiments, 


In 1984 Lawrence and Livingston invented the cyclotron, an 
‘apparatus which could generate very high-speed particles by using only 
‘a few thousand volts, The principle of the apparatus is illustrated 
in Fig. 178. Aand B are two metal chambers, generally known 
f A as the Dees, An altern- 
ating voltage, Æ, of a few 
thousand volts and of 
very high frequency is 
applied to Aand Band a 
very poweful electro- 
magnet surrounds the 
whole apparatus. At the 
centre O, there is a 
device for generating 
protons, which under the 
action of the magnetic 
field begin to move in 
circular orbits. The fre- 
quency of the applied 
B voltage is so adjusted that 

^ the p.d. reverses every 
^ Fig. 178 time the particles cross 
fron 4 to B and vice-versa. Hence the protons are aceelorated ina 
spiral path and ultimately strike the target at 7. Thus the protons, just, 
before striking T, acquiro a velooity, which corresponds to the velooity 
obtained by applying a few million volts directly bebween T and O. 
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185. Induced or artificial Radio-activity :—The radio-aotivity 
exhibited spontaneously by the elements of high atomic weights is called 
natural radio-activity. The radio-activity that is produced in certain 
substances by the bombardment of highly energised particles, like «-rays, 
high-speed protons and neutrons ebo., is known as: induced or artificial 
radio-activity. 

Lord Rutherford first demonstrated the possibility of nuclear disinte- 
gration by high-speed particles and hence of producing artificial radio- 
activity, When a swift x-ray from Ra C bombarded a nitrogen atom, 
the latter was transformed into oxygen and a proton was emitted. 
according to the equation, 


(Nat -«.*) F4 *2(05*" +91"), 


where the upper subscripts refer to the mass number and the lower to 
the atomic number of the particles. Here it is found that temporarily 
a radio-active fluorine atom is produced which ultimately reduces to 
oxygen by the emission of a portion. 


Similarly, many stable lighter elements have been subjected to induced 
radio-activity by the bombardment of «-parbicles or high-speed neutrons, 
These neutrons may be produced either by the action of «-parbicles on 
Beryllium or by any other suitable means. The high-speed particles 
producing neutrons may be given the desired energy by means of a 
cyclotron ora Van de Graaf generator. The neutrons that come out 
will have enormous energy and can easily effect neuclear disintegration 
and artificial radio-activity. When Aluminium is bombarded with 
neutrons, the former is transformed into a radio-active isotope of sodium 
with the emission of an «-particle. This’ Radio-sodium retains its radio- 
activity for about 15 hours and by continuous emission of f-rays, it is 
ultimately transformed into a harmless element like magnesium, Radio- 
sodium may be used successfully in therapeutics. 


Fermi and his collaborators first succeeded in disintegrating uranium 
atom by neutron bombardment. They obtained artificial products of 
higher atomic numbers than 92, which is the atomic number of uranium. 
These artificial radio-active elements are known as the frans-uranio 
elements, Ourium, Americium, Neptunium, Pluotnium, etc. are included 
in this &rans-uranio group. These are useful in the harnessing of atomio 


energy. 


186. Rutherford's Scattaring Experiment :—Lord Rutherford 
was successful in showing the scattering of «-particles emitted by the 


radio-active elements. 


Apparatus.—Radon, a radio-active element is placed ina cavity of 
a block of lead. The high speed «-particles emitted by radon in the 
cavity strikes a thin gold plate perpendicularly. Most of the «-particles. 
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pass straight through the gold plate, but after collision some of them are 
deflected in different directions. This deflection from the original path 
is called Rutherford's Scattering. 


Method.—4A microscope is focussed on the fluorescent screen to 
measure the angle of scattering. 
The fluorescence of the screen 
on collision with the «-particles 
is seen through the microscope. 


On measuring the different 
angles of scattering Lord Ruther- 
ford came to the conclusion that 
if most of the positive charge 
and atomic mass would have 
been distributed throughout the 
entire volume of the atom, the 
angle of scattering would have 

Fig. 179 been afew degrees. But since 
the angle of scattering are comparatively large sometimes exceeding 
90°, Rutherford formulated his new atomic model, to explain this large 
angle of scattering, wherein 
the entire positive charge of 
the atom and most of its mass 
is supposed to be concentrated 
in the nucleus, so that the 
resulting electric field becomes 
sufficiently intense to cause this 
large angle of scattering. 


187. Rutherford’s Model 
of the Atom :—From the 
experiments on large angles of 
scattering of <-particles, Ruther- Fig. 180 
-ford had to conclude that practically the whole mass of an atom should 
be concentrated in a very small region, called its nucleus and that the 
nucleus should have all the positive charge also concentrated 
there. This is known as Rutherford's model of the atom. Which 
states that, 


(1) an atom consists of a nucleus wherein lies practically the whole 
mass of the atom together with its total positive charge, and the nucleus 
is a sphere of radius of about 5X 1071? em. 


3 (2) surrounding this nucleus move the negatively charged electrons 
in their respective orbits, the radii of the orbits being of the order of 
1X107? to 1'5X 107? om, 
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(3) asthe atom is electrically neutral, the total positive charge 
in the nucleus is equal to the 
total negative charge of the 
orbital electrons, 


(4) since the electrons 
revo've in- orbits surrounding 
the nucleus the centrifugal force 
is equal to the electrostatic 
force of attraction, on them due 
to the positively charged nuol- 
eus. This is why the electrons 
do not fall on the nucleus. 


188. Drawbacks of the 3 
mode! :—(1) According to tne Eis 191 
classical electromagnetic theory of radiation, a rotating charge, being 
continuously accelarated towards the centre, should radiate energy 
continuously and moreover, of frequency corresponding to the frequency 
of revolution, Furthermore, ag it loose energy by radiation, it will 
describe a spiral path of gradually decreasing radius and finally the 
electron should fall into the attracting nucleus of the atom, T he 
frequency of revolution inoreasiag meanwhile, so that the atom should 
disappear, 


() According to the Rutherford model, the electrons may move in 
orbits with all possible radii. So they should emit electromagnetic 
waves of all possible frequencies, i.e. the Spectrum of the electromagnetic 
radiation should be continuous But the spectrum of an atom, instead 
of beiog continuous, consists of a series of lines of characteristic 
frequencies. 


To remove these defects, Neils Bohr masterly combined the quantum 
hypothesis of Max Planck and the experimental works of Lord Rutherford 
and gave a theoretical picture of the atom, commonly known ag 
Ruther ford-Bohr model. 


189. Nuclear Structure :—In the interior of the atoms of all 
elements, there is a densely packed central mass, called the nucleus, The 
radius of the nucleus is estimated as nearly 5X 107 ** om. The nuolens 
is positively charged. Now-a-days the solenti&ts are of opinion that the 
nucleus of 8n atom consists of protons and neutrons, both having almost 
identical masses equal to the mass of a hydrogen atom nearly. The 
proton is +vyely charged with +4'803 x 10719 esu. of charge and the 
neutron is electrically neutral. The number of protons in an atomio 
nuoleus is equal to the number of the orbital electrons, This is essential 
to form a neutral atom. Thus the number of protons in #he nucleus 
is identical with the atomic number according to which the elementa are 
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arranged in a periodic table. Since the protons are +vyely charged, it is 


expected that a kind of repulsion between constituent particles should 
exist inside the neucleus. So it should be rather unstable, But Gamow 


(d) 


Fig. 182 
showed that there is a type of exchange force between the nuclear 
particles which try to maintain the stability of the nucleus. The presence 
of mesons in unstable form inside the nucleus was advocated by Yukawa 
in order to explain stability of the nucleus. The total number of protons 
and neutrons in a nucleus is called the mass number of the atom. 


The emission of -particles from radic-active substances indicates 
that though there is no free electrons inside the nucleus, during such 
mission a neutron might be converted to a proton thereby releasing a 
B-particle. Thus emission of f-partioles indicates an increase in the 
number of protons by one or the increase in the atomic number of the 
element by unity, Again, when an «-partiole is emitted along with it 
two protons will come out, thereby reducing the atomic number of the 
element by two. The stable <-particles were also a problem to the 
nuclear physicists, because these particles are never found in separate 
existence inside & nucleus. Heisenberg suggested that there is a kind 
of interacting tendency between neutrons and protons as a result of which 
these stable groups of «"particles are shot out of the nucleus during radio- 
active disintegration. 

190. Proton :—Proton is an essential part of the nucleus of all the 
elements. It has a charge equal to that of an electron (4'802X107?” 
e.g.0.) but opposite (4-ve) in nature and a mass of 16795 X 10" **gm. 


Diseovery.— While studying the positive rays Thompson observed 
that when the discharge tube is filled with hydrogen, the positive rays 
contained positive hydregen ions, H*. Hydrogen atom is uncharged and 
has only one electron revolving round its nucleus, When cathode rays 
strike a hydrogen atom, the nucleus is separated which is a positive 
hydrogen ion. So, it was considered to be a fundamental particle and 


was called proton. 
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Uses.—'Tle jcritive ckarge in the nucleus is determined by tke 
ntmter of protones (or the atomic number, z) in it. So the numker of 
electicns in ar atem should bez. We can represent any element, X by 
X,A4 ; «bere Z=atcmic rumber=no. of protone, and A=mess number= 
total ro. of jctone ard reuvtyons in the nvelene, as for example Ups "**, 
where Z — 99 and A=985=no. of prctong (92)--no. of neutrons (148) in 

an uranium atom. 
By nuclear transformation gold is obtained when mercurys atoms are 
bombarded by protons. 

191. Neutron :—It isan uncharged particle, slightly heavier than 
the proton, being of mass 1'6748X107?* gm, It is algo an essential 
part of the nucleus of an atom, excepting a hydrogen atom, 


In 1930, Boethe and Becker impinged «-psrticles on beryllium and 
obtained a highly penetrating radiation possessing no ionising power. 
Chadwick showed in 1932, that the highly penetrating agent was not a 
radiation but a highly energised particle having no charge on it, This 
particle was named neutron, and was suggested to be a fundamental, 
particls. 

Properties.—(1) As the neutron has no charge and is massive it 
hag no ionising capacity, 

(2) possesses high penetrating power, 

(8) tracks of neutrons cannot be seen in a Wilton Clcud CLamter. 

(4) these particles being electrically neutral, cause nuolear disinte- 
gration of other atoms, 

(5) fash neutrons are quickly slowed down by collision with 
hydrogen atoms or bydrcgenous materials like water and paraffin, and 


(6) Being a constituent of the nucleus of every element it isa 


fundamental particle: 

Uses.—(1) It is used in tke’ work of investigations in chemistry, 
biology, and medical science. 

(4) These particles, kecsuse cf their electrically neutral nature, are 
widely ured as suitable mistiles to cause nuclear disintegration. 

(8) Both slow ard high speed’ neutrcns are wed in different types 
nuclear fiseion as also in fusion. : 

192. Cosmie-rays:—It is now firmly established that the conduc- 
tivity of the atmosphere increases with altitude, and there is no difference 
in its values hetween day ard night. This is due to a radiation far more 
penetrating than even the hardest y-rays, which reaches the earth from 
the outer sjace uniformly from all directions. The name cosmic-rays 
has been given to it. Inthe earth's atmosphere these radiations have 

_ been fourc to be a mixture of electromagnetic radiations, electrons and 
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positrons. The penetrating component of these radiations is at present 
thought to be due to corpuscles of mass—intermediate between the 
electron and the proton—about 120—250 times the electronic mass. 
Their existence was firsb sugges- 
ted by tho Japanese scientists 
Yukawa in 1985 from a purely 
theoretical standpoint. These 
particles are called mosotrons or 
mesons. The charge associated 
with a meson may be either 
positive or negative. Neutral 
mesons have also been dis- 
covered. The particle is very 
unstable and readily breaks up 
into an electron or positron, 
and a proton. Experiments go to 

Se confirm that the electronic and 
penetrating radiations are only secondary radiations which originate from 
a primary incident radiation of positive corpuscles from the outer space, 
Eddington suggested that these radiations aro the outcome of a continuous 
transformation of mass into energy somehow taking place in the glowing 
nebule, while Blackett is of the opinion that these radiations have been 
present since the origin of this universe and is persisbing by successive 
reflections from the boundary of the universe. 


193, Positron :—Andergon in 1933, while investigating on the 
natura of the Oosmic-rays, discovered the existence of positrons, 
A positron is a particle whose mass is identical with that of an electron. 
Tts charge is also equal in magnitude to the electronic charge but is 
positive in nature. It is the positive counterparé of an electron. Blackett 
and Occhialini confirmed Anderson's observations. Curie and Joliot 
showed afterwards that positrons are also produced when y-rays fall on 
lead. Whenever a positron is ejected, an electron is also simultaneously 
ejeoted, Dirac mathematically predicted such a rossibility beforehand. 
The creation of pair of positron and electron by the action of 
y-rays may be looked upon as a case of transformation of energy into 
mags, 

194. Identicality of Matter and Energy :—Acoording to the 
classical ideas, matter and energy are two distinct entities. Albart 
Hinstein produced a revolution in Physics, and made one of the mightiest 
contributions to human knowledge by his Theory of Relativity, the 
fundamental idea of which is the identicality of mags and energy, 
According to him, the mass of a body increases with its velocity, and 
during conversion the energy equivalent E of a mass m is given by, 

—mo* 24 Eo 


where c=vyelocity of light. From the theory of relativity ib is taken 
now-a-days that energy has mass. Rinsteia predicted that heavenly 
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bodies, which have enormous mass, should attract energy to & considerable 
extent by virtue of the Newtonian gravitational forces. During the total 
eclipses of the sun in 1919 and 1922, the rays from the stars were actually 
observed to be attracted while passing by the edge of the sun. The 
greatest contribution of the twentieth century towards the evolution of 
human knowledge is the birth of Albert Hinstein. 


195. Nuclear Fission and the Atom Bomb.—In Arb. 194 it has 
been pointed out that according to Hinstein’s Theory of Relativity, the 
energy equivalent of mass m is given by the relation, 

E=me? 
where o=the velocity of light. Thus it a very small smount of 
mass is converted totally into energy, the amount of it will be 
considerably high. This type of energy release is found in some processes 
of nuclear disintegration. 

The disintegration of nucleus is possible only when a very high speed 
particle—preferably electrically neutral—ponetrates through the nucleus, 
The neutron is the most suibable particle for such z 
a process. In 1938, Olio Hahn succeeded in 
splitting the Uranium atom by bombarding it with 
neutrons. ‘Chis splitting process is called nuclear 
fission, The isotope of Uranium of atomic mass 
485, when subjected to neutron bombardment 
resulied in the formation of two atoms of lower 
atomic numbers, Barium (56) and Krypton (36), 
with the emission of some neutrons. The 
difference between ths mass of the original atom 
and the total mass of these newly oreated particles 
taken together was released in the form of energy 
according to Hinstein’s equation. A calculation 
shows that if one pound of U-985 be completely 
disintegrated the amount of energy released would 
be equivalent to that obtained by the explosion of 
10,000 tons of T.N.T. Hven if a fraction of this 
amount be available as a result of partial disinte- 
gration, the power at the disposal of man will be 
greater than any other as yet known. 


So with the successful disintegration of U-235 
and along with it the production of the further d 
disintegrating weapon, neutrons, began an age of Fig, 184 
new possibilities of creation (by harnessing this 4 
energy for the service of mankind) as well as of destruction (by atom 
bombs). The neutrons that are released in the above process may further 
disintegrate other U-235 atoms present near it providedthese neutrons are 
captured by those atoms, It has been found that there is a critical mass 
of U-285, in which once the, disintegration is started, all the neutrons 
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will be captured by the mass and each of them will again disintegrate a. 
further atom and realese more neutrons. Thus number of neutrons will 
go on multiplying and within a short time they will succeed in 
disintegrating the whole mass. This type of disintegration effected by 
the internally emitted neutrons is onlled a self-sustained chain reaction. 


(1) Uncontrolled Chain Reaction.—It proceeds very rapidly and 
is completed within a short time beyond imagination. The process is 
utilised in atom bombs, (Fig, 184). 


(2) Controlled Chain Reaction.—Here the production of neutrons 
in the fission process is controlled by the suitable distribution of non- 
fissionable absorbing materials within the fuel and the chain® reaction, 
which is effected by these neutrons, proceeds at a critical rate, which is 
comparatively slower. The energy, thus obtained is utilised for the welfare 
of mankind. This type of reaction is suitably applied and carried on in 
devices called Atomic Piles or Nuclear Reactors. 


Atom Bomb.—In atom bombs, two separate masses of U-235, each 
below the critical value, are kept inside the shell separated by a graphite 
wall. The two masses together should always be above the critical valuo. 
When the explosion is needed, by means of a detonator or any other 
suitable mechanical device the graphite wall is broken and the two 
masses are brought together. Simultaneously, with this process neutrons 
from an external sourse aro injected on to this mass. Once a particular 
neutron is successful in disintegrating single U-235 atom, the chain 
reaction will continue and explosion of the bomb will take place within 
a short time with the release of an unimaginable amount of energy. 


Tt is quite possible that some of the trans-uranic elements are also 
equally effective in producing this fearful mankilling weapon. 


Much more destructive than the atom bombs are the Hydrogen, 
Nitrogen and Cobalt bombs which have been recently produced by come 
of the big powers of the world. In hydrogen bombs, Deuterium and & 
still heavier isotope of hydrogen, Triton, are made to unite ab an abnor- 
mally high temperature to form Helium. Here also due to this process 
o! fusion or thermo-nuclear reaction, as it is generally called, an 
amount of energy will be released which is many more times greater than 
that in an atom bomb explosion, It is suggested that such kind of 
reaction is going on in the interior of the sun. So to realise the process 
of fusion, the initial temperature at which Triton and Deuterium are 
made to react should be nearly that of the interior of an exploded atom 
bomb. So for the explosion of a hydrogen bomb, an atom bomb is 


essential. 
ROLE 


196. Thermo-nuclear Reaction or Fusion ‘—Nuclear fusions 
Occurring at abnormally high temperatures (10°°C) are called thermo- 
nuclear reaction. A tremendous amount of energy is released during the 


prosesg, 
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When fission of the nucleus of any heavy element (viz. uranium or 
plutonium) takes place a small amount of its mass (m) is transformed into 
energy (E— mc*). But when the nuclei of two lighter elements are 
made to unite, under suitable conditions, to form a heavier nucleus, the 
mass of this new daughter nucleus is found to be less than the total 
masses of the two constituent nuclei. The difference of the masses is 
transformed into energy (Z=mc*). This process is called nuclear fusion. 
The nature of the thermo-nuclear reactions involved in the formation of 
helium from the protons or deuterons may be written as : 

HC HH, 
Hı” +H’ Hes" +hy, 
Ha’ +Ha*>Hoa* +H +H", 

Thus H,° +H =Hea*+hv, 

or, 2°0147+2°0147 —4'00888 +h», 

.. Loss of mass=0°02554 a.m.u. — hv. 

We know 1 a.m.u.=931'8 MeV. 

S. h»-0095:4Xx 981'8— 

It is suggested that such kind of reaction are going on in tho interior 
of the sun. 

The difficulty in the fusion process of two lighter nuolei is that they 
repel each other when they are brought together. This is overcome by 
the abnormally high temperature which creates the favourable conditions 
for such fusion. 

Two types of thermo-nuclear reactions are supposed to be going on 
in the interior of the sun and other stars, (a) proton-proton ohain-reao* 
tion and (b) carbon oyole. 

197. Solar Energy :—As has been mentioned above, the energy 
of the sun is due to thermo-nuclear reactions. The temperature of 
gun's inferior is about 20 million degrees centigrade. According to 
Bethe, at such a high temperature a process of fusion goes on whereby 
H,!is converted to Hea* with the help of a Os*?-nuoleus acting as a 
catalyst. During this fusion process, the mass difference is continuously 
being transformed into energy which actually almost replenishes the 
energy lost by sun due to radiation. The reactions suggested by Bethe 
are as follows : 

H4* 04122 N42*20,?* +612. 
HOAN 


by the sun due to radiation. These types of reactions are also supposed 
to be continuing in stars, nebulæ eto. 
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198. Harnessing of Atomic Power :—Since the successful dis. 
integration cf U-285 nucleus it has been a problem to the physicists as 
to how this tremendous energy can be utilised for the welfare of human 
beings. Now-a-days in some of the advanced countries, the problem has 
been suecessfully tackled. Electrical energy has been generated in some 
of these countries by using atomic fuels. Atomic reactors have been set 
up in different countries for such purposes, In India also a reactor has 
been set up at Trombav, near Bombay and there is a proposal for setting 
up a few more in different parts of the country. 


199. Nuclear Reactor :—A nuclear reactor (or pile) is a system 
in which the fissionable and non-fissionable materials are so arranged that 
the fission chain reaction can proceed in a controlled manner. Here the 
production of neutrons in the fission of U-285 are controlled by the 
suitable distribution of non-fissionable absorbing materials in the form of 
control rods within the reactor system and the chain reaction, which ig 
effected by these neutrons, proceeds at a critical rate. The energy that is 
released during the reaction can be used for various industrial purposes. 
In most of the large reactors the fissionable material is taken in the form 
of uranium oylinders or uranium oxide cylinders encased in aluminium 

bes. They are then suitably spaced in a lattice-work inside the 
moderator of graphite or heavy water. The moderator slows down the 
production of neutrons, The Operation of the reactor can be controlled by 


which can be acourately positioned inside the fuel lattice by sliding them 
in or out. Thus the vigour of the action is properly adjusted to suit the 
purpose for which the reactor ig used, In cage the graphite moderator 
is used it should be immersed in water to keep the temperature of the 


moderate size can supply power upto 50 to 100kW. In addition a reactor 
forms the source of different kinds of fission products like neutrons, 
radio-isotopes, eto. 


There are two types of reactor : 


(1) Homogeneous Reactor :—In this type ef reactor, the 
nuolear fuel acd the moderator are mixed to form a honogencous 
median. Heavy water (D,O) is used as tho moderator. The fuel used 
is uranium in the form of a solution of Uranyl sulphate or uranium 
particles suspended in heavy water. 


(2) Heterogeneous Reactor :—In this type of reactor the 
nuclear fuel and the moderator aro arranged in a regular geometrical 
pattern wherein uranium cylinders are suitably spaced in a lattice. work 
inside the graphite moderator, 


Essential Features i—(1) Fuel—(a) Natural uranium containing 
92°28% of U*'* and 0'79% of p**5. (5) Uranium— 235 (7995); 
(o) Plutonium—239 (Pu?) ; (d) Uranium. 233(73*3), 
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(2) Neutrons—Neutrons of different energies are required to 
disintegrate the uranium nuoleus. 

(a) Low energy or thermal neutrons ; (b) Intermediate energy 
neutrons; (c) High energy neutrons. 

(8) Moderator :—The moderators of different kinds are used to 
slow down the production of neutrons. 

(a) Heavy water (D20); (b) Graphite ; (c) Beryllium or Beryllium 
Oxide ; (d) Water. 

(4) Coolant :—The coolant removes the tremendous heat developed 
during the nuclear fission and thus keeps the temperature of the reactor 
low, which is kept surrcunded by the coolant. The following coolants 
are used. 

(a) Water or such other sabstances ; (b) sir, carbon dioxide (0O;) 
or helium (He) : 

In a heat exchanger the heat of the gas (coolant) is transferred to 
water, which is converted into steam. The steam produced is used to 
drive turbo-generators to produce electricity. 

(5) Control rods :—Control rods of Cadmium (working as neutron 
absorbers) are used to control the operation of the reactor. 

200. Construction of Nuclear Pile:—A nuolear pile consists 
of a graphite block in which the fissionable material (fuel) is taken in 
the form of uranium 
cylinders encased in 
aluminium tubes to avoid 
oxidation (Big. 188). 
Control rods of cadmium 
are accurately positioned 
inside the fuel lattice by 
sliding them in or out. 
There are safety rods 
whioh ean automatically 
slide inside the reactor 
and stops the operation 
where necessity arises or 
to avoid accidents The 
whole arrangement is 
shielded by œ concrete 
wall of 7 feet thickness to 
x workers from 
harmful radiations. 

Action—The cadmium edi 
rods are firat taken oub to 
start the reaction. The 
neutrons present in the 


Fig. 185 
nuclear pile starts to disintegrate the uranium. As a result of which 
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more neutrons with higher energies are produced. Oadmium rods are 
thea introducel inside bə slow dowa and control the production of 
neutrons. The fission of U-285 is thus effected and the chain reaction 
is started. 


Uses—(1) Ratio-isotopas of diffarent elements ara p:oduosd which 
are used in sclentific experiments, biological soisnos, medicina oto. 

(2) Artificial radio-active elements ara also obtained. 

(3) Blectrioal power is generated by the energy obbainad in nuclear 
fission, 


201. Nuclear Reactors in India:—The following reactors have 
been set up at Trombay near Bombay (25 kms. off). 


(1) Apsara or Swimming Pool Reactor.—This reactor has started 
operation sinoe August 1946. Five to seven pounds of U-235, in the 
form of uranium cyliadera are used as fuel. Tho cylinders ara arranged 
vertically at the bottom of a well under 20 feet of water. This is why 
it is called a swimming pool raactor, Water serves as the moderator. 
The sample to ba irradiated is placad near the fuel under water, 


This reactor was built by Dr. H. J. Bhaba and is used (a) to produce 
radlo-isotoxe8, (b) to test other reactors and medical apparatuses, (c) to 
irradiate biological samples, (d) to Study the structures of matters and 
also used in nuclear physios, 


(2) Zerlina,—This zsro energy reactor i3 constructed by the Trombiy 
Establishment in 1961. Tho power of this type is low (109 watis). 
Uranium oylinders, dipped in heavy water ara used as fael. Heavy 
water serves as bhe modarator. Ib is employai ho tast the proparties ani 
straotures of materials whioh are used in a reactor. 


(3) Canada-India Reactor :—Tais reactor is buili up in 1960 at 
Tronbay in oollaboration with Canada. Natural uranium is used as fuel 
and heavy water servesas the molerator. Neutron is produced ina 
special manner in this reactor. The enormous heat developed during the 
chain reaction is absorbed by the water, 


202. Atomic clocks :—Another usoful application of atomic energy 
is in an atomic clook which is an electronic device far mora accurate than 
any of the conventional clocks, now in use. Some of these have errors 
of loss than +1 seo, in 30,000 years. Tho frequency of an atomic clock 
is supplied by the constant natural frequencies of atoms or molecules of 
substances like caesium, rubidium, hydrogen, ete. These frequencies 
range from about 1,400 Z to 24,000 Z. The vibration of atoms 
in the ammonia molecules are also employed for the purpose. This vibration 
is transmitted to an oscillator, which is finally used to drive the olook. 
The General Conference of Weights and Measures accepted the unit of 
time interval to be the second as given by an atomic clock, in the 
International System of Units (S.I) The atomio second is defined as the 
time in which exactly 9, 192, 631 , 717 cycles of the hyperfine resonance 
frequency of the caesium-183 atom in the ground state, occur, 
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The atomic clocks are now in use in navigation and ayiation for the 
determination of the exact position of ships and aircrafts to avoid 
accidents, in space communications which require very high stability of 
frequencies. A test of the general theory of relativity, which requires a 
very high acouracy in the determination of time is now made possible 
with the help of atomic clocks, 


203. Atomic Spectra and Bohr's Explanation :—It has been 
stated in Art. 8 (Electrostatics ) that an atom consists of a positively 
charged nucleus having a charge equal to +Ze, where Z is the atomic 
number, and +e is the charge of a proton and that surrounding this 
nucleus sleotrons are revolving in different orbits, 


This simple picture of an atom could not be properly explained from 
classical theory. An electron moving in an orbit is attended with an 
acceleration. Such an accelerating electron is equivalent to a ourrent 
and as such there should be a continuous dissipation of energy from the 
electrons. So it will describe a spiral path of gradually decreasing radius 
and ultimately fall to the nucleus. But actually electrons are never 
found to do so, This anomaly was solved by Bohr by supposing that 
there are certain discrete orbits round an atom which are called station- 
ary orbits. The electrons moving in these orbits do nob radiate energy 
accordiog to classical theory. The electrons moving in these orbits have 
definite energies of their own. 


To explain the orizin of spectral lines Bohr further assumed that 
whenever an atom is excited to emit radiations by the application of an 
external agency (eg. by a flame or an electric arc), some of the orbital 
electrons will be driven from their original orbits on to some outer 
possible orbits. But as such states are rather unstable, an electron will 
fry to jump back to its initial orbit. The excess energy which is acquired 
by the electron during excitation will be given out in the form of radia. 
tion, either visible or invisible, during the reversion of the electron to 
its fixed orbit. The spectral lines that are obtained when an element 
is excited to emit a spectrum, are originated in this way. Prior to Bohr's 
theory Rydberg, Ritz, etc. deduced an empirical relation for these 
spectral lines, in which the reciprocal of the wavelength of a line is given 
as the difference of two terms. According to this relation, 


izr (4-4, m a (1) 


where R is a constant, called the Eydberg's constant and fı and f$, are 
two integers, na being.always higher than f. 

Bohr also from theoretical considerations deduced a relation exactly 
similar to relation (1). According to his theory nı and fs represent the 
successive orbital numbers in an atom. 


204. Bohr's Theory of Hydrogen Atom :—Accepting the Ruther- 
forá's model of the atom, the following postulations are made— 
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(1) The nucleus of an atom is positively charged. If Z be the atomic 
number, the charge on the nucleus is equal to Ze, where e is the 
electronic charge, 


(2) There are certain diserete orbits round an atom whioh are called 
stationary orbits. x The electrons moving in this orbit do nob radiate 
energy (as is required by the olassical electromagnetic theory.) 


(8) The force of attraction between the positive charge and the 
negative charge in the stationary orbit is equal to the centrifugal force. 

(4) All orbits are not possible for the electron, I can revolve in a 
stationary orbit in which its angular momentum, Iw is an integral 


multiple of 4/2” ; or To=mor=nb ; where v=velocity of an electron, 


r= the radius of the orbit, n=1, 2,98, 4...... etc, and h=Planck’s 
constant. 


(b) When the orbital eleokron jumps over from its original orbit on 
to some outer possible orbit, it absorbs energy. But as such states are 
rather unstable an electron will try to jump back to its initial orbit. 
The excess energy acquired previously is given out in the form of 
radiation. Whatever the case may be, either of absorption or of radia- 
lop mae quantum of energy is hy; where v=the frequency of 

lation. 


Tf Ei and E, be the energies of the electron in the orbits m; and 
fi, respectively, then E, —Es=hv. Ititisin the state Hi it can by 
Judiation of energy hy jump to the state Bs. | 


205. Bohr’s Theory of Hydrogen Spectrum :—If ra be the radius 
of the orbit n in which an electron moves with a velocity v, then aocor- 
ding to Coulomb's Inw of Inverse Squares ('=qiqs/d*), the force ot 
attraction between the proton and electron, F= eee ; where qgi=Ze= 

Tn 
the charge on the nucleus and qs —e-—the electronic charge. 


2 s 
The centripetal force" — — 4 
r 


Ta Ta 
For hydrogen, Z=1, 
2 8 s 
Bu stet z ER 
Tn Tr Tn 


We know, angular momentum, Jo=mvr=mor*, [^ v=or, where 
o=angular velocity | 
Substituting Ta for r, we get, 


Io—mora- missa =. org cumh d 2 (2) 
2x nma 
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Comparing eqns. (1) and (2) we get, 
s n*h? E (8) 


where m and v are respectively the mass and velooiby of an electron. 
So, its kinetic energy, K.E.—3.mv* 


4 3 
—im. C) 
mun 
Potential energy of an electron,—The potential energy, P.H. 
ata distance 7, from the charge Ze of the nucleus= QIr= T per unit 
n 


positive charge. But the charge of an electron=—e, so the potential 
energy at a distance 7, from the nucleus, 


p.n.= (22)( re) t Be T dor hydrogen ea} 
Tr Tn Tr 
4^ The total-energy En — K.B, + P.E. 
ier a 
{rn T» Tn 
Substituting the value of 7, in the above equation, we gel 
2 2,29 2.4 
m--eer.-eme. Dire 


It the electron jumps from the orbit ne to nı, where Hy and E; 
are its corresponding energies, then hv — E,— E. 
—9z*m ([— m 
h*n,* h*n,* 
zie 21) 
h* ln" na’ 
n 9x*e*m[ 1 1 
4. vmm = 


h? nw n,* 

It is customery to express the result in terms of wave number, 

which means the number of waves per centimetre. If v he the 
frequency of a radiation, its wave-number, v'— v/c j 

where o=the velocity of light. We know c=v) ; where A is the waye- 
length of the radiation. 

Ey sein PES ] 

e 


ch* Uni? na 


-nd 4-4] ha (6) 


mi*: nun. 
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—e*a*m . 
"where, Eg-— ica is called Rydberg constant. 


206, Spectrum of Hydrogen :—The spectrum of hydrogen as 


obtained from the equation v=Ra[ 4, - ES consist of several series of 
1 s 
lines (Fig. 186), known as, 


(1) Lyman series.—In oase of hydrogen’ Bohr showed that when 
fii—l and #,=2, 8, 4 obo. a serios of lines are expected, Here the first 
orbit, which is left vacant due to the removal of electron from it during 
rolati, ia filled by electrons jumping down from any other higher 
orbit. 


In the aboye equation, i! 24 —1 and n, —2, 8, 4 eto. then 


y-ndi- ES This series of lines was first detected in the 
2 


ultra-violet region by Lyman, 


(2) Balmer series—When an electron jumps over to the second 
orbit from an outer one, 
another series is obtained. 
Here ^, =2 and ^, —0, 4, 
5 eto. This waslong before 
studied by Balmer, 
Fowler and others and is 
known as Balmer's series 
which liesin the visible 
region, 

(8) Paschen ae 
—Similarly, when 21= 

i E and pu 5, 6...eto. & 

‘third series of lines is obtained in the near infra-red region, 


(4) Brackett series—When nı=4 and na=5, 6, 7...eb0. the series 
of lines lies in the far infra-red region. 


(5) Pfund series—There isa fifth series still further away from 
‘the infra-red end of the spectrum, when 7.45 and ng=6, 7, 8...eto. 


(6) Humphree series—Here 2, —6 and na=7, 8, 9...eto. 


In order to explain the line spectra of other elements, slight modifica- 
tion is necessary in the original theory. of Bohr but the nature of 
argument as to the origin of the lines remains the same. 


207, Sir Earnest Rutherford, Lord Rutherford (1871—1937) :— 


He was born at Nelson in New Zealand. After stud: 
k lying ab 
the Canterbury Oollege in New Zealand he came to the Cavendish 


MODERN PHYSIOS 985 


Laboratory of Cambridge to work under Sir J. J. Thomson. In 
1898 he became a professor at A 
Montreal ; here Soddy worked 
under him, He came to Man- 
chester in 1907 as Director of 
the Physical Laboratories. In 
1908 he was awarded the Nobel 
Prize for Chemistry. In 1919 
he joined the Cavendish Labora- 
tory as its Director. He was 
elevated to the Baronage in 1981. 
Modern Nuclear Physics 
owes~much of its development 
to the genius of Rutherford, 
together with Sir J. J. Thom- 
son and Neil Bohr, he shares 
the credit for our present know- 
ledge of the electronic structure 
of matter. He discovered the 
4, 6 and y radiations in radio-* 
activity and is the discoverer of. 
transmutation of matter, i Sea Tiri Rathaid 


208. Albert Einstein:—A mathematical genius for all 
times, and a scientific wonder 
of the twentieth century. He 
was born in 1879 in the city 
of Ulm, Wurttemburg, Ger- 
many, a German Jew. Aftor 
studying af ^ Munich and 
Zurich he joined the Switch 
Patent Office as an Engineer 
where he served up to 1909, 
Then he became a professor 
in which capacity he served 
at Zurich, Prague and Berlin, 
During the persecution of the 
Jews in the Hitler regime, he 
sought refuge in America and 
became a professor at the 
Princeton College, United 
States. It is impossible to 
narrate, in this elementary 
treatise, any account of the 
different types of work done 
by him. His name will be 

; written in letters of gold for 
Albert Einstein his work in photo-eleotricit;y,. 
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Brownian motion, quantum laws of emission and absorption 
of radiation, specific heat, and most of all, for his theory of 
relativity, or, briefly, for the advancement of Modern Physics 
His recreation was music, and he was a great violinist. He die? 


in 1955. 


Questions 


4. Desoribe the general character of the discharge in a vacuum tube, 
9. Show how Osthode-rays and X-rays may be obtained, and mention the 
oharactoristios of these rays. (0. U. 1949) 
3. Describe briefly what happens when an electric discharge is passed through 
a vacuum tube in which the pressure is being gradually reduced, How do you 
prove that the discharge from the cathode consists of charged particles? What 
are Orooke's dark space and Faraday's dark space ? 
* (0, U. 1933, 26, '89 ; R, U. 1950) 
4, A glass Lube having tubs connected to an sir-pump is fitted with 
two electrodes at the tw9 ends. How would you arrange to pass an eleotrio dis- 
charge through the tubs? Describe what happens when the discharges are passed 
with the exhaust pump running, f (Pat. 1936) 
5. What are Osthode-rays and how can they be produced? What are the 
properties of these rays and how can they be verified experimentally ? 52) 
(R. U. 1952 


6. Write short essay on “X-rays”. (U. P. B. 1947) 


7. Explain briefly how*X-rays are produced. 
* (All. 1936, ’29, "82 ; cf. &, U. 1950) 


8. Doesoribe-an X-ray bulb and explain how it is worked. Mention some of 
the properties of X-rays. 


(Q. U. 1934, '88 ; of. 749, '58 ; R. U, 1948 ; A. B, 1952) 


CHAPTER XI 
Wireless Telegraphy and Telephony 


209. Carrier Waves :—We have seen that in the caso of ordinary 
telephony, & current of electricity passes between the transmitting and 
receiving stations, and this current acts as a carrier of pulsations which 
make the diaphragm of the receiver move in unison with that of the 
transmitter. But how is sound carried in wireless telephony? We 
know that sound is produced by the mechanical vibrations of material 
things and is carried through the air by waves, which, falling on suitable 
bodies at some distance, generate exactly similar vibrations and thus 
reproduce the same sound made at the source. Owing to the rapidly 
increasing area over which the sound-wave spreads, as it radiates from 
the source, the intensity of the wave becomes rapidly diminished, and go 
sound cannot be transmitted to a very long distance, By the use of 
electricity, however, ordinary restrictions of distance have been overcome 
in the transmission of sound ; and though in wireless telephony no electric 
current flows between the transmitting and receiving instrument, as 
in wire telephony its place as carrier agent of sound fluctuations, ig 
taken by electro-magnetic waves which nre like heat and light waves, 


but of longer wavelengths. 


These oleotro-magnetio waves, seb up in the ether, radiate in all 
directions with the enormous velocity of 186,000 miles por second. 
The frequency of these electric (ether) waves is about 1,000,000 cycles 
per second, while that of the sound waves is only something between 50 
to 15,000 oyoles per second. The transmitter of an wireless set ig 
an apparatus for producing & continuous succession of electro-magnetic — 
waves, known as the carrier waves, by creating oscillating electric 
currents in an earbh-connected long wire, called the Aerial. 


219. Oscillatory Cireuitt—Before considering how esoillating 
electric current can be produced, let us take a mechanical illustration, 
Byery one must have seen that when a spring door is deflected from its 
normal position of rest and then released, it returns to its position _ of 
rest, but having acquired some speed it 'overshoots the mark’, and 
cannot stop af its position of rest due to inertia. The door then continues 
to move to-and-fro several times, the amplitude of vibrations gradually 
becoming less and less until it finally oomes to rest, Instead of releasing, 
the door all on a sudden fron some distance, ib oan be gradually made 
to stop at the position of rest by continually offering resistance to its 
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movement. So itis seen that there are three necessary éconditions 
for this oscillatory moyement— 

(1) There must be a return force; that is, one which tends to: 
restore the door to its original position ; or, in otber words, it must 
have elasticity. 

(2) It must have inertia. 

(8) The resistance must be low. . È 


These three conditions must be fulfilled by any typeof osoillation, 
and so the above conditions must be met by an electric oircuit to be 
oscillatory. Tte first of the above conditions, 4e. elasticity, is supplied 

a condenser. A condenser consists of two or more tinfoils separated 
by a dielectric, e.g. glass or mica. à 


The tinfoils merely act asa means of distributing the applied 
electro-motive force uniformly over the surface of the dielectric. If 
the two ends of a charged condenser are joined by a conductor of low 
resistance, say, a thick copper wire,a quantity of electrons, much 
greater than the required number to discharge the condenser, rush in 
from one of the plates to the other, and the charges on the plates are 
momentarily reversed, i.e, the positive plate receives more than the 
required number of electrons (negative charges) to be discharged and so 
it becomes negatively charged, and the negative plate by losing more 
than the required number of electrons becomes positively charged for 
the moment. Now a quantity of electrons again rush into the negative 
plate, i.e. in the opposite direction, and the charges are again reversed. 
This process is repeated several times like the oscillations of the spring 
door until the condenser is finally discharged, but each time the 
quantity of the electrons transferred is much less than the preceding 
discharge, and in this way the electric oscillation is rapidly damped 
down asthe oscillatory spring door gradually stops at its normal 


position, 


Besides the above quality of acondenser as equivalent to ‘elasticity’, 
an oscillatory circuit must also possess the property equivalent to 
‘inertia’ in ordinary matter by virtue of which every body tends to 
oppose any change of state. Ifacoil of wire is included in the electric 
circuit, the self-induotion of this coil gives ‘inertia’ to the current in the 
cirouit ; for when the current begins to flow, there will be an induced 
electro-motive force of self-induction, which opposes the flow ; and after 
the current continues to flow, the slectro-motive force of sel(-induction 
opposes the stopping of the current. For the same reason that the: 
spring door swings past its positions of equilibrium, the inertia (self- 
induction) of the current flowing in any circuit consisting of a condenser 
and a coil of wire prevents the current from stopping at the exact moment. 
the condenser is fully discharged ie. the self-induction of the coil 
causes it to ‘overshoot’ the mark and thus the discharge becomes. 


oscillatory. 
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Fig. 187 shows the essentials of an oscillatory electric cirouit which 
consists of a condenser, a coil of wire and a short spark gap, the two ends 
of which are joined to the terminals of an induction coil, Oa passing a 
current through the induotion coil, a succession of sparks will pass 
through the gap. It has already been explained that the discharge of a 
condenser may be compared to the swinging of a spring door, when taken 
to one side from its equilibrium position and released all on a sudden. 
Due to elasticity the door will continue to move to-and-fro several 
times, the amplitude gradually becoming less due to friction and 
algo due to resistance offered by air, until it will finally come to rest. 
The movement in this case is oscillatory. Similarly, when the 
condenser is discharged in this manner, the electricity does not rush 


Condenser 


` Current 


Time 


Fig. 187—An Osoillatory Oirouit, Fig, 188 


across in one direction but surges backwards and forwards, first charging 
up one plate and then the other, ie. the charges are momentarily 
reversed until its energy is damped down and finally exhausted by the 
oiroui& The current passing between the terminals may be represonted 
graphically by Fig. 188, An oscillation of this type is called damped 
oscillation. 


Of the three necessary conditions of an oscillatory motion, for which 
a simple arrangement is shown in Fig. 187, low resistacce in this onse of 
spark discharge is obtained by having the spark gap as short ag possible j 
the capacity of tha condenser is equivalent to the quality of ‘elasticity’, 
and as a coil of wire has got a better inductive property, i.e. ‘inertia’, 
than a straight wire a coil of wire bas been introduced in ‘the 


circuit (Fig. 187). 4 


-Ordinarily, electrio lines of force connect the Plates of a charged 
condenser, but, during discharge, these electric lines of force collapse, 
and they are replaced by circular lines of magnetic force lying in planes 
perpendicular to the conducting wire, which are set up by the current 
surging through the circuit. So when an electric discharge passes through 
the spark gap (Fig. 187), the to-and-fro motion of the current causes the 
radiation into space of electric and magnetic lines of forco, These groups 
of electric and magnetic lines of force following one another in rapid 
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succession give rise to what are termed electro-magnetic waves which 
are capable of travelling through space iu every direction with an 
enormous velocity, $e. the velocity of light (186,000 miles per second), 
and hence can reach any part of the world in only a fraction of a 
second. 


It should be noted that the only difference between the waves sot 
up in the above manner and light itself lies in their frequency, i.e. the 
number of vibrations per second. So they differ in wavelength and 
inthe manner of their detection. These electro-magnetic waves aro 
detected by special apparatus, whereas, light waves are perceived by the 
eye and possess much greater frequency. Their differences ara thus 
merely of degree. 


211. Magnetic and Electric Strain in the Ether (Electro- 
magnetic Waves) :—In order to understand more fully the radiation 
of electro-magnetic waves by means of 
an oscillatory electric circuit we should 
consider the condition of the medium 
in which the electric oscillations take 
place. 

We know that a suspended magnet 
is attracted by another magnet and 
begins to move towards it even when the 
other magnet is some distance away. The 
suspended magnet must be moving due 
to some force and the foros must be 
acting through some medium. If we 
wish to move a body from one place to 
another, ib can be done by pushing it 
with a rod or by pulling it by means of a 

Fig. 189 rope, that is, in either case there must 

be a medium through which the force is 

transmitted ; and the medium which in this case is the rope, or the rod, 
must be under strain af the time of transmitting the force, 


Similarly, the force, in the case of the magnets referred to, is 
transmitted through a medium which is ether (and not air, as the above 
magnetic phenomenon takes place also ia vacuum) and the ether is 
strained at the time of transmitting the force of attraction from ono 
magnet to the other. The lines of magnetic force (Part V) are all 
lines of magnetic strain in the ether by which magnets and magnetic 
substances are affected. In the same manner we have lines of electric 
strain in the ether between two charged bodies, one positively and the 
other negatively. We have seen in Art, 16 that when a current flows 
in a wire, lines of magnetic force appear round the wira in ooncantric 
circles. Those are lines of magnofic strain in the ether, and it should be 
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noted that a magnetio field is created by an electric current in motion, 
and there is no magnetic strain line in ether when electricity is at rest, 
though there are electric strain lines present. In Fig. 189 (a), the ether 
between the two charged bodies A and B, one positively and the other 
negatively, is electrically strained and there are mex La 
elestrical strain lines (indicated by dotted lines) pr k 
between them. Now, if A and B are discharged t 
by a spark passing from A to B, there will be a => eea 
flow of electricity from A to B (but according to p A ) 
the electron theory it is from B to A) and so { s. 
magnetic strain lines will at once appear round Pe 


the path of the spark and it should be carefully DEOR 

noted that these magnetic strain lines (indicated i5 E» i 

by continuous lines) are at right angles to the eem 

oleotrio strain lines [ Fig. 189(5)]. = — 
In an osolllatory circuit, as soon as a Jc e. 

discharge takes place, the electric lines of force Cw 

will rapidly contract and so will be in motion, "d 

thus constituting the elestrio current, and they vA TE 

will give rive to cireular lines of magnetic force Bago So 

[Fig. 189 (b) ]. Tae discharge being oscillatory, 07 


the charges on the knobs will ba reversed and the L— o 


lines of electric force will re-appear with their La 
directions reversed. Now at the time of oon- S EMI TSSd 
traction, those lines do not approach the rods as qu 
rapidly as their opposite ends move along them, 

and so they assume a pear shape, as shown in Fig, 190 


Fig. 190(a). At a later instant, the ends of the 

lines will overlap, as shown in Fig. 190 (5), and the main length of the 

line will be separated and thrown off as an independent closed loop of 
electric straia [Fig. 190()]. The detachment of 

loops constitute electric radiation, 


In this way a series of detached electric loops 
will travel outwards with a velocity of 186,000 
miles per second, the direotion of the electric 
strain being opposite in successive loops, Those 
loops in travelling outwards with the velocity of 
light will give rise t3 loops of magnotio strain 
which are also in opposite directions in 
consecutive loops. The magnetio strain is always 
at right angles to the direction of the 
electric strain (Fig. 191). These two sets of 
strain, electric and magnetic, constitute the 
electro-magnetic wave. This wave is trans- 

Fig. 191 mitted with an energy, which is partly electric 
and partly magnetic, in a direction perpendicular to the plane containing 
both the directions of electric and magnetio strain. 
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212. Historical :—Sir Oliver Lodge first showed thab when m 
Spark passed across an air gap in one cirouit, another spark jumped 
Across another gap ina separate circuit placed ata little distance, 
provided the second cirouit was "in tune" with the first ie. the 
natural frequency of olectric oscillation of the second  ciroui& was 
the same as that of the arriving electric waves. In 1888 the 
famous German scientist Hertz first showed that the disturbance 
in the intervening medium was of the nature of a waye motion 
traversing the ether. He generated electro-magnetic waves, detected 
them ab a distance, measured their wave-lengths, and also proved that 
they could be reflected and refracted like waves of light. Sir J. C. Bose 
of Calcutta also produced and detected these waves at about the same 
time. Signor Marconi discovered means of transmitting and receiving 
these electro-magnetic waves over long distances, 


213. Transmission of Electro-magnetic Waves :—Fig. 199 
represents a simple wireless transmitting 
Ya cirouit, At each discharge along the spark 
gap S, obtained by the induction coil I. C., 
oscillations occur, due to which electro- 
E Magnetic waves are generated and emitted 
by the aerial A, which travel through 
Coil space with the velocity of light. By 
i altering the capacity of the condenser C 
&nd also by altering the number of turns 
of wire in the coil, ie. the length of the 
coil, included in the oscillating oirouit, 
the frequency and hence the wave 
length of waves generated, can be changed 

ec 


and thus the circuit can be ‘tuned’ 
(vide Art. 214), as it is called. Ita key 
Fig. 199—A Transmitting isincluded in the battery circuit of the 
Circuit. induction coil, sparks oan be generated by 
means of it ; the number of these sparks depends on the duration 
of the depression of the key and signals based on these sparks oan 
be transmitted, as done with the Morse code in ordinary telegraphy. 
Marconi fire showed that in order to inérease the radiating property 
of the circuit by setting up much stronger waves by a comparatively 
smaller strength of current ¢,¢. to radiate out more energy in the form of 
waves'so that the wavos are capable of detection at greater distances, one 
plate of the condenser should be connected to along wire, called the 
aerial, and the other to the earth, as shown in Fig. 192. It is found that 
the long wire itself can serve asone of the plates of the condenser, so 
the aerial and the earth may be considered to form two Opposite plates of 
a huge condenser. 


214, Wireless Telephony :— Wireless telephony which is the ark 
Of wireless transmission of speech, or music, has been Possible owing to 
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he’ discovery of methods for generating electro-magnebic waves 
which are uniform in amplitude and not broken into isolated groups as 
those generated by sparks. Such waves are termed continuous undamped 
waves. Because of their uses in the transmission of speech or musio, 
they are also called Carrier waves, The difficulty with the spark-method 
of transmission is that the note dus to the sparks themselves will be 
always audible in the telephone of the receiving circuit; for, the sparks 
to be inaudible have to be produced at a frequency greater than 16,000 
which is impossible to be attained in practice. Moreover, sparks being 
intermittent in character are incapable of transmitting the continuous 
waves which are characteristic of sound, 


If the wave-form characteristic of any note can be superimposed 
upon a system of radiating electro-magnetic waves of the continuous type 
then wireless telephony becomes a possibility. The process is called 
Modulation. The continuous electro-magnetic waves may be generated 
from an aerial by using a Poulson arc system, or by means of triode valves, 
the latter method being almost universal (vide Art. 298), The 
sbaracteristios of the sound may be superposed on the carrier wayes by 
the following simple method. 


Suppose a microphone is directly inserted in the aerial of an wireless 
transmitter ; any sound-wave falling on the diaphragm of the microphone 
will cause fluctuations in the current oscillating in the aerial, bub ib will 
not affect the frequency and wavelength of the radiated waves, The 
modulated waves will cause similar fluctuating currents to be produced 
in the receiving aerial of a distant station and the receiving telephone will 
reproduce the original sound. The above method of inserting the 
microphone directly in the aerial is applicable with small currents only in 
the aerial. Other methods are used in modern broadcasting stations, 


215. Tuning :—We have seen in Arb. 46. Part III, that if two 
buning forks mounted on resonance boxes, have the same frequency of 
vibration by striking one of them, the other responds in sympathy. This 
phenomenon of resonance is due to the fact that sound-waves starting 
from the first fork impinge upon the second one, which gives out waves of 
the same frequency ; but the second fork will remain unaffected, if the 
frequency of the impinging waves is different: 


The same thing happens also in the cass of electro-magnetic waves. 
"When these waves cut across the aerial of a receiving station, an E.M.F. 
is set up in the long wire, as we know that when a conductor cuts across 
a number of magnetic lines of force, or magnetic lines of force cub across 
a fixed conductor, an induced E.M.F. is set up in the conductor. The 
direction of the induced MF. willbe rapidly changing owing to the rapid 
change of direction of the magnetic lines of force. The oscillating EMF. 
sets up a feeble oscillating current in the aerial. In order that the receiving 
circuit may respond efficiently to the incoming waves, it is necessary to 
adjust ib so that the natural frequency of the circuit as a whole corresponds 
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with the frequency of the Waves, or in other words, the aerial and other 
parts of the circni§ should be properly ‘tuned’, 


216. Reception of Electro-magnetic Waves : Crystal Receiving 
Set :— Fig. 193 Tepresents n simple receiving set which contains three 
essential parts namely, the aerial A, the rectifier D, and the telephone 
T. In the serial, oscillatory currents 
A are seb up by the incoming waves, 
These induce oscillations in the coil 
of the second oscillatory circuit which 
is to be ‘tuned’ with the oscillatory oir- 
ouit at the transmitting station, that is, 
the capacity and inductance of the circuit 
are adjusted so that the natural frequency 
of the circuit as a whole corresponds 
with the frequency of the incoming 
waves. As the telephone included in the 
Circuit will not respond to all such rapid 
alterations of current of the oscillating 


E, circuit, a certain crystal, such as Galena 
Fig, 198—Crystal Receiving Or Carborundum, is to bo included in 
Circuit, the circuit, which conducts electricity in 


one direction only. Thus the crystal acts as a rectifier by converting 
the oscillatory current into a unidirectional current, which acts on the 


converting a high frequency oscillatory current into a unidirectional 
current is known ag rectification, 


217. Thermionie emission ;—It is a known fact that tho 
conduction in metallic conductors is mainly due to the ‘free’ 
electrons present in them. These free electrons or conduction 
electrons move about inside the metal obeying the ordinary laws of 
Kinetio Theory of gases. So tbesenre sometimes called as electron 
gas. When a fine metallio wire (e.g. Tungsten wire) is heated to a 
high temperature in vacuum, some of these free electrons acquire 
sufficient kinetic energy to penetrate through the surface layer of 
the metal. These electrons are then emitted out from the hot wire 
and this phenomenon of emission is known as thermionic emission, 
The minimum energy required by these electrons to penetrate through 
the surface is known as the work function. O. W. Richardson extensively 
Studied this phenomenon from the theoretical ag well as’ from the 
Practical standpoints and found that the number of electrons emitted 
per second per om?, of a conducting surface depends only on the 
temperature of the conductor, The thermionic vacuum tubes or valves 
are constructed on this prineiple of thermo-emission. 


218. The Thermionie Valve: A thermionic valve is an 
essential part of all modern wireless sets. The Fleming Valve, a 
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discovery of Dr. J. A. Fleming in 1904, consists of a vacuum eleotric 
lamp with its tungsten filament F' surrounded by a hollow cylinder 
of copper or nickel P supported from a platinum wire sealed through 
the glass (vide Fig. 194). Oonventionally, this metal oylinder is 
represented by a flat plate placed above the filament as in Fig. 195, 
The filament is such that if can be made incandescent by two or three 
acoumulators. 


Aotion of the Fleming Valve.—' To understand the action of the 
valve ib is only necessary fo remember that a current through fhe 
filament means the flow of millions of electrons along it at an enormous 
speed ; the speed being very great, some of the electrons escape from 
the filament just as particles of steam are 
evaporated from the surface of heated water. 
Tho space around the filament thus becomes more 
or less occupied by the emitted electrons, This 
constitutes what is called the  Space-charge. 

- Suppose, then, that a positive charge is given to 
the plate. Some or all of the electrons in the 
space-charge will be attracted to the plate. This 
flow of electrons towards the plate is equivalent 
to an ordinary electric current in the opposite 
direction. If the plate should be charged up 
negatively, the electrons would be repelled and 
no current will pass. If the potential giver to 
the plate due to positive charges be gradually 
increased, the electronic current will also increase, 
more and more electrons being attracted to the Fig. 194 
plate ; but ultimately, a potentia! may be attained when all the electrons 
emitted by tne filament will be attracted to the plate at the rate at which 
they are emitted and the current will assume a limiting stage when the 
current will not increase any further on further increasing the potential, 

This value of the potential of the plate 
is ordinarily referred to asthe Saturation 
potential. The valve is called a thermionic 
valve because its ction depends on the 
electrons, ie. particles charged with eleotri- 
city emitted by a hot filament. 


In Fig. 195, it has been shown how the 
i positive charge on the plate P may be main- 
= tained by connecting it to the positive termi- 
Vie nal (through the galvanometer G)ot a battery 
^ of cella B, the negative of which is connested 
Fig. 195 the negative of a battery A used for heating 

the filament F. As explained above, a current wiil pass through 
plate circuit, the circuit between filament and the plate being completed 
by the electrons emitted by the filament. This current will be readily 


Copper 
cylinder 


_} Tungsten 
filament 
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detected by the galvanometer G, Suppose, now, the battery B ig 
reversed having its negative terminal joined to the plate P, Thera 
will be no current flow now, because the electrons will ba repelled by 
the negative charge of the plate, 


Thus the valve allows the current to pass in one direction only and 
may therefore be used to act in the same way as a crystal rectifier. 


219. The characteristic of a diode :—As has Been stated 
above, no anode current, Ig, flows when the anode potential 
Va of the diode is negative with respect to the filament. Fig, 195 
illustrates a circuit for determining 
the characteristic (Z,—V,) curve of 
a diode. The anode A is maintained 
at a positive potential relative to FP 
by means of a H.T. battery of 
Several hundred volts. Tho EDU 
negative terminal ig connected to 
F, so that the reading of the 
voltmeter Y is the potential of the 
5 anode A relative to the filament P 

Fig. 196 Which is adjusted by means of a 
potential divider (BRC), The anode current Iq isread on the milliam- 
meter in the circuit. When anode potential V4 is positive the eleotrons 
travel from F to A, and return to the filament through the potential 
divider, Fig. 197 illastrates the characteristic curve of the diode for 
different values of Va. 


The nature of the carve cin bə explained as folows: the 
number of eleobrons reaching the anole per second depends on the 
intensity of the electrostatic fold round the filament, When Va is 
zero, the electrons emitted at 
F wil make the filament 77> 
Positively charged and will 
hence be attracted back 
again fo F. So no anode 
current J, is obtained. When 
Va is made positive somo 
electrons always reach 4 and 
the electrostatic field round 
the filament is then deter. 
mined by V, and the effect 
“of the electrons moving at 
any instant between 4 and 
F. Tho cloud of electrons 
- inside the valve gives rise to 
a negative charge, known ag Fig. 197 
the space-charge, which, bezause it has a repulsiv» effecton elactrong 
emitted from F, produces an intensity round P opposite to that due 
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to the posltive anode potential Va. Owing to the space-charge the 
number of electrons per second reaching the anode when Va is positive 
is not the same as the number emitted by F per second, the remainder 
returning to the filament from tbe space-charge, This is why the 
expected thermionic current as given by Richardson's equation, namely 
I,—AT*5—VT, is not wholly collected by tho plate (anode). In this 
equation A is a characteristic constant of the emitting surface, $ is the 
thermionic work function, k is the Boltzmann constant and 7 the 
absolute temperature of the emitter. Only when the saturation condition 
is reached, the current I, becomes equal to I, as given by the above 
equation, As V, is increased, the increasing attraction on the electrons 
emitted results in more aud more electrons reaching the anode and J, 
inoreases until all the electrons emitted by F reach A, The current 
then becomes constant no matter how much Va is increased. This 
current is known as the saturation current. Along OAB (Fig. 197) 
the current is said to be ‘space-charge limited! and is given by the 
Child-Langmuir relation, Z;^ KVa°"* where K is a constant. The 
saturation current can be deoreased or increased by altering the 
temperature of the filament (as shown by the dotted curve) and is 
effected in practice by varying the voltage applied to the filament. 


220, Slope Resistance, Rp :—Ií fora small change (87) in the 
plate voltage Va, the corresponding change in the plate curront Ia i3 87, , 
then the ratio 3V,/A7, is called slope resistance, A 


że. Slope resistance, E. e -4 
a 


221. Halt-wave rectification:—One of the important uses 
of the diode is rectification of an alternating voltage to a direct 


voltage. The principle of this 
|, 


Fig. 198 illustrates a transformer 
with an ao. voltage applied to output 
the primary. A part of the secondary 
winding is used to provide the 
necessary voltage to the filament 


rectification is explained below. 
C] 


) 
F and the rest is conneoted k e 
the anode A with a resistance 
in series, The  waye-form of the | wa Input 
alternating voltage ^ across the 
secondary is shown in Fig. 199 (a). Tig. 108 


On the positive half of the cyole the anode potential becomes 
positive relative to F. On the negative half of the same cyole, A 
becames negative rolativeto F. Thus the valve conducts daring the 
positive half of the cycle and does not conduct during the negative hall. 
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Fig. 199 (b) shows the current in R (Fig. 198) and the voltage V across 
R. Soon the average, there is a voltage in one direction across E, and 


melink et 
t ya JV across Re 
Time — 
(a) (b) 
Fig. 199 


^ voltmeter placed across E would register a deflection. Thus an alter- 
nating voltage is converted to a voltage operating in one direction. But 
the reotification here takes place only during one half of the cycle and 
the applied aec. voltage during the other half is not utilized. So this 
method gives half-wave rectification only. Moreover this reotificd 
voltage is fluctuating in nature. It has a d.c, component and an attending 
a.o. or ripple component. 


So to obtain a fairly steady rectified voltage across R,a filter 
circuit should preferably be arranged. In the simple. form it consist; 
of two suitable condensers in 
aoe s E and placed in t 

ween and the plate. CTIFIED 
Between these two condensers, VOutAce G 
a suitable inductance is to be L 
included in series with the x 
line wire (Fig. 200). I6 can 
bo shown that with proper Fig. 200 
values of these reactances included in the circuit, very little fluctuation 
ot the voltage willoccur as the condensers will act as by-pass for the 
ripple component but will offer practically infinite resistance to the d.c. 
component and the inductance offer a nigh reactance to the a,c. compo- 
nent and a smal! resistance to the d.c. component, 


222. Fuil-wave rectification :—In the above method of reoti- 


fication only one half of 
AC.input E 


C1 Sk 


the applied alternating 
H voltage wave is utilised, In 
output order to obtain a steady 

i voltage, full. wave rectifica- 
: tion is necessary and both 
halves of an alternating 
voltage wave are to be 


Direction of electron flow 
Fig. 201 utilised, 


Fig. 201 illustrates the essential arrangements that are used to 
oktain a tteady D.C. voltage. Ib consists of a transformer with a 
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centre: tap T in the secondary windings X. The anodes 4,, Ag of & 
double-diode (a duo-diode) valve are connected to the two ends of X. 
The duo-diode actually consists of two diodes contained in one glass 
envelope. A small secondary winding provides the necessary — 
voltage for the filaments. The point 7' of the secondary coil can be 
considered as the zero potential point íor the alternating voltage in the 
secondary. At any instant when the upper end of X has a positive 
potential relative to T, its lower end shall have an equal negative 


+ 
iv 
Se Time 
| I" 

a S 
g 
< - 

(a) 
Fig. 202 


potential relative to T. In this case electronsare drawn towards 4;, 
but nob to Ay and hence there is a current in Randa voltage across 
it. During the other half of the same cycle of the alternating voltage. 
Ag acquires a positive potential and A, a negative potential, and 
hence electrons are collected by 4, and not by Ay. Thus a voltage 
across R is again obtained, and as the electrons flow through R in the 
same direction as before, the voltage across E is in the same direction, 
Thus the output voltage across E is fluctuating in nature, but it is 
always in the same direction as :hown in Fig. 902(d), and to eliminate 
the variation a filter cirouit is used. This filter circuit essentially 
consists of suitable capacitanoe and inductance included in the output 
side of the cirouit to smooth out fluctuations. 


In Fig. 203 it has been shown how a Fleming Valve may be used 
as a rectifier in a receiving circuit. The circuit is similar to that 
in Fig. 198, the Fleming valve taking 
the position of the crystal rectifier D. d 
The oscillations picked up from the rla! oscillating fais 
aerial charge up the plate alternately, circuit Valve 
positively and negatively, When the 
charge on the plate is positive & cur- 
rent traverses the telephone but no 
current passes when the charge is 


negative. 
223, The Triode (or Three-elec- 
trode) Valve :—The Fleming valve Telephone 
was greatly improved upon by Dr. Lee E 
de Forest in 1907, who inserted a third Big. 203 


electrode known as "grid" bebween 
the plate and the filament. Fig. £04 represents a Triode valve. The 
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grid causes a great difference of the ourrent strength in the 
telephone, So the grid helps to magnify or amplify smaller 
osellations. In practice,2 the grid G is connected to the asrial 4 
(Fig. 205) and any feeble oscillations which reach the valve create 
small but rapid alterations of potential in the grid. The grid is 
thus automatically charged positively and negatively each time the 
current in the aerial reverses, and hence reotifies the current by 


Big. 204—Triode Valve Fig. 205—Triode Valve used 
in a Receiving Cirouit. 


allowing current in one direction only. So a greatly amplified direct 


-urrent is produced in the plate filament circuit by which the tele- 
iphone is worked. 


224. Static characteristics of a Triode 1—In a diode valve there 
are two factors, I4 and Va, only which control its character. In a triode 
valve there are four such controlling factors, namely, Za, Va; Vo and I; 
where V; and I, are grid potential and grid current respectively, When 
the grid potential is negative relative to the cathode potential, no 
electrons would flow in the grid circuit. Ij will then be zero. 


Anode characteristies.— When the grid voltage Vp is kept constant 
‘and the anode voltage Y, is changed, the anode current 7, will also 
change. The curve showing the relation be&ween I, and Va is known as 
the anode characteristic Corresponding to that Vz. When Ys 
is changed to another constant value and I, and Va are varied, 
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another anode characteristic is obtained. In this way a group of 
characteristic ourves may be obtained. 


Fig. 206 illustrates a cirouit for obtaining the anode characteristics of 
a triode. A potential divider 
arrangement is used across 
a H. T, battery and also 
across a smaller battery 
known as the grid bias 
(G. B.) battery. The 
current, Ig, flowing 
through the valve is ordi- 
narily of the order of 
milliamps. andis measured 
by a milliammeter mA. Fig. 206 
It should be noted that nd : 
the G. B. positive terminal and H.T. negative termival are both 
connected to the filament of the valye, thus obtaining negative grid 
voltages and positive anode voltages from the corresponding batteries. 


When Vg, is kept constant at zero volt by properly moving 
the sliding contact on the potential divider, curve (a) 
is obtained when Va is varied 
( Fig. 207). This is explained 
by the increase in the electrostatic 
field round the cathode as Va is 
increased positively ; more and 
more electrons are drawn 
towards the anode until the 
negative influence of the space- 
charge is completely overcome, 
when the saturation current is 
reached. This corresponds to 
ain Fig. £07. As with the 
$ diode, the saturation current is 

Fig. 207 measured by the number of elec- 
trons emitted by the cathode per second at a particular temperature, 


When the grid voltage is altered to —1 volt and maintained constant, 
as Va is varied the anode current varies as shown by the 
curve (2). Unlike the case when V; was kept at zero, no current is 
recorded until an anode voltage corresponding to OO; is reached. This 
is explained by the fact that a potential of — 1 volt on the gird opposes 
the electron flow from cathode to anode. The curve (8) is obtained 
when Vy is kept at —2 volts. Here no current flows until the anode 
voltage exceeds OOs. 


The anode characteristics are curved at the lower ends and are fairly 
straight and parallel along the major parts, 
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Mutual characteristics.—With the circuit arrangements in 
Fig. 206, V, can be kept constant and Vy varied. Fig. 208 illustrates 
the Z,— Vg curves obtai- 
ned when Y, is kept 
constant at the voltages 
indicated in the figure. 
These curves are known 
as mutual characteris- 
ties of a triode valve. 
When Va is constant say, 
at 1207, increasing the 
negative grid voltage 
causes a gradual fall in 
the number of electrons 

fg: 408 arriving at the anode 
until the point A is reached, when current totally stops, Ais known as 
the out off point of the characteristic. In the same way, when V, is 
kept constant, say, at 1007 and V, is increased negatively, the anode 
current gradually decreases and finally falls to zero at D. Similar is the 
curve Kim corresponding to an anode voltage of 80, As the grid voltage 
is increased on the positive side, each of these ourves will first run 
parallel and then approach the saturation value. The mutual characteris- 
tios are curved at their lower ends and are fairly straight and parallel 
along their major parts, 


The constants of a valve. When judged by the effect of the grid 
and anode potentials on the flow of anode current, every valye has three 
constants’, These are (i) the anode slope resistance or A. O. resistance 
ol (ii) the mutual conductance (gm), and (sit) the amplification factor 
(u). 


(i) Anode slope resistance or A. C. resistance Rq.—This 


constant is defined-by R= 30s where 8l, is the change in anode 
a 

current when a change $V, is made in anode voltage, keeping 

Vo constant. Ra is occasionally called the impedance of the 

valve too. When the valve is operating in a cirouit, changes 

in Y, generaliy takes place along the straight part of the 


characteristic and hence the ratio a is usually calculated along that 
4 


barb of the characteristic. As evident from Fig. 207, since 
8Va=ND and 51,— KL, Rg is calculated from the Ia—Vq curve as the 


NL 
ratio EL li, isexpressed in ohms when SV, is in volts and 8I, 


is in amperes, 
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(i) The mutual conductance gm; of a valve is the ratio 
aT, 
^M, when V, is kept constant, It is a measure of the obange in 
anode current when a change in grid voltage is made. As with anode 
slope resistance, the mutual conductance is also calculated from the 
straight portion of the characteristic. When 68J, is measured in 
milliamperes and Vg in volts, the mutual conductance is.expressed in 


milliamps. per volt or in mhos, 


(iii) The amplification factor, “ of a valve is defined as 
LV, (V, remaining constant) 
3 Vo (Va remaining constant)’ 
the changes 5Va, 5Vp being such as to make the same change SZ, in the 
anode current. So it follows that in order to keep 67, constant when 
3Va is increased, the value of SV; must be diminished or the negative 
grid voltage is to be jnoreased. "Thus 4—(8V4/5Vg), Ia is intrinsically a 


nogative quantity. 
From oases (i) and (ii) we have, 8Va=RaX 01a 
L8. 


gm 


and 8Vo . Thus “#=RaXdm. 


From the definition of « it is evident that the amplification factor is 
a measure of the relative efficiency of the anode and the grid in altering 


the anode current, 


225. Triode as an A. C. generator and voltage amplifier :— 
A triode valve generally handles alternating voltages applied 
in the grid-filament circuit. [ema 
This gives rise to varying [Ra 
current in the anode circuit 
too as will be evideot from 
the following discussions. 
Fig. 209 shows & simple 
triode cirouib with an alter vi 
nating input voltage V; and y 
a resistance R in the form 
ofa load in the anode circuit * 
across which an output vol 
tage Vo is secured. ATHE, Fig. 209 
battery allows the valve to function and steady grid bins G.B.) 


+ 


iili 
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battery in the grid circuit supplies a negative bias to the grid. 
Suppose this bias voltage is represented by O P in Fig. 210, which 
corresponds to the point M onthe straight portion of the Ia- Vo 
curve. It OP-— —6 volts, and alternating voltage V; has a peak 
value of 4 volts, the actual voltage is (—6+4)=—2 volts at the 
positive peak of Vi. At the negative peak of V; the grid voltage 
becomes (—6—4)— —10 volts. Other actual grid voltages can be 
similarly deduced by adding— 6 volts to the corresponding values of 
Vj. The actual grid-yoltage variation with the variation V; is obtained 
by drawing the waye-form of V; about the grid bias line MP. 


When Vi is zero, $e. when no signal is received by the valve; the 
anode current is given by OD. For all values of Vy. it can be represen- 
ted by the line MDE. This is the pre-signal value of Z, When a 
signal is received, the anode ourren$ varies in response to tho actual 
variations in the grid-voltage. Asthe anode current varies along the 
straight part of the characteristic, its wave-form is exactly the same 
as the wave-form of V;. The output current wave-form is thus 
undistorted with respect to the input wave form, Here as tho straight 
portion of the characteristic is utilised, the output supply will be amplified. 


Fig. 210 


more and more as the steeper characteristics are chosen, This is evident 
from Fig. 210, Here small change in grid potential from OS to 0g 
causes a comparatively bigger jump in the plate current from SL to QE. 
Cx steeper the characteristic, the more pronounced will be this 
change. 


\ 
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220. The Triode Valve used as Oscillator in a Transmitting 
Cireuit :—In Fig. 211 it has 
been shown how by means 
of a reaction coil in the plate 
circuit of a triode valve it is 
possible fo generate undam- 
ped high frequency electro- 
magnetic oscillations. The 
windings of the coil in the 
plate circuit, and coil in the 
grid  oiroui& can be so 
arranged that an increase in 
fhe plate current will cause a 
fall in the potential of the 
grid which will therefore 
diminish the plate current ; 
similarly, a fallin the plate 
eurren& will cause an in- 
crease in the grid potential Fig. 211— Triode Valve used as Oscillator 
to be followed by an increase in a Transmitting Cirouit. è fù e * +) 
in the plate current, Itis 
thus olear that once the oscillations are started, they will be maintained 
constant as long as the energy supplied by the battery is maintained. 5:5] 


These undamped oscillations may be modulated, in wireless telephony, 
by modulating the current of the coupled aerial by inserting in it a 
microphone. ‘The method described is only suitable for transmitters of 
small output. In actual tranemitters used in broadoasting, ordinarily 
modulation of the plate current is used. 


297. Semisonductors and Transistor :— 


Semiconductors are orystalline solide having their electrical 
properties intermediate between those of conductors and insulators. The 
electrical conductivity of these semiconductors ranges from 1075 tc 
10? ohm. * em. *. Their conductivities are strongly dependent on 
temperature according to the relation, c— 4677/17, where A and E are 
constants, k is Boltzmann constant nnd 7' is the absolute temperature, 
So, as the temperature increases, the electrical conductivity of a semi- 
conductor increases and ibs resistance diminishes. ‘The conductivity is 
also strongly dependent on the impurity contained in the semiconducting 
material, In the pure state most semiconductors behave as insu'ators 
particularly at low temperatures, At low temperatures the energy levels 
(or bands) of such substances are either completely filled up or totally 
empty with intervening gaps between these two types of bands. As at 
low temperatures the electrons of the semiconductors are held in valence 
bonds, no conduction electrons are available, under normal circums- 
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tances, fo conduct electricity. If, however, by supplying external 
energy in the form of thermal energy or by the action of light, 
these valence bonds are broken, the electrons may be seb free. 
The supplied energy should correspond to the gap between the filled and 
the empty bands. The energised elestrons would then ross the gap3 
The space that is lef unoccupied when an electron escapes from a valence 
bond is known as a hole, which is readily filled up by an electron from 
an adjacent atom, wherein a new hole is thus created. This process 
continues and ib seems that the holes also mova about in the atom in the 
game manner as the electrons. We know that the electrons drift towards 
the positive terminal. Bat these holes move towards the negative 
terminal and a conduction effect apparently of positive sense is created. 
Tf the semiconductor contains some impurity (to the extent of 1 atom per 
10 millions cf pure semiconductor atoms), it becomes conducting even in 
absence of any external energy supply. This is because of the fact that 
the impurities are so chosen ag to have their energy levels in bəbween 
the energy bands of the semiconducting material The choics is made 
intwo ways. The energy levels of the impurities may be either 
just below an empty energy band or just above an oocupied energy band 
of the semiconducting material, 


If the requisite minute amount of phosphorus (as impurity) is added 
to silicon, the phosphorus atoms would replace some of the silicon atoms 
from its regular array in the cryatal. Now the energy level of phosphorus 
being just below an empty band of silicon and one of the valenos electrons 
of the former being loosely bound, this electron would readily occupy 
the vacant band. This electron donated by the impurity, is responsible 
for the conductivity of silicon. So the impurity hore acts as a donor 
and as the ourren& here is mainly duo to the drift of the negatively 
charged electrons such semiconductors (Si with P) are known as n-type 
semiconductors. When boron is added to Si in minute quintities, the 
energy level of boron lies just above a filled up band of silicon. As tha 
valence bonds of silicon are not exactly satisfied, the boron reaidly accepts 
an electron from silicon and serves as the acceptor. Here the coaduo- 
tivity of the semiconductor is due to the so-called drift of the holes which 
are attributed with positive charge. So silloon with boron as impurity 
forms a p-type semiconductor. 


The above properties of semiconductors have been utilised in 
the construction of a transistor, which is one of the most important 
developments in electronics in recent years. It is a simple and small 
device which can serve the purpose of a number of tubes in a radio- 
Seb. It consists of a small semiconducting bead of germanium or 
silicon orystal containing the requisite amount of impurity. Two fine 
wires of phosphor bronze are sealed in this bead, One of the wires 
serve as the emitter (E) and the other as the collector (C). A third 
electrode called the base (B) is also inserted at the bottom of the bead. 
In a transistor, the emitter, the collector and the base serve the same 
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purpose as bhe anode, grid and the cathode in a triode tube. The tran- 
sistors may be of different types according to the different ways adopted 
in their construction. In one form (point- contact type) as shown in 


ee 
i 


^ 


f 
i 


HH 


Fig. 212(a) Fig. 212(d) 
Fig. 212(a) the two embeded points of the emitter and the collector are 
only x$v of an inch apart. The input power is delivered to the emitter as 


shown in the circuit diagram [219(b). This is then amplified and 
transmitted to the collector when small bias voltages are supplied by 
batteries. The current taken is very small and amplification may be 
about 100 times, If the crystal of semiconductor used in the above 
transistor be of n-type, then due to the passage of a large momentary 
current across the points of contact, heat is produced there. The thermal 
energy drives a few electrons away from the regions surrounding these 
contact points whereby holes are created in these regions converting them 
into p-type semiconductors. The region surrounding the base-contact, 
however, remains n-type. Soa p-n-p type transistor is formed. Similarly 
by properly selecting the type of crystal a n-p-n type of transistor can also 
be produced. In the p-n-p type the emitter injects the holes 
into the base whereas in the n-p-n type, the emitter injects the electrons 
into the base So the circuit connections are fo be reversed in the 
two types, 


As the power and voltage can be successfully amplified by a transistor 
and as it occupies a very small space, it is rapidly replacing the valves 
in a radio-set. Moreover, the heat produced in a valve-set is practically 
absent in a transistor seb, So in the construction of pocket or other 
small radio-sets transistors are always preferred. They are also used in 
modern electronic computors. Since the transistors can operate even at 
a frequency of 3000 million cycles per second, the fields of television and 
ultra-high frequency may also utilise them successfully. 


228. Hall Effect :—Hall in 1880, found that ifa strip of conduct- 
ing material carries a current flowing in the OX-direction (Fig. 213) and 
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a constant magnetic field is applied in the direction OY at right angles 
to the face of the strip, a potential difference is created in the direction 
OZ, say between two points P and Q, which in absence of the field were 
at the same potential. This is known as Hall effect. The 
magnitude of the p.d. developed is strictly proportional to the current 
density (ie. current flowing per unit sectional area) I and to the 
transverse width dz (perp. to the field) ot the strip. It is also generally 
proportional to the magnetic flux density B but not always rigidly so. 
Hence the p.d. developed. 
V=RBI dz, where R isa 
constant of proportionality, 
generally known as the Hali 
coefficient. The effect is 
found to be very much 
pronounced in materials like 
bismuth, antimony and 
tellurium. For ferromagnets 
the effect varies in a way 
similar to the permeability, 
disappearing at the Curie 
temperature. If the relative 
directions of the current and 

Fig. 315 field be as shown in the figure, 
Q will be at s higher potential than P and the Hall effect is said to be 
positive and vice versa. The effect can be qualitatively explained from 
the electron theory. Free electrons moving in the direction opposite to 
the conyentional current along X-axis, when subjected to the magnetic 
field along Y-axis, will be deflected in a direction perpendicular both to 
the direction of motion and that of the applied feld. If v be the drift 
velocity of the electrons and n their number per c.c. of the material, the 
current density 


I=nev (where e= electronic charge in e.m.u.) 
Hence, v — I/ne A" d cd) 


The force experienced by & moving electron in the magnetic field is 
given by F-— Bev along the Z-axis. According to the direction 
of the field applied, these electrons may move towards the upper 
or the lower face’ normal to Z-axis. Hence there will be a 
gradient of electron. concentration in the direction of the Z-axis. 
This variation of electron density gives rise to the potential difference 
hetween the two faces. Due to this p.d. a field X, is established 
along the Z-direction which exerts a force eX, on an electron, When 


this force exactly balances the force due to B ilibri iti 
"d decem eto B, an equilibrium condition 


eX2= Bev ; or, Xz=Bu=Bl/ne 
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-. The p.d. developed between the two faces  nermal to 
Z-direotion is, V= X,.d« = BIdz/ne 
—RIBdz, R being the Hall Coefficient. 


Hence, R= a « 
ne 


This relation is found to be valid only for conducting materials. 


Though the Hall Effect exhibited by most of the substances (Zn, 
Sb, Te eto.) are positive and the pd.’s are sel up in the direction 
expected from electron theory, there are a few substances (e.g. Bi) 
where an opposite p.d. is set up. This reverse effect ‘may be 
explained if, instead of electrons as carriers, the current is supposed 
to be carried by positive holes. Tho effect is rather small in most 
metals and is more significant in many semiconductors and the 
value of E as yielded by the theory of semiconductors is found 
to be R=8x/(8ne). So the study of the corresponding Hall Bffect 
should enable the scientists to study the properties of the semiconduc- 
tors particularly with reference to the carriers involved in eleotria 
conduction. 


229, Photo-electric Etfect :—Hertz, in 1887, found that the spark 
gap of an induction coil became more conducting when one of the 
terminals of the gap was illuminated by ultra-violet light. Later 
Hallwachs showed that a negatively charged plate of Zino gradually lost 
its charge when illuminated by ultra-violet lighb. Lenard and Thomson 
by actual measurements showed that slow-moving electrons were almost 
instantaneously ejected from a metal plate when the latter was illu- 
minated by light of certain definite wavelengths. This effect is known 
as the Photo-electric effect or Hallwachs effect. The emitted electrons 
are called photo-electrons. Even in cases of non-metals and gases the 
photo-electric emission is found to ocour. 

It has been found that for each metal, there is a maximum wavelength 
of the incident light, known as the threshold wavelength, for wavelengths 
above which no electrons are emitted from the surface. Photo-electrons 
are copiously emitted from surfaces of alkali metals like Sodium, 
Potassium, Oaesium, eto, even when these surfaces are illuminated by 
visible rays. 

This phenomenon could not be successfully explained from the wave- 
theory of light. So Hinstein put forward an explanation of the phono- 
menon based on the Quantum theory. This explained all the observed 
faots associated with the phenomenon. l 


230. The Photo-electrie Cell :—This consists of a vacuous bulb on 
half the wall of which there ia a clean deposit of some alkali metal such as 
sodium, potassium or caesium. Two wires are sealed into the bulb, one 
end almost at the centre of the bulb, forming the anode and the other 
connecting the metal deposit serving as the cathode. When in darkness, 
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no current flows in the bulb, but, when exposed to light, the metal 
sodium or potassium as the case may be, emits electrons which travel 
to the anode, and this stream of electrons constitutes an electric current. 
The intensity of this current being directly proportional to the intensity 
of the light incident on the metal, the current oan be modulated, This 
current, though very feeble, oan be amplified by a series of valves 
arranged as in a wireless circuit. This modulated amplified current 

: passing through a loud-speaker of a talkie-machine produces the sound. 
The photo-electric cell (which is not really a generator of current like 
other cells) is an extremely sensitive instrument which has become very 
important commercially in not only talkie pictures but alsoin Television. 
By television not only the speech is transmitted by wireless waves but 
the picture of the speaker is also transmitted slong with his speech. It 
has been made possible by the invention of the photo-eleotrio cell, 
These cells are also used for the detection of burglars. 


281. Sound Films :—In “talkies a sound record is made on & 
film, and it is generally the edge of the film that carries the sound record. 
Sound waves falling on the diaphragm of a microphone produce variations 
in the current strength of the microphone circuit and this modulated 
current operates an electric bulb whose luminous flux varies accordingly. 
Bo the current of varying strengths causes light in varying amounts to 
pass and excite narrow bands of the film. On developing the film, the 
density of the excited bands of the successive portions of the film will 
vary according to the amount of light falling there, and a dark band 
of varying densities will appear on the edge of the film, 


Sc Coating of an T 
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Photoelec 
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Fig. 214 

When a fjjm is being shown, a beam of light is directed through the 
film on to & photo-electric cell, and a variation of electric current ig 
produced in the circuitof the photo-cell corresponding to the varying 
illumination coming through the excited portions of the film (Fig. 214). 
The varying currents are amplified and passed through the coil of & 
loud.speaker, whereby the resulting vibrations in the diaphragm reproduce 
the original sounds. 

282, Cathode Ray  Oscillograph (C.R.O.) :—It is essentially 
a Thomsons appratus in which electron emission is effected by a hot 
filament. Instead of magnetic field, oross-fields are provided with 
two pairs of condenser plates set at right angles to each other. It is 
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used for studying various types of periodic phenomena like alternating 
currents, magnetic cycles, sound waves eto. 


Here a beam of electrons possessing high energy is focussed 
on to a fluorescent zinc sulphide screen attached to the end of the tube 
whioh is opposite the cathode, A greenish blue spot of light is obtained 
on the screen, Since the electron beam is very light, ib can easily 
respond to the high frequency variation of an electric or magnetic field 

~near it. The nature of this variation can be visualised by the movement 
of the spot of light on the screen. 


In the attached figure (Fig. 215) C is the oscillograph tube which 
is highly evacuated. The electrons are supplied by the filament F which 
serves as the cathode and is heated toa high temperature by passing a 
desired current through ic, Now-a-days an indirectly heated cathode ig 
more commonly used. G is a metal cylinder having an opening in front 
of F for the passage of electrons. G is maintained at a negative potential 
with respect to F and this potential can be varied by some suitable 


Fig. 215 


arrangement. A, and Ag are two metal cylinders serving as the anodes 
and kept at bigh positive potentials relative to F, The components 
F, Q, A, and Ag together form the electron-gun of an oscillograph. 8 is 
the fluorescent soreen. The interior of the tube is coated with a 
conducting paint, with the help of which, S is connected to As. Thus 
S and A, are maintained at the same potential. This makes the electron 
beam approach the screen without any change in- the ascociated kinetic 
energy. YY and XX are two pairs of plates known as the deflecting 
plates. Those are placed between Sand As. YY- -plates, when connected 
to a voltage source, deflect the beam in the vertical direction and 
similarly, XX-plates deflect it in a horizontal direction. 


The intensity and hence the brilliance of the spot on the screen 
depends on the number of electrons reaching S per second 46, on the 
beam current. So the brilliance can be partly controlled by adjusting 
the filament current and the p.d. between the anode and the cathode, 
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which supplies the energy of the electrons producing fluorescenos on the 
soreon, Againas @ is at a negative potential with respach to the 

~ filament F, the magnitude of the potential applied to G evidently controls 
the number of electrons passing out of the opening in G. Moreover, the 
fluoreseent material used in the screen should have a high conversion 
efficiency and spectral response so that spot brilliance may effectively 
increase. 

Fooussing of the spot of light on the screen is mainly effected by 
applying suitable voltages fo A, and A, which serve as an eleotron 
Tens system. The focussing can also be done with the help of magnetic 
fields in place of electrostatic fields. Ifthe spot of light is noy at 
the centre of the screen, it oan be easily brought to the centro by applying 
a small suitable voltage to either of the two pairs of plates as tha occasion 
demands, 


938, Time Base Circuit :—In some experiments, if is necessary to 
keep the variation of any of the parameters in any direotion (often 
horizontal) fixed with the change of time, i.e. proportional to time. For 
this purpose a particular voltage obtained with the help of a condenser 
and a neon lamp is applied to the X-plate of the O R.O. 


Uses :—(1) Electrical measurements.—It is used in the measure- 
ments of small alternating currents and voltages, the effects of inductance 
and capacitance, the phase angle, power factor etc. in an a, o. oirouit and 
also inductances of coils, dielectric loss eto. 


(2) Radio engineering.—To test tho radiotransmitter and receiver. 


(8) Radar and television.—It is an essential par& of radar and 
telovesion sets. 


(4) Eleetrical engineering —To detect faults ina running dynamo 
ae motor. The magnetic properties of steel etc. are also 
ed. 


; (B) Medicine.—To study the actions of the heart and other parts 
of the body. 


(6) Industry.—To find the mechanical pressures, indicator diagrams 
of internal combustion engines, the humidity in a room eto. 


(7) Measurements of short intervals of time.—In the measure- 
ment of time even less than a microsecond. 


284. Television.—The principle of television, which combines in 
itself the principle of wireless transmission and reception together 
with that of photo-electric emission, can be best explained 
by describing an earlier system wherein the picture is first 
analysed and then  re-assembled by means of a rotating diso, 
known as Nipkow's scanning disc. This disc consists of a series 
of holes arranged in the form of a spiral as shown in Fig. 216. 
A small spot of light passing successively through the holes of the 
rotating scanning diso rapidly plays across the object again and 
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again till the whole object has been scanned from top to bottom. 
The object is scanned about thirty times per second. The scanning 
spot of light is reflected from the white surfaces and absorbed by the 
black or shadow regions. The reflected light falls on a  photo-oell 
and a current flows which, after being duly amplified, is 
transmitted from the aerial. So the complete record of the 
appearance of the object is tranemitted as electrical impulses in the 
modulated wireless waves. At the receiving station, the received 
signals are demodulated and amplified. Then these received 
olestrical pulees are sent through a neon discharge tube whioh 
glows in response. These glows in the neon tube are observed through 
a rotating viewing disc similarly constructed as the scatining one and 
synchronised with respect to that. Thus an integrated ploturg 


Amplifier & transmitter "d 
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Fig. 216 


with the original one is seen. In recent types of instruments the 
goanning and viewing discs’ together with the photo-cell and the neon 
tube have been replaced by specially constructed cathode ray tubes 
having photo-sensitive plates inside thom. These are known as 
Zworykin's iconoscope. By this method the reproduction has been 


made more exact, 


235(a). Iconoscope.—It is also called an emttron camera. There is 
mioa plate Min it. Globules of silver and caesium are deposited on this 
mica plate. Because the globules are separated from one another by the 
mica and each of them is coated with the photo-sensitive material 
caesium, they act asa number of tiny photo-cells. A nickel plate, N is 
attached to the other side of the mica sheet. This forms a condenser in 
which two metal plates (silver and nickel) aro separated by the dielectric 


material mica. 
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_ A specially desinged cathode-ray oscillograph (O.R.O.) forms another 
fart of this instrument which projects a stream of cathode rays on the 


mioa plate, M. 


Fig. 217 


The image of the object, O to be transmitted, is focussed on W 
through the lens, Z. When light waves fall on the caesium-silver 
globules, electrons are emitted from each of the globules. The globules 
are thus become positively charged. The nickel plate on the other side 
of mica is thereby charged negatively and forms a condenser. Or, it may 
be said that an electrical image is formed on the plate, M. 

A very'narrow beam of electron stream is made to traverse the whole 
picture on M from one end to the other on succession from top to 
bottom, For the act of this scanning a high frequency s.c. voltage is 
applied in the coils Ci, Cs in the cathode-ray tube. The globule on 
which the cathode ray impinges, loses its positive charge. The cathode- 
tay falls on each of the globules nearly twenty times per sec. and the 
duration is 107? seo. As the positive charge on the globules is lost the 
negative charge on the nickel plate is separated from the plate. The 
plate NV is connected to an amplifier, which amplifies the electrical pulses 
generated by the globules. 

In radio transmission, sound waves are transformed into eleobro- 
magnetic waves and is transmitted to a very long distance, with the help 
of carrier waves. Similarly, in television the amplified electrical pulses 
are modulated by electromagnetic waves and sent to a distant place. 

235(b). Kinescope —It is a modified form of a cathode-ray oscillograph, 
The arrial at the receiving station receives the television radio waves, 
Similar to the tuning of signals by a radio receiver, the television receiver 
also tunes the received signal and: the received electrical impulses are 
sent to the grid of the O.R.O. The number of electrons emitted by the 
filament, F of the oscillograph varies with the electrical impulses at the 


grid. 
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The stream of electrons which constitutes cathode-rays can easily 
be bent or moved in any desired direction by either an electrostatic or an 
electromagnetic field, or by both ; where a set of deflecting plates and a 
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Fig. 218 


set of deflecting coils are mounted in the same plane on the neck of the 
tube, on the outside of the glass wall. By setting these two deflectors, 
one electrostatic and the other electromagnetic in the same plane, the: 
movement of the beam in two directions at right angles to each other 
can be achieved. When a single field is applied either an electrostatic 
or an electromagnetic, two pairs of plates or coils at right angles to each 
other are to be used for the purpose, 

In order to build up the picture, of course, it is necessary to deflect 
the beam in synchronism with the motion of the light beam across the 


object. 


For the transmission of the complete picture, three sets of signals are 
required ; (1) picture signals, (8) horizontal scanning frequency and 
(8) impulses for framing (ie., synohronising between individual 
pictures), Zworykin combined all the three signals and sont them over 
a single channel. To do this, the output of the photo-electrio cells is 
firat amplified to a sufficiently high level for transmission, There is then 
superimposed upon this signal a series of high andio-frequency, 
impulses, for & few oyoles only. The picture frequencies, together 
with the superimposed horizontal scanning and framing frequencies are 


= 
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impressed upon the signal and the entire spectrum of signals is then 
caused to modulate the radio carrier wave. 


At the receiving end, the detected output of the radio receiver atter 
amplification is divided into two parts, ono the horizontal scanning 
frequency which is applied to the deflecting coils of the kinescope, as 
Zworykin calls it, after amplification and the other, the picture and 
framing frequencies, is applied directly to the control electrode (grid) of 
the kinescope. 


In this way a fully automatic synchromsation is obtained. 


The electron beam thus modulated by the electrical picture impulses 
traverses the fluorescent screen again and again from top to bottom at the 
fame ratio ag ab the transmitter. White and black spots and thus formed 
on different points of the screen corresponding to the white and black 
regions of the object. Thus the whole picture identical with the original 
one is seon due to the persistence of vision. 


Uses :—(1) A theatre or cinema show, a cricket match eto. can be 
viewed on a television screen in our home. 


(2) Teaching is conducted in schools. 


(8) The use is very limited as the picture cannot be transmitted to 
long distances (nob more than 60 miles) For long distance transmission 
a number of relay stations are required. 


286. Radar.—The principle of radar (Radio Detection and 
Ranging) or radiolocation resembles closely the determination of 
distance of an obstacle by timing the sound wave in passing from 
its source to the obstacle and back to form an echo, Ina radar, 
however, the waves are short electromagnetic waves emitted in a 
short burst, These waves on reflection from an electrically conduc- 


ting object returns back to the base after an interval of 2D ei, 


where D is the distance of the object and c the velocity of the waves. 

To make the location exact the waves used must be of short 
wavelength. The waves of a few centimetres length and of 
sufficient power were made by Boot and Randall with the help of a 
magnetron. Here an electron beam is made to rotate by means of a 
magnetic feld. This beam in passing out of the mouth of a cavity in 
a copper block produces sufficiently strong electric oscillations for the 
purpose. 

The working of a radar can be explained in the following simple 
way. Here a narrow beam of very short electromagnetic waves 
is sent out from the transmitting equipments (T). This beam strikes 
the obstacle (say, an aeroplane) and is reflected back from the 
highly conducting surface of the obstacle. This reflected beam is 
then received by the receiver arrangements (R) located near the 
transmitter. A cafhode-ray oscillograph is included in the receiver 
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ciroui& which enables the observer to detect the obstacle and also to 
determine accurately the distance between the obstacle and the receiver. 
To understand the method of exact estimation of the distance, let the 


Fig. 219 Fig. 220 

electron stream in the cathode-ray oscillograph at the receiving station 
be set moving horizontally on the screen at the rate of one inch per 
w microseconds, just at the moment when a radio-beam is ment 
from transmitter. If the distance of the obstacle (or target) from 
the transmitter or tho receiver be such that the beam requires 
y “secs. for each way journey, then during the time (2y 4-608). 
required by the beam to complete its outward and return trip, the 
cathode-ray stream would move through tqv inch on the screen 
which can be easily determined. At the time of transmission ns well 
as at reception, the electromagnetic beams sent and received are 
partially applied on the horizontal electron beam on the screen, 
whereby vertical Bumps or pips are produced at a and b, Thus 
knowing the distance between a and b on the screen and the speed 
of the electron beam, the time interval is obtained accurately. Then 
from s knowledge of the velocity of the electromagnetic waves, the 
distance of the obstacle can beexaotly estimated. 

By adopting the rotating device both for the radar serial and the 
electron beam, even an outline of the target or obstacle can be obtained 
on the O.R.O. soreen, 

Uses :—(1) To detect the enemy planes and locations of- ammunition 
factories during war. i 

(8) To locate the positions of obstacles (like mountains otc.) by 
planes in a foggy weather, also ships can locate the existance of floating 
icebergs in darkness and sub-merged rocks, Radar is thus used to save 
the planes, ships eto. from accidents, 
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(4) In a foggy weather, planes oan also safely land on the runway 
following the directions sent by menus of radar signals from the airport, 

(4) The magnitude and distance of a rain cloud can be known by 
the reflection of radio waves from the water dropletes in the oloud. An 
approaching oyclone can also be detested. 

(5) Radar is also used to find out the locations of useful materials 
like metal ores and oils etc. inside the earth, 


287. Electromagnetic Spectram :—All electromagnetic wayes 
are similar to the visible light rays and their velocities are the same 
(ie, c=3X 101° ome/sec,). The only difference lies in their frequencies 
and wavelengths. All the rays starting from the Hertzian waves to the 
-cosmic rays are shown in Fig. 221. The extent of the wavelengths of 
these rays varies from 13X 1071* om. to 10° oms, or even more and 
it is called electromagnetic spectrum. 


3 107 109 10° 03-1? 30! 4 
Wave length in cms. 


Fig. 291 


The distribution of wavelengths is as follows :— 

! Cosmic Tays—The wavelength of these rays is minimum (nearly 
2X107** om) bat the frequency is maximum (1'5X 10% op). They 
are supposed to reach the earth from outer space. 

Ib is now known that they are nob fully electromagnetic waves but 
consist of high energy fundamental particles such as electrons, proton 
and the secondary particles, positron and meson which ara detected in 
the cosmic rays, 

There is evidence that a few Particles enter the earth’s atmosphere 
from outer space which consist of positively charged atomic nuclei, 

led primary particles. Together with the electromagnetic waveg, they 
Produce the primary rays. They reach with the nuclei of atoms in the 
Atmosphere and produce yarious kinds of particles, called showers of 

ary particles. Of these secondaries two are of particular impor- 

00 ; they are the positron and the meson. 


(2) Gamma rays.—Thoy are emitted by the natural as well as by 
artificial radio-active elements. y-rays are emitted by the nucleus after 
the B-rays have been emitted. The frequency of radiation is 2X 1028 
to 2X 10*? cycles per sec., where the wavelength is as low ag 1X10-19 

l'4X107 cm, They possess a high penetrating power much greater 
than the ordinary X-rays and can produce fluorescence. They can be 
detected by the Compton Effect and by the photo-electric effect. 
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(3) X-rays.—X-rays are produced when the fast-moving electrons 
are made to strike a solid metal target, They are emitted when the inner 
orbit of a heavy atom loses an electron and captures another one from 
an outer orbit. The frequency of radiation is 2X10*5 to 5X 101? 
cycles per sec, whereas the wavelength ranges from 6X107*° to 
1'4X107* om. They possess a high penetrating power. They produce 
fluorescence and affect photographic plates, ‘They oan also ionise a gas. 


(4) Ultraviolet rays.—They consist of wavelengths (1X107* to 
4X 107^ om.) even less than that of the violet rays in the visible range. 
They are invisible and are detected by their chemical and heat effects, 
They can be produced by electrical discharge and by the electric sparks 
in vacuum, They are absorbed by glass and can be photographed by 
reflecting gratings, . 

(6) Visible rays.—They are produced by hob bodies and electric 
bulbs. Visible light consist of seven colours (violet to red) and extend 
over the wavelength range from 4 X 1075 to 8 X 107” om. of the apeotrum. 
Reflection, refraction, defraction, polarisation eto. are some of the well- 
known properties of visible rays. 


- (6) Infra-red rays.—They are emitted by red-hot bodies, Infra- 
red rays are invisible and can pass through fog or mist. The wavelength 
ranges from 8X 107" to 4X 10^? om. 


(1) Hertzian waves.—They are produced when electrical sparks 
pass acrogs an air gap. When a high frequency oscillatory ourrent is 
passed through an electric circuit and an electric discharge passes through 
the spark gap, the to-and-fro motion of the curreat causes the radiation 
into space of electromagnetic waves which consists of Hertzian waves of 
long wavelengths ranging from 4X 107* to 8X 10° oms. Similar to light 
waves they possess the properties of reflection, refraction, polarisation eto. 


(8) Wireless waves.—Tbese are Hertzian waves of very long 
wavelengths extending from 5X10* to about 3X10° cms. They are 
used in radio transmissions of sound and picture. 


288. James Clerk Maxwell (1831—1579):—He waa born in 
Edinburgh, Scotland, on the 18th November, 1831. His father 
John Olerk was by profession an adyocate, & member of the 
Scottish Society of Arts, and of the Royal Society of Edinburgh. 
The famous family of Olerks of Glenlair to which he belonged 
produced many talents not a few of whdm were eccentric ; 80 was 
James Clerk. Tho surname Maxwell was added to his old family 
name Olerk as he succeeded to the estate of a Maxwell. His 
mother died early. When about ten years old he entered the 
Edinburgh Academy for echool education. At the middle of his 
school career he began to show marks of superior talents in Matho- 
matics. and English verse composition, When barely fifteen, he 
produced a paper, "On the description of oval curves, and those 
having a plurality of fooi, with remarks by Prof. Forbes". He next 
entered the University of Edinburgh for higher studies where he 
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became a close associate of Prof. Forbes and Prof. Kelland. Here 
Y he read extensively many impor- 

tant works on Mathematics and 
Physics inspired by his com- 
patriot -and subsequent neigh~ 
bour Thomas Carlyle. While 
studying in this University he 
spent his long vacations at 
Glenlair where he seb up a small 
laboratory of his own. Two 
important papers ‘The Theory 
of Rolling Curves" and "The 
Equilibrium of Elastio. Solids’’ 
were published by him from 
Glenlair, At the age of nineteen, 
on the pursuit for a mathemati- 
cal career, he entered St. Peter's 
Collegs of the Cambridge Uni- 
versity where he had his old 
school fellow Tait. Aiter one 
“al he migrated to ‘Trinity 
lollege, a college associated with 

Tames Olerk Maxwell the memories of Newton. Here 

he had William Hopkins as his tutor. He passed as a second 
Wrangler but later won the Smith's prize bracketted with Routh, 
who became famous for his treatise on Rigid Dynamics. In 1856 
he became a Professor of Physics in Marischel College of tho 
Aberdeen University. Next year he was married to Miss Katherine 
Dewar, sister of James Dewar of Dewar's flask fame, In 1857 
he won the Adam's prize for his essay on ‘The Motion of Saturn's 
Rings”. He next-accepted an appointment in King's College, London, 
Here he made three important investigations ; one regarding the mixing 
of pure oolours of the spectrum ; the second on the motion of a countless 
horde of small solid bodies—a fore-runner of his Kinetic Theory of Gases, 
an idea originating from his investigations on the stability of the Saturn’s 
Rings ; the third, on the construction of a standard ohm for the British 
Association. The c. g. s. system of units is due more to him than to 
any body else. In 1900 the International Hlestrical Congress very 
rightly ‘named the unit for magnetic flux a mazwell. When retired 
fo Glenlair during the period 1865-1870, he published the two 
volumes of his celebrated "Treatise on Electricity and Magnetism” 
in which he has given a connected mathematical theory of alt 
phenomena of electricity and magnetism. He started from the 
facts revealed by Faraday's experiments. This work set the 
starting point for many advances made in recent years. The 
electro-magnetic theory he proposed, has had wonderful applications. 
As consequence of his theory, we have known that the velocity 


WIRELESS TELEGRAPHY AND TELEPHONY 321 


of propagation of electrical disturbances is the same as the velocity 
of lisab, tov light itself i: an eleciro-nagnetic phenomenon, and 
also that the ratio of electro-magnaetic units to electro-static units 
is the tame as the velocity of light in vacuum. He predicted that 
when a Leyden jw is diso^argel, electri: waves would be pr duced 
in the ether, This was a:tually verified by Hertz in 1879. Modern 
wirelves telegraphy is based on this discovery. M:xwell can thus 
be tiuly called the scientiic ancestor of Hertz, if Hertz was of 
Marconi and others in wireless telegraphy. The origin of the 
method of Vector Analysis is also due to him. The Dake of 
Devonshire founied a physisal laboratory, the Cavendish latoratory, 
after tne family name of the D-vonshires which was opened in 
1874, and a chair of Experimental P tysics—the Cavendish Professor- 
Bhip Maxwell as the fir-& Cavendish Frofessor, bad the honour 
of connleting the co istruction and eqiipnent of that great laboratory 
in 187:. As the Cavendish Professor, he delivered in 1878 
his famous "Discourse on Molecules” before the British Association. 
He died in 1879 when he completed only the 48th year of 
his life, 


23), Heinrich Hertz (1857—189t):—He was born at Hamburg 
partly of Jewish blool, son of a German lawyer and senator, 
After studyiog in Munich and Berlin, he first became an assistant 
to Helmnoltz in Berlin. Three years latter he entered Kiel Univer- 
sity where he stayed fort»o years. Inthe mean time -ome of hia 
research papers were published and he left for Karlsruhe where he 
became Professor of Poysics 
at the technical high school. 
Tt is here that he did the most 
famous work of his life, but 
published tne results, "'Princi- 
ples of. Mechanios, presented 
in a new form," when in 18:9 
he went to Bonn as successor 
of Oliusiugs. He actually de 
monstrated the existence of 
eleet;io waves in ether which 
Maxwell had predicted earlier 
in his eleot/o-magnetie theory 
of raiiition. He produced 
eleotrie waves of different 
lengths and showed that they 
obeyed the same laws of re- 
flection and retraction as ordi- 
nary light. .The velocity of 
trans vission of these cs 
was also proved by him to "UE 
the same as that of light. In Heinrich Herta). > 
order to prove the presence of the invisible waves set up by rapid eleo- 
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trio oscillations in conductors excited by spark discharge, Hertz made 
use of the principle of electrical resonance. His work has opened 
up a world of phenomena which is fast growing in importance 
every day. In connection with his experiments on electric 
Oscillations he had to observe constantly small eleciric sparks 
produced by the resonators. He ncticed in this connection (1-87) 
that the sparks produced were longer when the light of another 
spark, or any kind of ultra-violet light, fell upon the negative 
electrode, A new phenomenon, namely pholo-electricity, he thus 
discovered, which is relatively no less imjortant in its applica- 
tions to-day than his former discovery, The life of tbis scientific 
genius terminated at the early sge of thirty-seven due to blood 
poisoning, 

240. Signor Guglielmo 
Marconi (1574— 1937) :—He 
was born at Boloyna, son of 
a wealthy Italian. Hertz 
demonstration of electro- 
magnetic waves inspired 
him to concentrate on 
studies in wireless. In 1899 
he came to Englénd with 
an improved apparatus for 
tranemitting wireless sig- 
nals, and with the patronage 
of the British Government 
succeeded in establishing 
wireless communieati ns be- 
tween England and France. 
In 1901 he sent wireless 
signals between England and 
America, a distance of more 
tban 2000 miles. Commercial 
wireless telegraphy was thug 
made possible by him. In the 
i first world war he acted as a 
technical expert in the Italian Army. He was awarded the Nobel 
Prize in 1909 jointly with F. Braun. 


Signor Guglielmo Marconi 


Questions 
1. Explain the principle of wireless telegraphy. (Pat. 1947 
2. Describe a simple wireless receiving set, (All. 1985 ; UJP B 1947 
8. Describe a riode valve. (All. 1945) 


4. Describe the construction and action of a triode valve and explain how 
t can be used for the detection of electro-magnetic waves. Mention other uses to 


which it can be put in transmitting or receivi: g radio circuit. (R. U. 1952) 
b, Writean esssy on wireless telegraphy and telephony. (Al. 1944, *46) 
6. Write a short note on * Wireless", (U. P. B. 1943) 
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APPENDIX A 


PHYSICAL TABLES 
(1) REFRACTIVE INDEX OF SUBSTANCES 
AT 15°C. 


[With respeot to air for Sodium light (A=5898A)] 
————— a a 


Bolids Liquids 
Alum 1'456 Alcohol (ethyl) 1:362 
Diamond 947 pune 1590 
Fels per 1°52 enzene 1504 
Fluorite 14939 Oanada balsam 153 
Glass (Orown) Oedar oll 1:516 
ordinary 1'48—1'54 | Oarbon bisulphide 1'632 
dense 1'58—1'64 | Ether 1°86 
Glass (Flint) Glycerine 147 
ordinary 1'58—1'67 | Kerosene 144 
dense 1'62—1:96 | Olive oil 146 
Tos 1'81 Paraffin oil 144 
Mica 1:56—1'60 | Turpentine 1'47 
Roks V Wat 
1" ater 
ui 15°0, 1:898 
80*Q. 1:333 
Oalespar 40*0, 1'881 
ordinary ray 1:6584 
extraordinary ray 1'4864 
Quarts 
ordinary ray 15448 
extraordinary ray 1'5694 
(2) CRITICAL ANGLES FOR SODIUM LIGHT 
Orown glass ^. 41'45* Turpentine 4910 
Diamond .. 24290 Water .. d8u* 


ook-sali ^. 40°80" 
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(3) WAVELENGTH OF BRIGHT SPECTRAL LINES 


Wavelength 
° 


Bubstance Colour (A.0.) Fubstance Oolour (&. U.) 
Argon Blue 4703 Hydrogen Blue (7) 4340 
Green 5452 Greenish 
Blue (£) 4861 
Yellow 5607 Red (a) 6568 
m 5912 Neon Yellow 5853 
Orange 6031 
(strongest) | | Potassium Red 7668 
6059 ” 4702 
Helium Violet 9689 Sodium Yellow (D, )| 5890 
us » 4026 Yellow (D; £896 
Blue 4471 -oF 1 ey as aca 
" 4713 
Greenish 
blue 4922 
Green 5016 
Yellow (D,)| 5876 
Red 6678 
” 7065 


(4) VALUES OF 'g' AND MAGNETIC ELEMENTS 


I | Dip H 
Place (cm /sec.?) (PN) (CG.8. ) 
Bombay 9786 98°5 0:865 
Calcutta 978 8 2°99 0372 
] acca 918:9 £24 0:371 
Dehra Dun 9791 449 0 330 
Delhi 9792 410 0:340 
Karachi £790 842 0 346 
Lucknow 9794 89:9 0 385 
Madras £733 84°6 0:369 
Patna 979 0 40:9 07361 
London 981°2 670 0185 
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(5) DIELECTRIC CONSTANTS 


825 


Glass (Orown) 
» (Flint) 

Mica 

Ebonite (mean) 

Paraffin Wax 

Rubber 


se b to 7 
E 7 010 
we 57 to 7 
- 8 

v 2 to73 
we 2'1 to 2'8 


Primary Cells i du) 
Bichromate 20 
Bunsen 1'8—194 
Daniell 1'07—1:09 
Grove 1:8—1:93 
Leclanchà 1'46 
1'6 


‘Dry Oell | 


Standard Cells 


(6) E.M.F. OF CELLS 


Secondary Cells 


Lesd-acid 


Nickel-iron 
(alkali cell) 


Weston Cadmium 
(normal) 


Latimar Olarke 


E,M.F, 
(volta) 


1'$?—2'2 


11—1'4 


101824 
(20*0.) 
Int. volts 


14326 


(15*0.) 
Int. volte 


—————————— — 
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(7) WIRE RESISTANCES 
(Ohms per Metre) 


——M 
B. 8. 
W. German | W. German 
G. | Copper | Manganin| Silver G. Copper | Manganin| Bilver 
14 00054 07131 0070 28 0155 8°82 2°02 
16 0'0L83 ,0204 0'109 30 0'222 5'45 2°90 
18 00148 0:861 0'193 82 0'293 718 3°83 
20 0°0260 0'645 0'345 84 0'404 9'90 5'27 
22 00435 1'07 0'ò7 36 0'590 14'b T4 
24 0'070 1'73 0'92 38 0'950 23'2 12° 
($6 | 0195 | vs | rs | 40 | 148 968 194 
(8) RESISTIVITY (SPECIFIC RESISTANCE) AND 
TEMPERATURE COEFFICIENT OF RESISTANCE 
——— —— V———— Ua —Áo t — 
| bey Temp. Temp. 
Resistivity | Coeficient Other Resistivity | Ooefficient 
Metals (chm-em,) of Substances | (ohm-cm,) of 
at 18°O. | resistance at 18*0, resistance 
(per *0) (per *Q.) 
Aluminium 294x107*| 88x10-* | Brass 6 to 9x10 *| 10x10-* 
Antimony 405 , |-398 ,, Carbon lamp 
Bismuth 1190 ,, 420 ,, filament 4000 ,, ss 
Oobalt 94-5 380 ,, Constantan 49x10-* to 
Oopper (or Eureka) +01 ,, 
(drawn) TU 98'8 p» erman silver| 16 to 40,, |2'8t06,, 
Gold 249 ,, 965 ,, lass 
Iron (cast) CITIES v (condueting)| 5x10*¢ 
o» (wrought)| 139 ,, 62x107* fothers) «1070 
Load 208 ,, 430 ,, Graphite 
Mercury 956 ., 72, Manganin 8000 x107* 
Nickel 118 620 ,, Mica 9x 1072 
Platinum 1t 870 p Nichrome 110x107 
Silver ^ 280 ,, Phosphor- 
Bteel (soft) 42'8 ,, Bronze 
Stoel (glase Platinoid 
hard) 161. Quartz 
Tungsten 500 ,, 
Zino 3 
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(9) E.M.F. OF COMMON THERMO-COUPLES 


(Values of a and b in the equation, Æ =at+bt* when one junction 
is at 0°O, and the other at ¢°C ) 


Couple a | b 
i a RD EL E 
Oopper constantan 87'54x 1074 +0°0445 x 107* 
Iron-copper 18:401 x 107* —0'0137 x 107* 


SSS —— 
The values given above are only approximate. In commercial speci- 
mens the values of a and 5 may differ considerably. 


(10) ELECTRO-CHEMICAL EQUIVALENT (E.C E.) 
————— —— — 


Element ESSAY ht Valenoy pas E.O.E, 
Hydrogen 1008 1 1008/1 | 000001048 
Oxygen 16 2 16/2 | 0 00008293 
Sodium 22'997 1 23'997/1 | 0: 0002984 
Oopper 63:57 2 63°57/2 | 0:0003295 
Zino 65°38 2 65 36/2 | 0 0003387 
Bilver 107'88 1 107°88/1 | 00011183 


—————————————— 
(11) ELECTRICAL UNITS 
————————————————— 


Quantity Practical Unit Vaiga Iutana 


Resistance Ohm 10° 

Ourrent smpore 10 " 
E.M.F, k volt 10* 

Obarge coulomb 107+ 

Inductance henry 107* 

Capacity farad 107° 


microfarad 


1071s 
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(12) SOME IMPORTANT CONSTANTS IN MODERN PAYSICS 


Velocity of light in vacuum (c)=2°998 x 10*° cm. sec ~* 


Atomic Mass Unit (a.m. )= ys of the mass of the atom of c'* 
= 16608 x 1072* gm.— 9318 MeV. 

Avogadro's Number (N)=6'028 X 102 gm. mol." * 
Charge on an electron (e) 2 4'802 X 107 * ?e- s unit 

21602 X 107 *? e. m. unit. 

71602 X 107? coulomb. 
Mass of electron (m4) 9109 X 107°? gm =5'488 X 107 * a m.u, 
Mass of proton (Mass of a hydrogen atom mp)=1°673 X 107 ** gm. 
Maas of neutron (my) 71 675 X 107** gm 
Specific charge of electron (e/m)— 537 x 10*7 e s.u. gm.” 

=1'75*x 107 emu. gm. * 
—17159X10* coulomb gm-* 
Ratio o! mass of proton to that of electron (m»/me) = 1831. 
Planck's constant (h) =6 625 X 107 *" erg.-sec. 
Rydbe:g's constant (Ra)= 1097 X 105. cm^ * 
Bleotron Volt (eV) 1 602 X 107 *? erg.=1 0739 X 107? a.m.u. 
E -105eV 
MeV= 10°. V — 10739 X 107* a.m y. 
B»V —10?. eV. (American usage) 
GeV — 10?«V | British usage) 
Coulomb- 0 1 e m u. of obarse =8X 10° e.s.u, of charge. 
Faraday (P)='6521 coulombs 
Curie (c) = 3 7 X 101? disintegrations per second. 
1XU.it (XU )=1 00204 X 107*1 om. 
1 Volt — g5o ¢.s.u. of potential. 
Volume oi 1 gm 7mol. of La perfect gas at N.T' P. 
=22420°7 om, 

No. of molecules in 1 c c. of 
Hydrogen at N T.P,=2°705 x 10** 


(13) ELECTRO-MAGNFTIC WAVES 


1 


Kind of waves Wavelength in cm, Detector 
Eleotro-magnetic waves 2°5 X10* to 5x10* Radio set 
(used in Radio) 

$» fin Television) 10 x10? to 6x10? Television set 
Short E. M waves 40 to 004 : 
Infra-red wavea . 0 04 to 8x107" Heating effect 
Visible light waves 8x107" to 4x107" Eye 
Ultra-violet waves 4X107* to14x1075 Chemiesl action 
X-rays 1x107" to 6x10719 Phosphorescence 
Gamma Raye 1'4 x107? to 1x 10719 Ionisstion 


— 


APPENDIX—B 
GENERAL PHYSICS 


1, Vectors ;— Vector treatments provide one of the various procesres 
to solve certain problems in geometry, mechanics, hydrodynamics, 
electro-dynamics and in such other branches of mathematics. The use 
of vectors not only makes the task easier but also makes the mathe- 
matical and physical conceptions more clear. Vector calculations are 
generally devided into (1) vector algebra and (2) vector calculus. We 
shall at the present section give some of the treatments of vector 
algebra only, The definitions of scalar and vector are already given 
in Vol. I, Chap. III, Art. 80 of this book. 


Any straight line whose end points are distinguished as the initial 
point and the terminal point (ray O and A respectively) is called a 
directed line segment. The length in proper unit and the direction of 
the straight line gives respectively the magnitude and direction of the 

=> 


vector and is represented by OA or OA, which means that the vector of 
-> 


magnitude OA is directed from O to A, AO thus means an equal vector 
directed frem A to O. So, it is obvious, that the end points of a line 
segment are non-interchangeable, Any vector which has zero length 
and no definite direction, ie, whose end points coincide is called & 


zero vector. 


In spherical co-ordinates,’ a vector can be fully expressed by three 
variables, namely 6 and ¢ to give the direction and r, the magnitude 
of the vector. In Cartesian co-ordinates, the resolved parts of a vector 
in the three mutually perpendicular axes can completely illustrate the 


vector, 


We shall use a single letter in bold face type such as u, v, r etc. 


to denote vectors. The length or magnitude of the vector u is denoted 
> 


by |u| oru. Thus, a vector u=OA, means a vector of magnitude u 


ig directed from O to A. In manvecript, a vector may be denoted by 
E 


- s single letter with an arrow above it(u). A vector of length one is 
called a unit vector. 
Two vectors are said to be equal when they have the same length 


and direction. Thus, the opposite sides of a parallelogram represent two 
pairs of equal vectors and are denoted by the same letters (u, v ete.) 


II—App. 1 


2 INTERMEDIATE PHYSIOS 
Addition of vectors :—Let u and v be two vectors. Draw two 
lines OA and OB from O in ‘wo different directions and let OA=u 


ý j c and OB=y. Complete the 
parallelogram OACB, Then the 


vector OC forming the diagonal 
of the parallelogram is &he sum of 


the two vectors, OA and OB, i.e. 


LX stors, OA and 
OF u ^4 wtv-0ATOBSÜUREM 
Fig. 1 If the ZAOB=9; 
| w | ?=u?+07+2u v cos 8 
and if the ZAOC=; tan <= vsin ; 
u+v cos 0 


Alternatively.—Draw the firsé vector u(=0O4A) and from the tor- 
minal point of u (ie. from A) 


draw the second vector v (—AC). 
"Then the vector w, joining the 
initial point of u and the terminal 
point. of v, is the sum of u and v. 
Any number of vectors may be 
added up in this way. 

(i) Vector addition is com- 
unutative—It is evident from 
Fig. 1, that 


uv-04- A0- OB4 DO vu. 
(ii) Vector addition is associa- 
tive,—From Fig. 2, it is evident 
that,’ 
(u+v)+w=u+(v+w)=utv+w. 


The negative of a vector isa 


Fig. 2 
vector having the same length but opposite direction. 


Subtraction of vectors:—For the operation subtraction, the 
opposite of the second vector is to be added to the first one, ie. 
subtracting a vector is the same as adding its negative to the first 
weetor. In Fig. 3, 


u-v=0A-OB=0A4+0D=00=BA=u+(-»). 
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Multiplication of vectors;—If a vector u be multiplied b 
quantity n, then the product is a vi i ys we arpa 
Ap renis bo EU a vector mu inthe direction of u. 
plied by a vector, 9 B 
numbers are obtained. 
‘Out of which, three may 
be taken to form a scalar 
quantity, independent of 
any co-ordinate system. 
The remaining six may 
be combined into three 
taken in pairs. These 
three quantities act like 
the three components 
of a vector along the three mutually perpendicular directions of s 
co-ordinate system and is called a vector triad. The former scalar 
quantity is called the scalar or dot (. ) product of two vectors and the 
latter, the vector or cross (X) product of the two vectors, as the 
notations ^" and “X” are generally used for the scalar and vector 
multiplications respectively. 

Scalar product of two vectors.—Suppose the directed line segments 
‘OA and OB represent two vectors u and v respectively and 0 be the 
angle between them, then their scalar product is given by, 

uv=w. v cos 9 ds "a AUD 
ie. the scalar or dot product of two vectors is defined as the product 
of their magnitudes (or lengths) and the cosine of the angle between 
them, and is a scalar quantity, because the magnitudes of neither u 
nor v depend on the co-ordinate system. 0 may have any value between 
0 (zoro) and x, and the seslar product is positive, zero or negative, 
according as the angle 0 is acute, right or obtuse. 

Moreover, it can be shown that v cos is a projection of v on u 
and u cos 9 is similarly a projection of u on v. So a dot product of two 
vectora is the product of the length of one vector with the projection 


of the other on it, with proper signs. 
(i) Scalar product is commutative.—It ia obvious from definition 


that, 
uv-v.u OF ic 5h (3) 


for every pair of vectors. 
(ii) Scalar product is distributive.—It can be shown that, 
u. (v- w)-u.v-Fu.w ss "us (3) 


Fig. 9 


for all vectors. 
The scalar product of a vector u with itself ig given by, 


uwu-u'-wucosü-uw'  .. o (4) 
[^ $20] 
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Angle between two vectors.— From eqn. (1), we get, 


u.v 


cos 9= ; or, 0=c08 Y Ls (5) 
DE, uv 


The scalar prodpets of three unit vectors along the three mutvally 
perpendicular directions ofa co-ordinate system, taken in pairs is 
given by, 

ii=i°=1; jj=j°=1; kk-k'-1 ] 
and $j—70—j4; jk—-0-—kj;ki-0-ik 

From eqn. (1), it follows that, 


(6) 


(i) if 9=0°, then cos 0— 1, so u. v—uv 
and hence the two vectors u and v are parallel to each other. 


(ti) if 9=90°, cos 9—0, then u.v=0, 
here the two vectors are at right-angles to each other. 


Components of a scalar product. Remembering that the scalar 
product obeys the distributive law, we get with the help of eqn. (6), 


uv —(u; id uy jr us k). (veit 1. j 2-0; k) 
=U H uyty Tr ua. ES. Far (7) 


The scalar product of two vectors is equal to the sum of the products 
of their corresponding components along three mutually perpendicular 
directions. 


Vector product of two vectors.—l;et the directed line segments 
OA and OB represent two vectcrs u and v respectively, and 0 be the 
engle between them, where 0 <@<180°, nisa unit vector perpendi- 


cular to both u and vat O along ON, i.e, perpendicular to the plane 


AOB contained by OA and OB N 

in the upward direction. If u B 
and u are neither collinear nor 
parallel, the direction of motion 
of a right-handed screw 
revolved from u towards v 
through @ gives the direction 


of ON (uXv). It ia called a 

right-handed system and is 

taken to be positive. Obviously, g u A 
the revolution in the opposite 

sense (from v to u) is a left- 

handed system and is negative, 

because the direction of motion is downwards. 


Fig. 4 
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The vector product of two vectors u and v is given by 
uXv=(u v sin 0) n NE. Ns (8) 

i.s, the vector product is a vector of length u v sin 9 along ON. 

It is obvious that the magnitude of the product of uXv is equal to 


the area of a parallelogram contained by the vectors of lengths 
u and v. 


(i) Vector multiplication is not commutative. —If u and v are 
interchanged in eqn (8), the resulting vector equals uXv in magnitude 
but n is reversed because the direction of rotation here is from v to u. 
So, vXu=(v u sin 0)(—n)=—(u v sin 0) n=-uXv celles 
the direction of the resulting vector depends on the order in which the 
factors are taken. 

(ii) Vector multiplication is distributive.— 


uX(v-+w)=uXv+uxXw } 


and, (v+w)Xu=vXutwXu aa (10) 


The vector product of two vector sums may be expanded just like 
that in ordinary algebra, provided that the order of the vectors is not 
changed. Thus, 


(A+B)X(O+D)=AXC+AXD+BXO+BXD |... (11) 
(iii) if |uxv | =0 
unless either u or v is zero, or sin 9=0; or 9=0° ; so the two vectors 
are parallel to each other, 
(iv) again if | uxv | =w, 
sin 9=1; or 0=90°, the two vectors are at right-angles to each 
other, 
(v) The vector product of any vector with itself is always zero, 
because here 8—0'; ie. UXU T0 " es (12) 
The vector products of three mutually perpendicular unit vectors 
i, j. k taken in cyclic pairs ina right-handed co-ordinate system are 
as follows,— 
iXi=jXj=kxk=0 } 


and, iXj=k,jXk=i, kXi=j : (13) 
but, jXi——-k, kXj=—i, iXk= -j 
So, the vector product of any two unit vectors in the above system 
taken in cyclic pairs is equal to the third. Only the signis altered 


with the change in order. 

Components of the vector product in three mutually perpendi- 
cular directions.—If we resolve the vectors u and v in three mutually 
perpendicular direstions, z, y and z of a co-ordinate, system, then 

u =uzit uyj tusk 
and V= Veit vy] Hk 
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then, uXv=(ugituyj-+usk) X (vzi--vyj-- vsk) 
— Uzi X (vui vyj - va) + uyj X (vsi tvt vsk) 
tuck X (veit vyj - vk) 
= (usvyk — ugosj) ( — uyozk-- uyvai) + (uzvaj — usvyi) 
= (uyvs — usvy)i + (use — uzv)j- (uzvy — uyva)k s.. ' (9) 
The components of uXv may be written in short as the determi- 
nants formed by columns 2and3; 3 and 1; and 1 and 2 of the last 
two rows of the following equation : 
i i k 


UXV=| Ug Uy Us 


Ve Vy Us 

$e, uXv-[uy — uzvy, UsVe— Uns, Ugty — uyv] et (dy 

2. Accelerated frames of reference :—How the position of a 
particle, a system of particles or a system of bodies changes with time is 
to be stated to describe its motion fully, A syetem in which the motion 
isto be described is called the frame of reference. The co-ordinate 
systems which are at rest or in motion with respect to one another 
are all within the same frame of reference. The origins of the different 
co-ordinate systems may be different or their axes may also be inclined 
to one another. But their frames of reference will be different if there 
be any relative motion between them. 


The co-ordinate system in which the acceleration of any particle 
depends only on the interactions of the constituent particles among 
themselves, is called an inertial frams or inertial system. In these 
frames (or systems) Newton's laws of motion would hold good. 


The acceleration of a particle with respect to a frame of reference 
which again is accelerated with respect to any inertial frame, depends 
partly on the interactions with other particles and partly on the 
acceleration of the accelerated frame. Such a frame is called a non=. 
inertial frame. Its acceleration may be either translational or 
rotational or both. 

Actually, there does not exist any inertial frame in nature, If 
examined for a long time, all motions in nature will be found to be 
non-inertial. Foucault's pendulum, the motions of earth and other 
planets etc, are good examples. 

If however, only a few oscillations of a pendulum are considered, the 
rotation of the plane of oscillation i.e., the rotation of the earth about 
its axis may be neglected and the motion of the pendulum bob ma: 
be taken to be governed only by the gravitational attraction, In m | 
a cage, a co-ordinate system situated on the surface of the earth may 
be taken to be an inertial system. 

Any co-ordinate system which is moving with a constant velocity 
with respect to such an inertial system is also inertial and any one 
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of them msy be considered to be at rest, because the moti 
relative to each other. This is called a moving frame of Rei T 


Fig. 5 


Suppose O an¢ O’ are the origins of two co-ordinate systems 4 and 
A’ which are moving in the same direction, i.e. the system A'Imoves 
in the direction of the '--z-axis' with respect to A with velocity v. It 
may be said as well that the system A moves in the direction of the 
'—a-axis' with velocity v. Any one of them may then be taken to be 
at rest, though the term ‘at rest’ has no meaning in reality. At time 
1—0 , let us assume that the origins O and O' coincide with each other at 

gee =y=y' =2=2 =t=0'=0. 

At some later time t, the origins are displaced as shown in Fig. L. 
Let the 2-co-ordinate of the origin O' relative to the system A be ro, 
and that of the origin O relative to the system A’ be wo, 

SS m9 =—-o 


The velocity of the system A’ relative to A is given by vo Lum B 


and that of A relative to A’ is vee 


& 


Fig. 6 


But zo/— —4 5; 80, Vo =o 23 zr NA 
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Now let us consider the point P, whose z-:2-ordinatesin the systems 
A and 4’ be zp and z'p respectively (Fig. 6), then 
ap=2p' Hito RS ^d 5*3) 
Putting zo'—— Z'o; we ge&zp —zpdzo m mc) 
According to Newtonian mechanies, time ¢ has the same value in 
all systems ; t.a. t=t'. So it may be written that, 


®o'=Vo'.t ; and w'o=v'o.t 


Thus eqns. (2) and (8) may be re-written as, 


zp—c pvo. EE nae n (4) 
and z'p-—cpdvot M aw 2210) 
also w'p=xp—Vo'.t n Gr ws (5a) 


It is evident that the transformation equations (4) and (5a) are 
correct since by putting x p=0, we obtain the co-ordinate of the origin 
of the system A’ at any instant ¢ is given by 2o’=vo't, which also 
describes its motion. So either of the equations can be derived from 
the other by interchanging the values of the co-ordinates and reversing 
the sign of the velocity v. 


The equations relating the co-ordinates of an event in two different 
systems A and A’ are knowa as the Galilean-Newtonian transformation 
equations. e 


It can be shown that the Galilean transformation equations 
written above keeps Newton's lawa invariant i.e. the equations of 
motion, as written by & wo observers sitting in the two frames, will be 
the same. To show this, we express the velocity vp of a particle 
with respect to the system A in terms of its velocity v'p in the 
system A’, Thus, 


2 d (robes 
am (x pot) 
"EET dim ote! 


Thus the acceleration is given by, 
vp d 

di dt 
which proves the invariance. 


ap (pw) P M =a'p+0 


3. Mass of a body :—The property of matter called mass can be 
defined in two different ways. (1) From Newton's Law of Gravitation, 
the force of gravitational attraction batwaen any two particles is 
dirsesly proportional to the product of their masses, and so a mass 
can be considered as that property of matter by virtue of which every 


| 
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particle exerts a force of attraction on every other particle in the 
universe. This property may be called gravitational mass, (2) On 
the other hand, from Newton's Second Law of Motion, we may 
consider a mass, from a quite different outlook, to be entirely a 
different property of matter ; where an external foree which may not 
bə gravitational must b» exerted on a particle in order to change its 
configuration, i.e. the position of rest or of uniform motion, either 
in magnitude or direction. This property of matter may be called an 
inertial mass. The gravitational mass of a particle may not necessarily 
be the same a3 its inertial mass, though, in fact, one is directly 
proportional to the other. However, in practice, we consider both 
of them to be numerically equal. 


4. Angular Acceleration :—We know that the! angular velocity 


o(=%) is related to the linear velocity by the relation, o —v/r. 


v=ro ʻi ur ieee ee) 
Again, if we consider the rate of change of this angular velocity, 
which is tha angular acceleration. it will be represented by out 
Bat linear acaeleration, fo, fp 125 uer 


dis equal to the linear acceleration 


divided by the distance from the axis of rotation. 


5. Torque and Uniform Angular Acceleration :— In rectilinear 
motion, any type of displacement is caused by a force whose magnitude 
is given by the product of the mass and the linear acceloration 
(P=mf). In rotational motion, the angular displacement of any type 
is caused by a torque which is the moment of a force about the axis 
of rotation. 

To find an expression for this torque in terms of a uniform angular 
acceleration, let us consider a rigid body rotating with a uniform 
angular acceleration about an axis and let a particle of mass m of the 


body be at a distance rı from this axis. If E be the uniform angular 


So the angular acceleration, 


do 
acceleration, the linear acceleration of the body-— fi eu s 


Hence the force P: acting on mı is mars F2 and moment of Pı 


about the axis P, X ri mir" 2. Similarly for another particle 
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of mass, ms, at a distance rs from the axis of rotation, the moment of 
the force Para —msr; m 


So is the case with all the constituent particles of the body. 

The tots] moment for the whole body =the required torque= 
Prat, mr? =I Xx I. where [=Smr* 
=the moment of inertia of the body about the axis. 


Thus torque is also expressible in the form of the product of I and 
the angular acceleration. So the part played by mass in translational 
motion is performed by moment of inertia in rotational motion, 

From the above expression of torque, we can, alternatively, define 
moment of inertia of a body as the ratio of the mechanical moment to 
the angular acceleration of the body. 


(mirs*+mura?+mers?t...... 


Example 


A wheel of moment of inertia 3000. gm.-cm. rotates at a speed of 50 revs,/sec., 
when a retarding torque is applied to it as a result of which its speed falls lo 10 
revs./sec, in 2 minutes. Calculate the torque applied. 


Ans. Here w,=2r x 50 and Us =2r x 10. 
2(50—10) 2x. 


`. The angular acceleration - 2^ 9129 r 
t D 2x 60 3 


d 


+, The retarding torque ne 3000 x = = 6284 dyne-cm. 
a b 


6. Angular Momentum or Moment of Momentum: Prineiple 
of Conservation of Angular Momentum —Let us consider a consti- 
fuent particle of mass, mi, of a rotating rigid body. Let its distance 
from the axis of rotation be r, and ita angular velocity be o. Then 
the linear velocity v of mı will be given by, v7 r,0. 

Its momentum=miv=mir,0, The product of this linear 
momentum and the corresponding distance Tı from the axis of rotation 


is generally known as the moment of momentum. 


+. The moment of momentum of the particle is 
miri — myri?o i; m no (1) 
When the moments of momentum of all the constituent particles 


are summed up, we get the moment of momentum of the rigid body. 
Thus the moment of momentum Z is given by, 
L-o[miri?* mars? -F mars? .. ]=05mr — Io /M (3) 
Thus from eqn. (2) we also see that J plays the same part in 
rotational motion as is played by M in translational motion. In case 
of linear momentum we know that is given by Mv. In case of moment 
of momentum, v is replaced by angular velocity o and M by I. 
So L=Io is more commonly called the angular momentum. 
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Principle of Conservation of Angular Momentum :— 

From eqn. (1) we get a relation between the angular velocity and 
the angular momentum. Let F be the force or torque acting on the 
particle, then from the relation, L=r.mv, we have, 

Se ES d 

dU (r.mv) == . mtr. B (mv) 

—wv.mv--r.F ; where from Newton's second law of motion, 


=4 (mv)=rate of change of momentum. 


But vv=0; .. Worp No a (8) 
= moment of the force acting on the particle about the given 
axis of rotation. 

So, the rate of change of angular momentum of a particle about a 
given axis of rotation is equal to the moment of the force acting on the 
particle about the same axis, 

In eqn: (3) if F=0, L will be constant. 

As the linear momentum is conserved in a system when no external 
force acts on it, so is the angular momentim conserved in absense of 
any external torque. This is the principle of conservation of angular 
momentum. 

Aagin, if the resolved part of a force or torque (though the total 
foree is not zero) on the particle is zero in any given direction, then 


the resolved part of 2b in that direction is also zero, i.e., the resolved 


dt 
part of the angular momentum in that direction is constant. 
It can be shown that in nature, the angular momentum of almost all 
of the central forces about the centre of the system is constant, i e., the 
principle of conservation of angular momentum holds good. 


Example 

An electron of mass 9 x 10-* * gm. revolves round a nucleus in an or bit of radius 
0:5 % 10-* om. 1f the angular momentum of the electron in the orbit be 107** erg -sec., 
calculate the linear velocity v ith which it travels in the orbit. 

Ans. Since the electron may be supposed to be a point-mass (or particle), its 
angular momentum is given by mor? = mvr. 

mvr —107* erq.-sec. 
107** 10 
9x107*x05x10** 45 
—92'2 x 10* cm./sec. 


Hence v= 


7. Collision between two bodies:—Suppose two bodies of 
masses mı and mo, moving with velocities vı and u2 respectively ina 
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Sirsight line (direct impaet) or at a cartain angle (oblique impact) 
collide, where u,2»43. Afser impact, they move, either (1) as a single 
body with a common final velocity v, or (2: deflect and move either 
in the Same or in different directions with velocities v, and v, 
respectively. Tho former case is called a completely inelastic collision 
and the latter, a completely el1stic one, where the total kinetic energy 
is the same before and after the impact. 


Suppose there is no friction and the resultant vertical force on 
the system is zero, the only forces acting on the bodies being the 
internal forces exerted on each other during impact. 

(1) Inelastic collision.—For a completely inelastic collision, 
between two bodies of masses m; and ms moving with initial velocities 
tx and 43 respectively, we have the final velocity, 

71 =v: =v (say). 

The momenta of the two bodies before collision are m,u, and 
Mat, and those after collision are mv and ma" respectively. According 
to the principle of conservation of momentum, we have, 

mai E maus — m,v4-mav— (m; +mo)v ad Pi oy) 
The sum of the kinetic energies of the two bodies before collision 
=ġ miu’ +t magus? 
while the final kinetic energy of the system =} m, +ma)v?. 

If the body of mass ms i$ initially at rest, then 44 —0 ; and the 

ratio of the final to the initial kinetic energies is 
(mı ma) 
06.13 


Substitutiog the value of v from eqn. (1), we get the value of the 
ratio as, 


(mitma), mu," 
ere ee > O i i <1. 
mın, ? Em m Em which is evidently 

Therefore, the total kinetic energy of the system decreases in an 
inelastic collision, In fact, the sprarent deficit kinetic energy is 
transformed into other forms of energy, such as sound, heat, etc. 

(3) Elastic collision.—In such a collision if the two masses mı 
and m. move with velocities vı and v, respectively, after impact 
We can find out v, and vs, when mi, mo and their respective initial 
Velocities 4, u2 are known. Since the momenta of the bodies before 
and after impact are equal. 

Thy, + mots — m,v,--msvs i aah te) 

Or, mi(ui—-vi)—ms(vs — us) 3 s. (2a) 

If the impact is perfectly elastic, the kinetic energy of the system 

conserved and thus 


imiu, maus? —3m,vi* - nas? £ zc ) 
Or, mi(u,* —v.?)— ms(vs? — ua?) a ... (3a) 
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Dividing eqn. (3a) by (2a); we get 
Ur +0, =Vatus 

Or, 1 — te =Vq—01 = —(vi— va) oe ID 
where (us — us) is the velocity of the first body relative to that of the 
second one before impact and (vi—və) is its relative velocity after 
impact. Thus the relative velocity of the bodies in a direo& and 
completely elastic collision is unchanged in magnitude but reversed in 
direction, i.e, the relative velocity of approach is equal to the relative 
velocity of separation. = 


From egns. (2) and (4), we bave 


v, = Matha E (mi maus c lee (y 
mma 

and vg 2st ck ms mius a el (6) 
m;-ma 


Special Cases.—(1) When us —0 ; eqns. (5) and (6) reduces respec- 
tively to 


Lm ma, 25 TRU 

E: mime EE ! 

and v= 2mi 04 iv tot) 
ma t mas 


(i) if m,=m =m (say), eqn. (2) reduces to 
Ur Fus =V: +Y, 
and when solved simultaneously with eqn. (4), we get, 
Ve=U, and V= üg 

i.e. the bodies have simply exchanged their velocities on impact. 

(ii) if ug420; thenv1i—0 and vs=u; ; 

ie. the first body comes to rest and’ the second one moves with 
a velocity equal to the initial velocity of the first. 

(iii) ‘if mime ; then the kinetic energy of the first body after 
impact is [ from eqn. (7) J, 


x s 
imu =) " imiu,* 
mit ms 
and that of the second body after impact is [ from eqn. (8) ], 
4 2 
mws” ees mius: zh 


Since, in a perfectly elastic impact, the kinetic energy lost by m= 
that gained by moe, the ratio of decrease in kinetic energy of mı to its 
original kinetie energy is given by, 

Mava” Amım 
maiWi* (mi +m;)* j 

7a). Oblique Collision — When two bodies moving in different 

directions collide, they are defiected in different directions. The initial 
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and final momenta of the bodies are to be resolved in two mutually 
perp. directions (say, one in the direction of u, and the other perp. to it), 
and the values of their final velocities can be easily obtained by applying 
the principle of conservation of momentum, when their masses and 
initial velocities are known. The deductions are left to the students 
a8 an exercise, 


8. Composition of Simple Harmonic Motion :—The resultant 
motion of a particle simultaneously acted on by two forces each of 
which acting separately would make the particle executea S.H.M., 
depends on whether (i) the forces acting on the particle are collinear 
or (ii) they are in mutually perpendicular (rectangular) directions, 


Case. 1 When the forces acting on the particle are collinear.— 
The composition of S.H.M.'s in this case may be made either by 
analytical method or by the graphical method. 


A Analytical Method of Composition of two Collinear 
.M.'s— 


8 
Let the displacements of the simple harmonie motions to which the 
particle is subjected be represented by, 
917-031 008 =a, cos 0 
and zg—d, cos (vi--0) —a, cos (0-- 5) 
where as and ay are their amplitudes and (3+8) are their phases. 
Here the amplitudes and phages are Supposed to bs different for the 
two S.E.M. 8 but their period is taken to be the same. 

Since the motion and hence the displacements are collinear, the 
resultant displacement will ba obtained by the algebraic sum of the two 
individual displacements, 

*, The resultant displacement, z, is written as, 
@= 21 tts =a cos of +a cos (wt+ 5) eis 13 (1) 

Ifthe periods of component motions were different, the eqn. (1) 
would take the form, 

®=41 cow 01 às cos (0, +8) TS v. (2) 
which is the equation of a compound harmonic motion. As the com- 
pound harmonic motion is of no general interest, we shall proceed 
with egn. (1) and discuss the nature of the resultant motion. From 
eqn. (1), we get, 

£—41 cos 6-+a cos 0 cos 9—a3 sin 0 sin à 
=(41+4¢ cos 5) cos 0 —(as sin 9) sin 5. 
Let a:--as cos 3=R cos fj, 
and Gs sin 5=R sin Ê. 


Then, z— 7 cos 0 cos 8 — R sin Ô sin B=R cos (6-8) ene) 
where E* —(a, +as cos 8)°+ (as sin 8)2ai*-Fas*--9a1a4 cos à (4) 
and ten —. 2» sin 5 — "i EN 


aıt às cos à 


ah The motion represented by eqn. (3) is evidently a simple harmonic 
ig. 
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Special Cases.—(;) When 9-0, the resultant amplitude is 
JA —a1-F-a3 and B=0, from eqns. (4) and (5). 
Hence from (3), « —(a;-t- 3s) cos 9. 


So the regultan motion is simple harmonic and the resultant 
amplitude is equal to the sum of the amplitudes of the two motions. If 
again dis =q, then z—2a cos 0, i.e. the resultant motion has an 
amplitude equal to double the amplitude of each of the component 
motions. 


(ii) When à—z/9, R= J d.*+a0" and p= ten” * i. 
1 
8o. æ= a1" Fas" cos (9+8), If further a1—a,-a and B=45", 
+ ie. tan B=1, 
a=/2Xa cos (0--z/4). 

(iii) When 5=%, R=a,—-a. and B=0, r=(a1—a_) cond. If 
further a; =a =a, =Q, the resultant displacement is zero, 4.6., one 
S.H.M. cancels the effect to the other. 

(B) Graphical method of Composition.— 

The graphical method requires the construction of the time-dis- 
placement curve of each S.H.M. So to understand the method 
thoroughly, a knowledge of drawing the timediaplacement curve is 
essential This is given below. 

Let ABA,B, (Fig. 7) be the circle of reference for a simple 
:harmonie motion. The circumference of the circle ABA, BA is divided 

-into 16 equal parts and perpendiculars are drawn from each point of 
“division on the diameter BB, and they sre numbered as given in the 
figure. The diameter A, A which is at right angles to the diameter 
a 


Fig. 7 


BBĘ'is produced to X. From O,, a point close "to A, a vertical line 
O1Y is drawn on the horizontal axis AX. 
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Let O1Y and O1X represent respectively the displacement and time 
axes of the graph. Along the X-axis a suitable length OiP is taken 
and divided into 16 equal parts also. L is marked midway between O, 
and P. OiL is divided into 8 parts and numbered 88 0 to 4 and 4 to 0. 
Vertical lines are drawn parallel to 0, Y from each of these points of 
division, Lines from O1 to L are drawn above O,X and similar lines 
are drawn below O;X in the segment LP. If OiP represents & time 
equal to one period of oscillation. each of these 16 segments on OiP 
will indicate a time interval of 7/16, 

Now suppose the S.H.M. of the foot of the perpendicular drawn 
from the generating point moving along the circle of reference ABA,B, 
be considered on the diameter B. Let the time of observation begin 
when the generating point is at 4 and moving in the anti-clockwise 
direction. Evidently at the start the foot of the perpendicular will be 
at O and its displacement will be zero. So when t=0 (along x-axis), 
the displacement y is also zero, This point is evidently represented by 
O; in the graph. When the generating point moves to point (1) on the 
circumference after an interval of T/16, the foot of the perpendicular 
moves to point (1) on BB, inthe vertically upward direction. The 
displacement is evidently the distance between O and 1 on BBi. Draw 
a horizontal line through this point (1) parallel to AA,. It intersects 
the vertical line (1) on the graph at point (1). This vertical line again 
everywhere indicates an interval of 7/16 from the start. So this point 
(1) on the graph indicates the time 7/16 and its corresponding displace- 
ment. In this way points 2, 3, 4 are obtained for the time-displacement 
curve corresponding to positions 2, 3, 4 of the vibrating point (foot of 
perpendicular) while moving up vertically, Again as it moves down 
from 4 to 8, 2, 1, 0 ete. the points will be indicated on the graph by 
Points 4, 3, 2, 1, L on the downward slope of the upper loop of the 
graph. Once these points are obtained the whole upper loop can be 
drawn by joining these points by a fres-hand eurve. Similarly, the 
downward motion of the vibrating point from 0 to 4 and then the up- 
ward motion from 4 to 0 is represented by the lower loop of the curve. 
This complete curve for a single psriod or any other spscified time, 
wherein displacement is plotted against the corresponding time is called 
a tims-displacement curve of a S.H.M. 

Since in this case the vibrating point has been considered on 
diameter BB,, the displacement expression will be y —a sin 6=a gin wt, 
So the time-displacement curve ig also a sine curve. If the vibrating 
Point is supposed to move slong the diameter Adı, the displacement 
expression will be, z=a cos o£, and the time-displacement curve would 
be a cosine curve. The time-displacement curve ean also be drawn by 
taking one diameter and one half of the circumference only for reference, 
This will give the curve for half period—the other half being obtained 
from symmetry. 

Oace the construction of the time-displacement ourve is known, the 


composition of two simple harmonie motion may be made in the 
following way :— 
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(a) When the motions are in the same phase.—On the same 
axes of reference OiX and O,Y the time-displacement curves for the 
two S.H.M 's are drawn on the same scale such that 

(i) the radii of the circles of reference are in the ratio of the 
amplitudes of the two motions ; 

(ii) the semi-circumference of the reference circles of both 
the S.H.M's are divided into equal number (say, n) of divisions, 
each corresponding to an interval equal to a definite fraction 


(à) of the period—the length O1P along the time axis being divided 


into twice the above number of parts (i.e. 27). 

Now finding out the displacement along the vertical diameter (ie. 
slong y-axis) at the end of each of these intervals, the time-displacement 
curve for each of the component S.H.M s can be drawn. 

The resultant curve is obtained by taking the algebraic sum of 
the ordinates of the component curves at the same interval of time. 


Py rrr H) FI 
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Fig. 8 


Ia Fig. 8, the curve (c) shows the resultant of two collin-ar 
S.H.M'.s (a) and (b), having the same period and no initial phase 
difference and their amplitudes being in the ratio 2: 1. In case the 
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periods of the S.H, M.'s are different, the semi-cireumferences should be 
divided into a number of parts having the came ratio as that of the 
Bperiols. Then the time-displacement carves are drawn as usual. The 
thick-line curve (c) in Fig. 9 represents the resultant of two compo- 
“nent vibrations (a) and (b) having the same amplitude and phase but 
periods in the ratio 2: 1 (or frequency in the ratio 1:2), Tne thick- 
“line eurve (c) in Fig. 10 represents the resultant of two component 
vibrations (a) and (b), whose amplitudes are identical, phase difference 


^is nil and the periods are nearly the same (i.&, frequency also nearly 
(the same). When the component vibrations under these conditions, are 
“sonorous in nature, the resultant vibration represents a beat curve. 


€ 


Fig. 10 
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(b) When there is a phase difference between the two 
motions.—The method is similar to the above with the difference that 
the origin of the displacement curve for them is not the same. The 
origin for the lagging motion is to be taken to the lefi of O, by an 
amount equal to the phase difference measured in terms of the time 
period, when the motions are of equal period. When the motions have 
different pariods, the division of the circumference or semi-circum- 
ference, as also O, X-axis, has to be made into an appropriate number 
of part: or intervals such that the phase difference may be represented 
by an integral number of such intervals. The time intervals are to be 
numbered separately bearing in mind the different origins of the two 
curves. Fig. 11 shows the graphical compositions of two S.H.M.’s of 
same amplitude, phase difference 7/3 and time periods in the ratio 3 : 4, 
The curves, (a) and (b), represent the component vibrations and the 
thick-line curve (c) the resultant. 


Fig. 11 


It should be remembered that if the time periods are different, the 
phase difference does not remain constant throughout. The initial 
phase difference can only be introduced in investigating the resultant 


motion. 

Case 2. When the forces acting on a particle are in mutually 
perpendicular directions.— 

In this case also the composition may be made either analytically 
or graphically, 

(A) Analytical method.— 


(i) When the periods are identical but the amplitudes and phases 
differ in the two component vibrations. 
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Let the two rectangular S.H.M.'s be represented by 
=ð, cog 0 Bs tu v HE) 
y —as cos (0+%) ae As. un (3) 


From (3) “=cos 6 cos z= ain 0 ain <=" cos «- AJ 1-4 
as ay ai? 


| since from (1), cos 0= z] ; 
ay 


y c M a 
Or. —— — cos <= — rd 1- — sin 4; 
ap a a," 
or, on squaring both sides, 
2 2 
JE eos! «— Bt oyga = (i-2 3) sin; 
aa? ay 0102 


2 
onee seri 20v oa pA zt a (cos? «-F- sin*«) — sin*« ; 


Qa 0102 
2 
or, 9. — 22 aog s S cain! x cta L2 (8) 
Ga" 10s 


This is the equation of an ellipse. Hence the resultant vibration 
will, in general, be elliptical, 


Special Cases —1) When X-—0, ie. when there is no phase 
difference and az and a; are different, 


p- zy =0; or, y=% a, which gives a straight line passing 
ia Ay . Gy 


LE 
through the origin, inclined at an angle tan M to the axis of z. Again 
1 


if @,=a1 ; the angle of inclination is tan * 1=45°. 
(2) When <=2/2, but a15£a the equation (3) reduces to 
Liner Lom 
3 gue 
LPS Th 
So under the conditions, resultant vibration is elliptical. This 


ellipse has its axes of symmetry coincident with the co-ordinate axes 
and its gemi-axes equal to a. and ai. 


(3) When %=7/2 and ai1=a,=a, say, the equation (3) takes the 
form 
r +y? =a, 
which gives a circular motion, the radius of the circle being a. 
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(4) When <=7, and as and a are different, the eqn. (3) can be 
written as, 


Fri Qr. ; on (£4 2] =o. 


ds” as” 3 Oy 


= = 2 T, which gives a ttraight line passing through the 
1 


origin and inclined at an angle tan” ( -2 to the x-axis, 
X 
(ii) When the amplitudes, phases and periods of the comptnent 
rectangular vibrations are different, the periods being in the ratio 2 : 1. 


Under these conditions the two S.H.M.'s may be represented by 
the equations, 
2-4; cos 0 Sn te) 


Y= cos 1253+43) Be io Ia) 
Here the phase of vibration along y-axis is taken to be in advance. 


From eqn. (2), j= cou 26.cos & —sin 26.8in x 
3 
=(2 cos*0 — 1) cos X — 2 sin 9 cos 0 sin < 
E pe i% PEA Fa 
-(22,-i) os < 24/1 asm sin « 
[ substituting cos 0 — 7. = from w] 


y- LAN wos c -aw/1- 2" = ag, bins, 
di 


a, 
Squaring both sides, 


2 2 2 a 
y He -1) cog? « - ias - 1) cos x 
1 3w 


s 3 
-(- 22 sia, 
Gy / Oy 


H 9z* y 142 
Adding (E —1) sin’< to both sides. 
1 


[UT 


—sin*« eaa) ; zi] 
—gin?« : s. (3) 


When the phase difference NT {= o. the eqn. (3) can be 
written as, 
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va, ¥. (ejo; 
a? ja az 17 ! "n 


o, P-o edad 


Eqn. (4) stands for two coincident parabolas, each of which may 
be represented by the relation, 
Dj 2 
Morum j or, y=% wag "x (5) 
üa Gy à, 
This represents s parabola symmetrical about the y-axis, its vertex 
being at the point (0, — a9). 
(iii) When the component rectangular vibrations have their 
amplitudes different phases identical but the periods in the ratio 3 : 2. 


In this cage, since X —0, the component vibrations can be represen- 
ted by the equations, 


z=q, cos 26 dm vee (1) 
and y=de cos 39 Ax NA (2) 
EON MESE EAE E zi 
From (1) cos ep m 2 cos* 9-1; or, cos 0 ig 


Again from (2), $705 30 —4 cos*6 — 8 cos 0 
=4(l zj- l2] 
(rr deg 


V P nee yes )- aiez) 


Hoz? 12w, 6a? 9, Px 60? _ 24m 
= E ELL he ba 24m 
ab dala? 3 oq; E ai? Qa, 
= 22° 3» 41 3) 
Ja, 3e, d e vx Em 


The equation (3) represents a cubic curve. 
(b) Graphical Method.— 


Let the amplitudes of the two S, H, motions one vertical and the 
other horizontal be in the ratio d;: à, and the periods in the ratio 
m:n. To get the resultant of these two motions the following procedure 
is to be adopted, 


(1) On the graph paper take a horizontal line and a line at right 
angles to it such that their lengths are in the ratio of the amplitudes 
i6,0s.:0,. Draw on the upper side a semi-circle with the horizontal 
line as the diameter and another semi-circle on the L.H.S. with the 

Vertical line as the diameter (Figs. 12 to 18). 
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(2) Divide the abave semi-cireumferences into kn and km number 
of parts respectively. Here % is to be so chosen that the interval 
betwaen two points of division of the semi-cireumference is either equal 
to or an exact submultiple of the initial phase difference between the. 
two motions. 

(3) Draw straight lines through the points of division on both the 
semi-circu nfererces, so that they intersect and form smaller rectangles 
within the rectangle contained by the two diameters. 

(4) Mark on the semi-circumferences, the starting positions cf 
the particles bearing in mind the initial phase differerce. Usually the 
starting position of the lagging motion is taken at the extreme end of 
the diameter concerned and the position of the leading motion at that 
instant of time is found out on the other semi-circumference by taking 
the phase difference into account, 


(5) The initial position of the resultant motion will be at s point 
in the big rectangular diagram where the horizontal and the vertical 
straight lines corresponding to initial posts (positions of the generating 
points) of the two motions intersect. / 

(6) Determine the initial position according to rule (5) and then 
proceed along the circumferences of the semi-circles taking one division 
of one gemi-cireumference for one division of the other. The corres- 
ponding vertical and horizontal lines through these points of division 
intersect somewhere within the big rectangle contained by the diame- 


Big. 12 Fig. 13 
Amplitudes and time periods sama Amplitudes and time periods sam 
_ and phase difference nil. and phase difference — v[4. 


(S.H.M.,, a leading) 


tere. This intersection point is a point on the resultant curve. In this: 
way, find out the different points on the resultant cuive and join them 
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by a free-hand curve turning each time a side of the big rectangle is 
touched. The curve so drawn will give the resultant curve of two 
component S.H, M.'s, 

Tt is easy to follow that the diameters of the two circles will be 
equal when the two motions have equal amplitudes. The number of 
parts into which the semi-circamferences are to be divided will be the 
same when the periods of the two motions are equal. The starting 
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Fig. 14 Fig. 15 
Amplitudes and time periods same Amplitudes are in the ratio 3 : 2/a : b), 
and phase difference r/2. time periods 2 : 1, (frequency 1 ; 2) 
(S.H.M., a leading) and initial phase difference nil. 


points of them will be from the extreme right hand end of the horizontal 


4 diameter and the extreme 

3 3 upper end of the vertical 
diameter when there is no 
phase difference. If the 

N periods of the two motions 


si bnc S are different, the phase 
<= difference cannot remain 

z 0 
LAWN S constant. What can be 


done at most is that the 
initial phase difference can 
be introduced. The tracing 
points on the two semi- 
circles are taken to be 
moving in the anti-elock- 
wise direction. 


kL NZ | 

li 
NJ 

Fig, 16 7 Figa. 12—i8 show the 

different cases of two rec- 


Amplitudes 3 : 2 (a ; b), periods 2: 1 and D 3 
initial phase Aemona] tangular S.H M/s graphi- 
(S.H.M. a leading) cally combined. In these 


AN 
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figures a and b are horizontal and vertical S.H.M/s, S1 and S» the 
starting positions of their tracing points and C and S their resultant 
and its starting point respectively. 


9, Lissajous’ Figures :— 


Lissajous’ figures are curves representing the resultant of two 
S.H.M.'s acting at right angles. These component S.H.M.s may again 
be varying in amplitudes, phases and periods, or in some of them. 
Sometimes they may be even identical in all respects, These curves 
were for the first time produced by Lissajous. Hence the name. These 
figures may be obtained experimentally by (1) Tisley’s Harmonograph, 
(2) Blackburn's Pendulum, (3) Kaleidophone, (4) Optical method 
and (5) Cathode ray oscillograph. 


Production of Lissajous’ Figures 


(1) Tisley's Harmonograph.— 

It consists of two vertical iron rods provided with adjustable 
weights, A and B (Fig. 17) at the lower ends, They are fitted with 
knife edges about which they 
can oscillate inside two slots 
cut at right angles to the two 
adjacent sides of a rectangular 
table. Thug these rods from 
two pendulums whose periods 
can be adjusted for the given 
ratio with the help of adjus- 
table weights and a stop-watch. 
The upper ends of the rods, 
which project a little above the 
plane of the table, rupport two 
straight strips, whose free-ends 
are hinged perpendicularly 
together at C. A fine vertical 
pencil is attached to this hinge. 
The tip of this pencil is free 
to move over a piece of paper 
placed on the table. Now as 
the pendulums formed by the 
rode are made to orcillate with Fig. 17 
the desired periods the resul- 
tant curve is automatically drawn by the attached pencil on the piece 


of paper, 


26 ` INTEBMEDIATE PHYSICS 


(2) Blackburn's Pendulum.— 


It consists of a vertical rectangular wooden frame fitted cp to ® 
heavy horizontal base (Fig. 18). At the centre of the horizontal arm 
of the vertical rectangular 
form is fitted a screw peg P, 
frame which two strings are 
made to pass through the two 
corners E, and Ho of the 
frame. The two strings are 
clamped together at C,, by 
means of an adjustable clip, 
At Ca another clip is fitted 
and the strings are here branch- 
ed into 3 parts which hold a 
heavy metal ring R. Through 
the centrsl hole of the ring 
passes a funnel filled up with 
coloured sand or any other 
heavy coloured powder. Just 
below this ring ig placed a 
piece cf paper. Now if the 
ring E be displaced slightly in 
the plane of the rectangular 
frame, it will oscillate and 
form s pendulum of lergth 
(say). Its time period will be proportional to V/,. Again 


frame, the effective length of the pendulum will be SR-i» (say) 
and the time period will be proportional to „/ls.. Thus by adjusting 
lı and ls any ratio of the time periods can be get up. Sinee in each 
of the above two modes of vibration, R executes a S.H.M., it R be 
displaced in any other intermediate direction, it will simultaneously 
be subjected to two S.H.M.s at right angles. So if the sand in the 
funnel be now allowed to fall on the paper below, it will trace out 
the resultant curve of these two rectangular S.H. M.'s thus giving 
the required Lissajous’ figure. 


(8) Kaleidophone,— $ 


‘ This is an arrangement devised by Wheatstone by means of which 
Lissajous figures can be Visualised. It consists of a rectangular 
metal bar fitted vertically on to a heavy metal base. At the top 
of the bar a polished metal bead is attached. Now since the widths 


continue in those two directions. So when made to vibrate in an 
intermediate direction, the vibration will be the resultant of those. 
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two rectangular S.H.M' s, ard the shining band will indicate the 
resultant Lissajous’ figure. For getting different types of Lissajous’ 
curves, different rods of suitable rectangular cross-sections are to be 
chosen and fitted in the similar way on to the heavy base. 


(4) Optical Method.— 


Lissajous used an optical 
method for the production AA 
of the resultant curves of i, 
two rectangular S.H. M.'s. 94 


Two tuning forks (Fig. i9) 
—one horizontal and the 
other vertical—are adjusted 
on suitable stands. To one 
prong cf each a small mirror 
is attached. A narrow beam 
of light is passed through 
a focussing lens L and is 
suecestively reflected from 
the two mirrors and is finally 
received on the sereen S. If 
only the horizontal fork Fi 
vibrates a horizontal line, aa1 
will be traced and if only the 
vertical fork Fe vibrates, a 
vertical line bb; will be traced 2 

on the screen, These two are Hig 19 

two separate S.H.M.'s having different periods depending on the 
frequencies of the forks. When both the forks vibrate together the 
spot of light will dercribe the locus cf the resultant motion. The 
initial phase difference between the two motions depends on the timed 
of excitation of the forks. The amplitudes cf vibration will depend 
on the dimensions, the elastic constants and the magnitudes of the 
exciting forces— either electrical or mechanical. 


(5) Cathode Ray Oscillograph Method.— 


The cathode ray oscillograph is essentially a modified osthode 
ray tube wherein a beam of electrons possessing high energy is 
focussed on to a flourescent. zinc sulphide screen attached to the end 
of the tube which is opposite the cathode. A greenish blue spot cf 
light is obtained on the screen. Since the electron beam is very light, 
it can easily respond to the high frequency variation of an electric or 
magnetic field near it. The nature cf this variation can be visualised 
by the movement of the spot of light on the screen. 


In the attached figure (Fig. 20) C is the oscillograph tube which 
is highly evacuated. The electrons are supplied by the filament F 
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which serves as the cathode and is heated to a high temperature by 
passing a desired current through it. Gis a metal cylinder having an 
opening in front of F for the passage of electrons. Gis maintained at 
a negative potential with respect to F and this potential can be varied 


Fig. 20 


by some suitable Arrangement. 4, and 4, are two metal cylinders 
Serving as the anodes and kept at high positive Potentials relative to 
F. S is the flaorescent Screen. The interior of the tube is coated with 
^ conducting paint, with the help of which, S is connected to Ag, 
Thus S and 4, are maintained at the same potential. This makes the 
electron b:an approach the screen without any change in the associated 
kinetic energy, YY and XX are two pairs of plates, known as the 
deflecting plates. These are placed between S and As. YY-plates, 
when connected to a voltage source, deflect the beam in the vertical 
direction and Similarly, X X-plates aeflact it in a horizontal direction, 


Focussing of the Spot of light on the screen is mainly effected by 
applying suitable voltages to 4, and Aa which serve as an electron lena 
system. The focussing can also be done with the help of magnetic 
fields in places of electrostatic fields. If the spot of light is not at the 
centre of screen, it can he easily brought to the centre by applying a 
small suitable voltage to either of the two paris of plates as the 


When the instrument has been once adjusted, an alternating p.d. 
of simple harmonie type applied to Y: Y-plates cause the spot of light to 
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deteribe a vertical line on S, if XX-plates are kept at a constant p.d. 
This vertical line indicates the line along which the S.H.M. takes place 
(actually electrons are subjected to this S H. .M.. Now if YY be kept 
at a constant potential and an alternating simple harmonic p.d. be 
applied to XX, a horizontal line will be described by the light spot, 
which again indicates the line of action of the S.H.M. to which 
electrons are subjected in between the plates, XX. 


Ia order to obtain Lissajous’ figures with this apparatus, two 
alternating p.d.'s of desired periods (having the desired ratio) are 
simultaneously applied—one to the plates YY and the other to the 
plates XX, Asa result, the electron beam will trace the curve of the 
resultant of these two rectangular S.H.M.s. When the ratio of the 
periods is rather high, this simple method cannot be suitably applied 
and as such modifications are to be introduced inthe method. By this 
method Lissajous’ figures at a frequency of the order of megacycles 
per second can be easily traced. 


10. Compound Pendulum :—If a rigid body, whatever its shape 
or size, be supported so as to 
rotate freely about a horizontal 
axis and such that its centre 
of gravity does not lie on the 
axis of rotation, the body will 
oscillate to and fro, if displaced 
from its position of stable 
equilibrium snd let go. Such 
a body is known asa compound 
pendulum. 


Suppose the body PQE 
(Fig. 91) represents a com- 
pound pendulum oscillating 
in a vertical plane (say, the 
plane of the paper) round a 
horizontal axis (perp. to the 
plane of the paper) passing 
through the point of suspension O. The rest position of PQR is 
evidently with its centre of gravity. G, vertically below O. In course 
of its oscillation, let the body be displaced through an angle 6, the O.G. 
being displaced to the position G'. At this displaced position, the 


acceleration acting on the body in the direction of 0 increasing is 
? 


9, 

T Hence the deflecting couple is expressed as 125, where I= 
moment of inertia of the body about the axis of rotation. Again in 
the displaced position, the weight mg of the body acte vertically down- 
wards through G’. This gives rise to a couple mg X RG' — mgl gin 9 
tending to restore the body to its original position, where lis the 


<< nS 


Fig. 21 
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distance between O and G, This couple acts in the direction of 0 
decreasing, 


Hane? equating these two oppositely directed couples, we get, 


a*0 0i 
I dou 0 (where 0 is small) Das (1) 
2 
Or; aya T. HS w (2) 


This is evidently ths equation ofa S.H M. whose angular velocity 
o is given by, 


ota mal. 7 ir mi ; 
T 1 oF P ES 


or, T-9x,/.1 . 
mgl 


Bat here as the axis of rotation is at a distance / from the Q.G., 


the value of 7 is given by m (k*+1*) where & is the radius of gyration. 


legion JERN à i E. (3) 


Thus the time period of vibration of a compound pendulum is 
given by relation (3). This period is the same as that for an ideal 
simple pendulum whose length is (5*4-72)/], Such a simple pendulum 
whose time period is the same as that of a compound pendulum is called 
the equivalent simple pendulum. 

Since k” is always greater than zero, the length of the equivalent 
pendulum is necessarily greater than 7. Let us take a point O; such 


2 
that OO, =the length of the equivalent pendulum — k E Then 0; 


1 cu ij -keH 
is the centre of oscillation. If GO,=l, O01 ath and 


qp-9xz. /ith d 
g 
It again the pendulum be suspended from Ox, the time period, 


Ticar EEM, 
T 


But ERE ath: or, k^ —lls. 


.Henee, T1= am E -2x we 
1 
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Henco, T (with O as the cantre of suspension) is identical with 
T. (with O: as the centre of suspension) Hence the centres of 
oscillation and suspension are interchangeable, 


Really speaking there are four points on the 
vertioal line through the C G. about which the body 
will oscillate with equal time periods. This is evident 
from the fact that the equivalent length of the 

3 
pendulum rk 


may be supposed to be equal to the 


9 
gum of two lengths 7 and P. any one of whish may 


be supposed to be the distance of the C.G. from the 
poins of suspengion or from the point of oscillation 
So if we draw two circles with G as centre and 
*the above two lengths as the radii, they will interseat 
the line through the C.G. at 4 and O above G and at 
A, and O, below G ( Fig. 22). 


* 
Then G4, — GO—l and 80, -G4- P. 


PETES Ptk 
Hence GA tGA=AA= i —GO0,-GO-00,;. 
Thus we have four points O, A, Oi, Ai, collinear with G about 
Ewhich the time period is the same. It is therefore necessary to choose 
two points such as O, O1 or A, 4, in finding the length of the equivalent 
Spendulum end not to take a symmetrical pair of points like A, O, or 
0, Ay 


Maximum and Minimum values of the time periods : 


2 2 
The time period of a compound pendulum is Toss f HE 


2 s 
or, squaring, r= i). 


-. Difforentiating this expression with respect to J, 
aT _ 4x° jd k’ 

d g 124: 

This relation gives the variation of T' with length. 


If 1=0, i.e. if the point of suspension coincides with the O.G. the 
time period will be a maximum (equal to infinity) and if k*=1°, the 
‘above expression reduces to zero and the period is a minimum. 


we get, 27 


The minimum value of T is equal to 2% JE 
g 
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15. Bar Pendulum :—It is a very simple form of compound 


000000 - 660006 


Fig. 23 


the curves at OA O'A’, 
for the same T. Here 
00’ and AA’. 


pendulum used for determining g. A metal 
bar RR ( Fig. 93) having two sets of holes 
drilled symmetrically with respect to its centre 
G forma the compound pendulum. Here G 
coincides with the C.G. of the uniform bar. 
The horizontal kni‘e-edge K is now placed in 
any one of the holes. Now recording the time 
periods about the upper edge of each of the 
holes on one side of G and measuring the 
corresponding distances from G, curve may be 
drawn connecting 7 and this distance as shown 
by the right-hand half of Fig. 24. The left- 
hand half corresponding to the holes on the 
other side of G may be drawn from symmetry. 
As is evident from the figure, the minimum 
time period refers to a length DL’ (—91) of the 
equivalent pendulum. When this length 
approaches zero (ie. when the body is sus- 
pended from C.G.) the period tends to infinity. 
Again taking any horizontal line to cuti both 
we get the four possible points of suspension 
the equivalent simple pendulum has a length 


Time period 


distance from C.G.<———-. ——+ distance from C .G. 


Fig. 24 
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12. Kater's Pendulum:—The value of the 
due to gravity on earth's surface is accurately 
determined by  Kater's revisible pendulum. The 
pendulum (Fig. 25) consists of a rod carrying three 
weights, the bob C and two adjustable weights D and 
E It can be supported at any of the two knife-edges 
K, and Ks on a rigid horizontal platform P. K, and 
Kare turned towards the centre of gravity of the 
euspended system. The larger weight Æ is moved 
until the time periods about K, and Ke are nearly 
equal and is then fixed in position. The smaller 
weight D is required for finer adjustments. It is 
moved by means of a screw until the number of 
wings made in 24 hours about K, and Ko successive- 
ly are exactly equal or at best differ by a small 
fraction of one vibration. K, and Ks are then 
the reciprocal or interchangeable points within 
the limits of experimental error ‘Their dis- 
tance apart is very carefully measured. This distance 
l between Ky, and Ke, which will be found to be 
asymmetric points, is the length of the equivalent 
simple pendulum, at the place of observation. The 
acceleration due to gravity will then be given 


by, gman", where T is the time period of the ad- 
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acceleration. 


B 


Fig. 25 


justed pendulum which can be measured by a stop watch as usual. 
Kater, in 1917, determined g at London by this method. For finding 
out 7 he had adopted the coincidence 
method taking s standard seconds 


pendulum. 


ti If the position of one of the knife- 

> edges be adjustable, a much simpler 

t? method can be used to get the 

T required result. First the adjustable 
knife-edge Ka is adjusted so that 

i the time of swing (t's) !about Ke ig 
slightly greater than the time period 

ty (t'3) about Kı. The distance between 


the knife-edges (tı) at this position 


is also measured. Now Kə a suffi- 
- ciently moved towards A, such that 
à m time period (t1) about Ky is slightly 


Fig. 26 greater than the period 


(ta) about 


Ko. The distance lə between. K, 
and Ko is again measured. Now the time periods are plotted against 
the distance between Kı and Ke (Fig. 26). The points lie on two 
intersecting straight lines. The cc-ordinates of the point of inter- 
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section give the periodic time T and the length I of the equivalent 
simple pendulum. 


Bessel pointed out in 1826 that the exact equality of time periods 
about K, and Ka is not indispensably necessary. If T, and Te are 
nearly equal tims periods about K, and Ke respectively whose distances 
from O.G. of the pendulum are, say A, snd he, then from relation 
(3), Art. 10, we have, 


2 
Tyrie hat Hk, 
ae 
x and ghe ta hs +h? 


On subtraction, OTt ums!) = ha nut; 


4x* B, T,* —h, T4? IT tt T,* Tinta?” 


57 le = hatte 9L Buche Cha ~A | 


Since T, differs very little from T'a the second term is very small 
compared to the firat term and as such need not be known accurately. 
T, and T, are observed; hi+he is the distanca between the knife- 
edges Kı and Ks. While hy—he. is obtained by finding the C.G. by 

: balancing the pendulum horizontally on a sharp edge. 


13. Boys’ method of measuring G : Modification of Cavendish's 
Method :—Sir C. v. Boys modified Cavendish's original experimental 
arrangements whereby most of the defects were considerably rectified 
or minimised, 


Defects in Cavendish’s experiment :—(1) The torsion fibre is thick 
and hence 9 was small. (2) The vernier method of measuring deflection 
is nob accurate. (3) "Temperature flactuations and hence draughts 
could not be altogether avoided in the large apparatus used. (4) Each 
large sphere also attracted the more distant small sphere and thus a 
counter gravitational couple tendiog to decrease Ó was present but not 
accounted for. (5) Thus rods supporting the large masses M and N 
tended to increase 0. (6) The attraction on bzam AB also tended to 
increase 0, : 

, Defect (1) was much reduced by using a fine quartz torsion fibre 
which is very elastic but nevertheless strong. 


Defect (2) was much rectified by using the mirror and seale 
arrangement, the glass beam being used as the mirror. 


Defect (3) was effectively minimised by using a small apparatus. 


Defect (4) was almost eliminated by placing P and M at a level 
different from the level of Q and N. 
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D -fect (5) was removed dispensing with supporting rods and 
revolving the top of the case to bring M and N in the proper position. 


Defect (6) was made negligible 
by making the beam AB very C 
short. 


Boya’ torsion balance (Fig. 
47) consists of a central vertical 
fibre of quartz suspended from a 
torsion head C. The fibre carries 
a horizontal glass beam AB. 
From two ends of this beam two 
quartz fibres of unequal lengths 
hang vertically each supporting a 
small gold sphere (925" in 
diameter). This suspension system 
is hung inside a cylindrical glass 
tube and is thus protected from 
draughts. Further, the air pre- 
asure inside can be adjusted to any 
desired value. Outside the tube two equal spheres of lead M and N, 
(45" in diameter) are suspended at equal distances from the axis. 
The centres of M and N are respectively situated in the same horizontal 
planes as the centres of the gold balls P and Q. Each lesd sphere 
exerts an attractive force on each gold ball. But as the levels are 
different the attraction of a lead sphere for a gold ball in the same level 
will b: mach greater than that for the other. The attraction produces 
a torque about the axis and the central fibre is twisted through an 
angle (. The suspension system comes to rest when the resultant 
moment of the displacing forces due to gravitation is equal and opposite 
to the momant of the restoriag couple due to the twist of the fibre. 
The positions of the lead spheres are so chosen as to make the moment 
of the deflecting forces as large as possible. Deflection 0 is measured 
by a scale and telescope arrangement, the mirror being the horizontal 
glass boam AB itself. The spheres Mand N are then swung to the 
reverse side of the gold spheres and the deflection again observed. If 
C he the couple per unit twist of the suspension, 


Fig. 27 


Qa GmM, where m mass of P or Q, M=the mass of M or N, 


d- distance between the centres of the attracting spheres P and M 
or Q and N, /=the effective arm of the mechanical couple, O is obtained 
from s knowledge of the moment of inertia I of the suspended 
system and the time of torsional oscillation T' from the relation, 


T= 9n Jl T where 7 — moment of inertie of the oscillating system and 


C — couple per unit twist. 
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The mean value of G obtained by this method was 6'6576X 107° 
C.G.S. units. 


Calculation of the values of d and ].—Let the masses MM and 
mm occupy the positione C, D and A, B as represented in Fig. 98, 
in the equilibrium 
condition of maximum 
deflection ¢ The axis 
of rotation of AB passes 
through its mid-point O. 
Let CD=2b,  AB-—2a 
and =the angle 
between CD and AP. 
The force of attraction 
between M and m 

Mm 
i oop 
The couple exerted by 

i „Mm 
this force Gap” OL: 
D(N)M Due to attraction on 

: both the smaller spheres, 

the total couple 


-2gMm 
Cape 20L. 


Fig, 28 


Hence, in the above relation of 09, 1=20L and d=BD. 


Here, d=BD=(a*+b* — 2ab cos " (from the properties of a triangle). 
Again, OLX BD=2X area of AOBD—bXa sin 6; 


Of el IO ree OT 
j i 
(a* +b? —9ab cos 4)2 


Cp =—_2GmM absin $ 


Hence, F 
(a*+b* —2ab cos $$ 
14 Motion of a projectile under gravity :—When a body is 
thrown upwards at a cortain angle with the horizontal and allowed to 
move freely under gravity, it takes up a parabolic path. To prove 
this, we assume for simplicity thatthe resistance of air is negligible 
or the body is moving in vacaum. 
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Pyroof:—Let a body be thrown from O with a velocity 


u af an angle X with 
the horizontal direc- 
tion. Then the horizontal 
and vertical components 
of the velocity are rerpec- 
tively given by, 
Un=U cos x 

and, uy =% sin X 
and algo let z and y be 
the co-ordinates of the 
position P cf the body 
at any instant t Now, 
the acceleration in the 
horizontal direction is 
zero while thet in the 3 
vertical direction is —g 1 id 
due to gravity. Tbus, we may write. 

qu cos Xl 04 an 
and y=u sin 4t- sgt” ae Q5 (2) 

Eliminating t from these two equations, we have 

g a g? n m (3) 
2u* con*% 
which being of the form y= Ac+Be*, is the equation of a parabola. 
Hence, the path taken by the body is a parabola. 


Special cases:—(i) fora horizontal projection, <=0°, so 


y=x tan t- 


o=ut; and y=—4gt?. 

(à) When the body is projected in a vertical direction, x=90° ; 
then z—0; and y=ui—4gt’. 

Time of flight :—The projectile continues to ascend until wy is 
zero at which instant it will have reached the highest point in its path, 
and will have only Un acting horizontally. The time required to reach 
thia.point may be found by equating the relation w,—w sin X—gt to 
Lu sin € 

And 


.. The total time of flight, T= 


zero, Le. t 


2u gin € Ee UA eH 


Maximum height .—The value of y for this particular instant t, is 
the maximum height Æ reached by the projectile, which is obtained 
by substituting the value of ¢ in eqn. (2). 

$ 1,2 2 LJ 28,24. 

1 Abe uium ego sn 44 Mae dn cq 

y s g 2g 2g 6) 
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Range of the projectile :—The horizontal distance travelled by s 
projectile, also called its range may be deduced from the eqn. 

ga 
9u* cos*« 
values of x (1) at the starting pt, ie., when c=0 and (2) the other is 
at the pt. where the body returns to ground, ie., when 


y (tan dne ) by putting y=0 which occurs for two 


3 sin X. cos X : 
cs tan; OP aie m e od (6) 
2u* cog*« g 


2 
=. when sin 2X is maximum, i.e, £X—90', or, «—45 ; which 
g 


is the maximum range. 


Range over an inclined plane.—Let us consider a co-ordinate 
system (Fig. 30) with the z-azis horizontal the y-czis vertical and the 
pb. of projection at the origin O. The angle of projection is X and the 
ea of inclination of the plane is 9 with the horizontal direction, We 

now, 


xa=ut cos X ; from eqn. (3), it follows that 


via tan ab one tam 8. 
Hence, tan 9 
=tan <—-_ e o. 
2u* cos? ' 


—2u? cos?« 
g 
( tan X — tan 6) 


The range on the irclined 
plane is therefore, 


or, T 


Fig. 30 Um A s 
Re . eos 6 
— 9u*? aos? (tan X — tan 9). .9u* cos? sin (X — +) (7) 
g cos 6 g cos*à Pi 


15. Kepler's Laws and Newton's Law of Gravitation :— Kepler 
enunciated his laws of planetary motion during the firs& two decades of 
the 17th. century (1600- 619), which were deduced from astronomical 
data collected by himself and, especially those obtained by the Danish 
Astronomer Tycho Brahe, on the motion of Mars. The first Jaw dealt 
with the shape of a planets orbit in its motion around the sun, the second 
with the relation between the orbital speed and the correrpondirg 
distance from the sun, and the third with the connection between the 
size of the planetary orbit and the time for its description, ie, the 
planet's year. The three laws may be stated as follows :— 
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(1) The path of a planet is an elliptic orbit, the eun being at one 
of the fcci of the ellipse. 


(3) The radius vector from the sun to the planet describes equal 
sreas in equal times or the areal velccity of the planet is constant. 


(3) The square of the time period of revolution of the planet ie 
proportional to the cube of the major axis of its orbit. 


Kepler, however, could not account for these laws and it was left 
for Newton to give a mathematical as well as a theoretical interpretation 
of these laws from the theory of gravitation. 


For simplification if we suppose that a planet is moving in a circular 
orbit of radius R, with the sun at its centre, the second and third laws 
can be readily deduced. As a circle is merely a degenerate cage of an 
ellipse our supposition is not at variance with the first law. 


Tf Mand mbe the masses of the sun and the planet, the gravitational 
attraction is amit. This attractive force supplies the centripetal 


force necessary to maintain the dynamical equilibrium. The centripetal 


EH 2 92l* 
force is evidently mo n-w(z) R (where o and T refer to the 


angular velocity and the time period). 


v LUI ee eua 
Thus the third law is deduced. 
Again since T is constant a8 evident from the above expression, “ 
is algo constant. 
So, in unit time, angle described =0 =F = V GHIR”, As the ares 


aR” of a circle correrponds to an angle ?7 at the centre, the angle o 
corresponds to an area 
2 T 
= 2 xzR'- i JG MIR? = constant. 
9x 9 
Area swept cub in unit time (ie, the areal velocity) is also 
constant. Thus the second law is alao deduced. 
(As the rigorous deductions are beyond the scope of this book, they 
bave been intentionally avoided.) 


Newton's law of gravitation is commonly regarded as universelly 
true. Kepler's laws of planetary motion—deduced empirically from the 
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astronomical observations of Tycho Brahe and others are satisfactorily 
explained from Newton's gravitational law without the help of any 
subsidiary hypotheses. This shows its applicability to interplanetary 
distances. Its applicability to terrestrial distances of the order of 
inches, yards or miles is proved beyond doubt by the general agreement 
of values of G obtained from various methods of its determination on 
the surface of the earth, 


Gravitational Field and Potential 


16. Gravitational Field :—The gravitational field ig the space 
Surrounding a mass or a system of masses over which it can exert its 
attractive force on other bodies. Theoretically the field extends upto 
infinity around the mass but for all practical purposes it is limited upto 
a small distance beyond which the force is neither appreciable nor 
measurable, 


Field Strength or Intensity of Field.—The intensity or the 
strength of the gravitational field at a point in that field is defined ag 
the force that would be experienced by a unit mass placed at that point 
in the field. So if the attracting body ba of mass M, and if r be the 


distance of the point from M, then the intensity of the field at the point 
is given by, 


r=G%, 
LÁ 

17. Gravitational Potential :—The gravitational potential of a 
point in gravitational field is measured by the amount of work done in 
bringing a unit mass from infinity upto that point, 


In bringing a body from infinity towards another massive body no 
work is required to be done by any external agency. It is the gravita- 
‘tional force of attraction that does the work. It is thus a negative 
work. It is analogous to the electric potential at a point ue to a 
negative charge or the magnetic potential a$ a point due to a south pole. 


The difference of potential between two points in a gravitational 
field is Gefined in a like manner as the amount of work done in 
transferring & unit mass from one point to the other. 


If in a gravitational field acting in the direction of the arrow 
mark, two points A and B be 


V VdV f= considered at an infinitesimally 
A TB mss small distance dr apart and 
Eapen ae! if their respective potentials 
be V and V+dV, then the 

Fig. 31 work done in transferring a 


unit mass from A to B=Fdr 
where F is the average intensity of the field between B and A, The 
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potential difference between A and Bis V4—Vg— —dV, which also is 
the work done on unit mass, 


+Fay=-dv ; 
dy 

. p=, 
or, "n 


Hence the intensity of the gravitational field at a point ia equal to 
the negative potential gradient or the negative space-rate of variation of 
gravitaiional potential. Mere because the force is attractive in nature, 
the gradient of pstential, which is essentially negative may be equated 
to the negative force F and for convenience of calcalation may be 


written ag, pz. 
dr 


(i) Gravitational Potential due to a point mass.—Let a point 
mass M be situated at P 


(Fig. 32), Now suppose B. pun) AU ASENET d) 
we are to find out the ar ar ME Tel a a SNP 
potential of the gravita- M 

tional field at the point B Fig, 32 


at a distance r from P. 
The intensity F of the gravitational field at B, i.e., the force on 


unit mass at 2-8 acting along BP. Now if we consider another 


point A at an infinitely small distance dr from B, the mean intensity 
between B and A may be taken to be identical with that at D. Hence 


the work done in moving unit mass from A to B is aX. (-Fdr), because 
the displacement dr is in the direction of the intensity. This is evidently 


the potential difference ‘dV) between B and A. .. +dV= + Omar, 


Hence from the fundamental definition of potential at a point, 
T T 
do dr [-1] BGM 
Y--GM i ^ -8M|-- z 
co co 


The negative sign here indicates the intrinsic negative nature of the 
gravitational potential. 


18. Velocity of escape of a projectile : Artificial satellites and 
planets :—A new era dawned in the history of science and technology 
when on October 4, 1957, Russia launched the first artificial satellite 
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Sputnik No. 1. Since then a few more Russian and American satellites 
have been placed in different orbits round the earth. The first successful 
launching of an artificial planet by Russia on January 2, 1959 was 
definitely a step further towards the possibility of interplanetary flights. 
These satellites, planets and space-ships are all rocket-driven and are 
successfully placed in their precalculated orbits with the help of rockets 
moving with the tremendous speeds. To underetand the theory of 
these rocket-propelled artificial planets and satellites it would be better 
to consider first of all, the limiting velocity that must be imparted to 
a body in order that it may escape from the earth in spite of ite 
gravitational attraction. 


Velocity of Eseape.—In Art. 22 (i) it has been shown that 
the gravitationsl potential on the surface of the earth is given by 
-8N, where G universal gravitational constant, M the mass of 
earth and r=its radius, Here the negative rign indicates the intrinsic 
negative nature of the gravitational field. So in order to take a body 
of mass m outsiie the attractive influence of the earth's gravitatioral 
field, the amount of work (or energy) that must be expended shculd 
exceed the potential energy of m on the surface of the earth, which 


is given by oll, 


If the bidy be imparted a velocity v in the vertieally upward’ 
direction its kinetic energy will be 3mv*. If this energy exceeds the 
above potential ene'gy, the body will escape from the earth. So that: 
limiting velocity of escape, ve, is obtained by equating this kinetic 
energy with the potential energy above. This escape velocity is also 
known as the second cosmic velocity. 

S0 mv’ =G Mmlr 
or s 20M _3¢ M xo ae p= Gn 
r r 

Hence the velocity of escape is given by ve=./ gr, Since the 
radius of the earth, r=6'4X10° cm. and g=950 om/sec.?, 
ve—/9x980X64X,05—112X10* om /sec.=7 miles/sec. nearly = 
25000 m.p.h. (approx.) So if a missile is projected with a velocity 
exceeding 25000 m.p.h. it will never return to the earth. 

Further mathematical calculations regarding the velocity of 
projectiles moving in a field of force where inverse square law is true, 
reveal the following important facts which are of primary importance 

for the launching of artificial planets and satellites. 


(a) If the velocity, v of the projected boiy be such that 


EJ 
v* x Or. v<4'9 miles per sec, the trajectory will be an ellipse 
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passing partly through the earth with one of its foci at the centre 
of the earth. So bodie: projected with such velocities will describe 
an elliptical path as shown in 
Fig. 33 (I) and ultimately 
come back to the earth. (b) If 
2 
v=", ie if v=49 miles per 
sec.=18000 mph. nearly the 
trajectory will be a circle, with 
its centre at the earth's centre 
as shown in Fig. 33 (77). (c) If 


ve" ae He. 
uas. ~ but <v", ie. if v lies 


between 18000 m.p.h. and 25000 
m.p.h, the path will be an ellipse 
with the centre of the earth as 
a focus. The perigeal distance f 

(the minimum distance in the . Fig. 98 
orbit) of the body moving in tha orbit is always greater than 
the radius of the earth. The orbit ia this case will be as shown in 
Fig. 38 (III) The above limits of velocity of projection are always 
adhered to while setting an artificial satellite in its orbit. (d) When 
5--7,— 35000 m.p.b. the path of the projectile will be a parabola as 
chown in Fig. 38 (/V) aud the projectile will just escape, from the 
earth. (e) If vv», the 
raj etory will be hyper- 
bolic in nature and the 
body wil never return 
to the earth. Fig. 33 
(V)shows guch an orbit. 
à x For placing an artificial 
NI X planet in its orbit, the 
t : Y velocity of projection 
EARTHSMSURFACE Tl must be always suffi- 
Saas pt : Em ciently above the escape 
velocity (ie, 25000 

Fig, 34 m.p.h.). 


So, we find that if the velocity of the projectile is gradually 
increased beyond 18,000 miles per hour, then (depending upon the true 
direcsion of the velocity at the time when the maximum speed is 
reached) its orbit of revolution changes from a circle to an ellipse 
again to an ellipse, then to a parabola and finally to a hyperbola. 
In the cage of an ellipse, the velocity varies round the orbit, which is 
maximum at the perigee and gradually decreases towards the apogee 
(the maximum distance in the orbit), The greater speed which the 
projectile (i.e. the rocket or satellite) has attained during ite passage 
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through the perigee is converted to potential energy which helps it to 
go higher up, away from the surface of the earth. At these higher 
altitudes, it will necessarily travel at a lower speed, because this will 
suffice to maintain enough centrifugal force to balance the reduced 
gravitational force of attraction, which we know, decreases inversely 
as the square of the distasce of the body (the satellite) from the centre 
of the earth. So, a lower linear velocity is required to maintain an 
orbit at increasing height above the earth, although a greater total 
energy is required to push the rocket to higher altitudes for placing 
the satellite into the desired orbit at the right speed. 


From the above discussions it is clear that essential condition for 
the launching of an artificial satellite is that it should be imparted a 
speed in between 18000 m.p.h. and 26000 m.p.h. and that for an 
artificial planet the speed must fairly exceed the upper limit given 
above, i.¢, it should be much more than 25000 m.p.h. Thus the main 
problem for the space flight is the attainment of these abnormally high 
spseds, which have been ultimately reached by means of multiple-stage 
rockets, Such rockets have been used for launching che artificial moona 
and planets. 


In the first Russian satellite (Sputnik I), a three-stage carrier- 
rocket was used The satellite was placed in the nose of the carrier- 
rocket and sealed behind a protective cone. Requisite fuel and control 
instruments were placed in the rocket. The lowermost component. 
rocket launched the whole missile to a previously calculated height 
Though the rocket was launched vertically, its axis gradually curved 
away from the vertical course with the help of a special mechanical 
device, The first rocket imparted to the missile about $2h of requisite 
sgeei. The componeat part of the firat rocket fell to the ground 
describing an elliptic path [Fig. 34(1)] at the end of its upward 
journey. Then the engine of the second rocket began to operate and 
mide the satellite reach the next higher stage. This rccket imparted 
about yrd of the required speed to the missile. The component parts 
of this rcckets also fell to the ground at the end of its upward journey 
[Fig. 34 (2 ]. The engine of the third stage rocket then begun to work 
and ultimately gave the requisite orbital speed to the satellite. When 
the gpeed was attained the engine stopped and the protective cone as ' 
well az the engine itself separated from the satellite, The satellite then 

-went on revolving round the earth with a gradually changing orbit. 


In the case of artificial planets, a multiple-stage carrier-rocket is 
needed a0 that the final sp»«d imparted to the planet may be sufficiently 
above 25000 miles per hour. In 1961 Russia was reported to have 
successfully launched an interplanetary missile towards Venus. Russia 
as well as the United States of America have launched quite a large 
number of lunar and interplanetary rockets in order to gather more 
and more precise informations regarding the space flight. In September, 
1968 the Soviet lunar space-craft Zond-5 successfully circled the moon, 
‘took photographs of the moon's surface from various positions and 
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safely returned to the earth. Since then the American space-ships: 
have already carried human explorers to the moon and the Russian 
rockets have placed exploring machines on the moon's surface which 
have supplied us with varieties of scientific information regarding the 
moon. Space-ships equipped wit^ scientific laboratories have algo been 
successfully launched towards Mara and Venus which have also gent 
a lot of information about these planets. The success of such attempts 
is bringing the days of interplanetary flights with living passengers 
nearer and nearer. 


Note.—The rarity of hydrogen in the earth's atmosphere may be 
accounted for from the standpoint of the escape velocity calculated 
above. This velocity is nearly 7 miles per sec, From the Kinetic 
Theory of Gases, it is found that the R.M.S. velocity of hydrogen at 
N. T. P. is aboub 1 mile per sec. But there was a time in the past when 
the surface temperature of the earth was much higher. A: that tem- 
perature the R,M.S. velocity cf hydrogen might have reached a value 
of about 2 to 3 miles per second. So it is most likely that quite a good 
frac'ion of the total number of hydrogen molecules in the atmosphere 
at thet time possessed a velocity equal to or greater than the escape 
velocity (cf. Iuaxwell’s law of velocity distribution) and ultimately 
escaped from the earth’s atmosphere. So by a gradual prccess of slow 
escape, hydrogen and helium became rarer in the atmosphere while the 
earth was still hot. The absence of any gaseous atmosphere about thé 
moon or about any of the satellite of the planets belonging to the solar 
system is s fact corroborated by scientific observations This is due to 
the small values of ‘g’ on those satellites and hence small values of the 
escape velocity, The high speeds of the gas molecules automatically 
exceeded these comparatively small escupe velocities and got out of the 
satellite, 

19. Weightlessness :—The term weightless or zero gravity (zero 
"g") refers to the state when a body is allowed to move freely under 
the influences of gravitational and its own inertial force. A body 
without any support in a gravitational field is in a state of free-fall 
and is said to be weightless. Thus a space vehicle in orbit in which 
the earth's gravitational attraction is exactly balanced by centrifugal 
force or its fly-away tendency, is weightless and everything on board 
is also weightless. 

When a body is at rest, the forces of inertia of motion are absent 
and it is in s normal state of gravity, ie. 1g. If it falls freely, the 
force of inertia is equal to the force of gravity, which means zero g 
(c.f. man in a moving lift). So a body moving freely under gravity and 
its own inertia is weightless. From Newton's second law F=m.a; 
or, F-—m.&—0, where F=gravitational force of attraction — weight 
iw of the body of mass m=m.g.; m.a=force of inertia and a=its 
acceleration towards the centre of the earth. 

Thus mg—ma=0; or, m(g—a)— 0, as m7*0; g-a=0; or, g—a. 


The apparant weight of the body t»'— t£ —ma-— mg — ma 0. 
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So during a free-fall without any resistances, the gravitational 
and inertial forces are equal in magnitude but opposite in direction. 
Hence the state of zero g prevails in a free-fall until the resistance of 
the atmosphere is encountered, which of course comes into play due 
to the increasing velocity of the freely falling body, and it is no longer 
weightless. So, weightlessness or a free-fall does not mean absence of 
gravity but absence of any resistance whatever it may be. 


20. Determination of the Surface Tension of a liquid by the 
Capillary Ascent Method :—The method of capillary ascent may be 
utilised in determining the surface tension of a liquid which wets glass 


Here a glass tube is firat 
thoroughly cleaned by nitric 
acid and then washed first by 
caustic soda solution and then 
in a stream of tap water. It-ia 
then dried in hot air blast. The 
tube is then eut into pieces out 
of which capillary tubes are 
drawn by heating them in a 
fish-tail burner. A number of 
such capillary tubes of different 
diameters are chosen. These 
tubes together with an index 
rod of pointed ends P are fixed 
parallelly on a glass frame F 
(Fig 35) near their upper ends 
by means of wax. The lower 

Fig. 85 tip of P should be above the 

lower ends of the tubes. Now 

the liquid is taken in a shallow cylindrical glass basin. F is vertically 

held by a clamp attacke to a vertical stand S and the lower ends of the 

tubes are dipped in the liquid to a depth slightly greater than the 

desired depth in their fixed position This ensures the proper wetting 

of the tubes. Now by means of a plumb lino l, the tubes are adjusted 

in the vertical position and the depth ig also fixed such that tHe lower 
tip of P just touches the liquid surface. 


With the help of a travelling mier scope the reading corresponding 
fo the upper tip of P and those of the horizontal parts of the concave 
meniseus of the liquid in different tubes are taken. The positions of 
the meniscus in the tubes are marked by ink or any other suitable 
means. P is now taken out and its length is measured from the 
horizontal traverse of the travelling microscope. The difference between 
4 meniscus reading and the reading to the upper tip of P subtracted 
from the length of P, gives the height of the liquid meniscus. In this 
way the heights of ascent in different tubes are determined. The 
capillary tubes are now cut at the marked positions of their liquid 
meniscus and their diameters (hence radii) ara measured by the said 
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microscope in two mutually perpendicular directions. The mean 
diameters (hence radii) are thus found out. A graph is then drawn 
relating the height of ascant, h, with radius, r, of the tubes. It is a 
rectangalar hyperbola. From the graph a suitable value of h and its 
corresponding 7 are chosen for calculation of S. T. from the relation. 


LE TM where /=density of the liquid at the room 


temperature. 


Precautions and Errors :— 
(1) In order that the bore may be uniform the capillary tubes 


should be drawn with uniform pressure. 

(2) In washing or in determining S. T. of water preferably 
aleotrically distilled water or tap water should be ased as the ordinary 
distilled water may contain traces of grease. " 

(8) Asdirt and grease may alter the value of S. T., the tubes are 
to be previously freed from such contaminations. 

(4) The v.rticality of the tubes should be tested with a plumb line. 

(5) Density of the liquid should b» noted at the ambient 
temperature. 

(6) The pointer should ba of such a length that the upper tip lies 
within the vertical traverse of the microscope. 

(7) The tubas once dipped ia the liquid should not b» taken out 
of it during the measurement of height as otherwise air bubbles may 
anter the tubes and vitiate the measurements. 


VISCOSITY 


21. Flow of a Fluid and Equation of Continuity :—Whenever 
an ideal fuid fl ;wa at a steady rate, we may consider it to be consisted 
of a number of tubes of flow. Tae characteristic of a steady flow is 
that the amount of fluid crossing any secilon of a tube per second 
will remain gonstant throughout the flow. 

If we e3nsider two sections of ares S; and S» at right angles to 


a tube of flow at two (2 
different positions, then the n 
volumes of the fl iid crossing (Nay 
them per second will be VES 
given by S,v1 and Ssvs res- S; 
pectively where vı and vs 

are the velocities of flaw at id 
those positions (Fig. 36). 

Again if the densities at S, 

"and S2 be respectively Pı and SHORE 
ʻa, the masses flowing ? 
Pthrough Sı and Sa per Fig, 36 

*gecond are respectively : 
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S101P1 and S2vsPs, When the flow ia steady, these two masses must 
be identical, 


+ 810301 S2930, ins TE E 


When the fluid is incomprersible, the density is unaltered due to 
the flow (as in a liquid) and so P, =Py. 


Hence (1) reduces to 51v: — S473 ; or, Sv—constant .. (9) 


Eqn. (2) is generally known as the equation of continuity of the 
liquid flow, 


22, Stream-line Motion and ‘Turbulent Motion: Reynolds’ 
Number :—If the path of every moving particle of a fluid coincides 
with the line of motion of the fluid as a whole [Fig. 37, left], the 
motion ia said to be a stream-line motion. 


Ifthe motion of the particles of a fluid are disorderly, ie. in 
directions other than ths line of motion of the fluid as a whole, the 
motion is said to be turbulent [Fig. 210, right]. 


In stream-line motion, under a given pressure gradien! the flow 
of a liquid through a narrow tube is decided mainly by its viscosity, 
whereas in turbulent motion it is solely governed by its density and 
very little by ita viscosity. According to Prof. Osborne Reynolds the 
motion of a fluid changes from a stream-line motion to a turbulent one, 
if a certain velocity, whose value is fixed for the fluid for a given 


Pd 


— MÀ 


Stream-line motion Turbulent motion 
Fig. 37 
temperature, called its critical velocity, is exceeded. This critical 
velocity is given Vo=% A where r is the radius of the tube, p the 
density of the liquid and 7] the coefficient of its viscosity. This constant 
k ia a useful parameter for ascertaining the nature of flow and is known 


as the Reynolds’ number, Turbulent flow sets in when the Reynolds’ 
number exceeds the numerical value of 1000 roughly in a narrow tube. 


APPENDIX—C 
SOUND 


1. Diffraction of Sound : Acoustical Shadow :—The bending of 
the wave at the edges of an obstacle is known as diffraction, In light, 
we know that whenever an obstacle is placed in the path of the rays, 
a defined shadow of the obstacle is formed. On careful examination 
it is found that there is some amount of blurring at the bounding lines 
of the shadow. This is due to bending of the rays at the edges of the 
obstacle, i.e. due to diffraction of light. In the case of sound the effect 
is more pronounced. If in a closed room, one of the windows be 
slightly opened, the sound outside will readily spread out in all the 
nooks and corners of the room due to the considerable diffraction effect 
in sound. This is because of the larger wavelengths of sound waves. 
It is for this reason, the shadows of the acoustical obstacles are never 
as well defined as the optical shadows. Moreover, due to their larger 
wavelengths sound can easily bend round big obstacles without casting 
any shadow. But if the obstacle be very big compared to wavelength 
an ill-defined acoustical shadow may be obtained. To have an acoustical 
shadow of a moderately sized obstacle, the sound waves must be of 
smaller wavelengths. 

Just as light waves can be made to form definite diffraction pattern 
when passed through a ruled grating, sound waves of shorter wave- 
lengths can also be diffracted by a suitable grating of larger grating 
space (1 cm. or more). The wavelength of sound has been successfully 
determined by this method. 

The action of megaphones provides us with an interesting example 
of acoustical diffraction. The sound coming out of the open end of a 
conical megaphone spreads out. The amount of this spreading is 
greater, the smaller the cpening compared with the wavelength. This 
ig due to the diffraction of the sound waves at the edge of the narrow 
opening. If, however, the opening be large compared with the wave- 
length, the diffraction is less and hence the sound spreads out to a 

‘lesser degree. So the directive property of the megaphone increases, 


2. Acoustics of Auditoriums :— 

Introduction.—Before the advent of the twentieth century, the 
halls and lecture theatres were constructed without attaching any 
importance to their acoustical property. So after construction, some 
of them were found to be quite good from the acoustical standpoint 
while the others were not. That the long-drawn echoes or reverbera- 
tions in a hall are the main cause of its acoustical failures was, 
however, realised by scientists at the end of the last century. 

Reverberation.—W. O. Sabine in America, first systematically 
studied the different acoustical properties of a room. It was observed 
that the presence of various flat surfaces like walls, ceiling, etc, in a 
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room lengthens the time of duration of sound on account of succaasiva 
reflections from those surfaces. The prolonged echo or the undue 
persistence of sound due to succassive reflections is known as reverbera- 
tion. Sabine showed that if the time of reverberation be prop3rly 
esatrolled, acoustical utility of the room can be raised to a great extent. 
‘He showed that if tha duration of reverberabion after the source is cat 
off be such thas within this iaterval a sound falla in intensity toa 
millionth part of its original value at ths cut-off, (i.e. if the intonsity 
‘decay be 60 decibels), the reverberations will aot affect the acoustical 
suitability of a room. This interval is known as the standard time of 
reverberation. Sabine experimentally found out an empirical relation 
for this standard time of reverbsration. In 1903, Franklin theoretically 
deduced an expression for the same which was found to be in agreement 
with Sabine's relation, Franklin's deduction may be given as follows— 


Let #=the energy emitted by a source of sound per second, 
V=the volume of the space occupied by the room, 


<. The volume density of energy supply per second = E/V. 

Now, if, [=the average intensity of sound in the room, 

energy absorbed 
energy supplied 


per reflection and »=aumber of reflactions per second, then out of 
the total supply, the energy absorbed pər see nd ia ZXn, 


-. The rate of increase of the intensity togather with the rate of 
absorption per second ia equal 5o the rata of eaergy supply per second. 


. dI _B 
E arti = m es (1) 


Statistically it can ba shown that if C be the velocity of sound 
and S the surface area of the walla of the room the number of 
reflections per second is n CS/4V.* 


So eqn. (1) can be written as, 


%=the mean absorption coeficient ( te, 


(2) 


S vas 


["Notes.—The number of refleciions sufaral by tha sound waves amitted by a 
Source inside a closed room can be calculated in tha following way : 

If p be the energy density of the sound waves produced and if V ba the volume 
‘of tha room, then supposing that there is no loss dua to absorption ato., the total 
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energy, W, raceived by the walls of the room per second is W=nVp- -(1), 
because in each reflection the energy flux sweeps the whole volume of the room 
once, supposing for simplicity only the forward propagation of the waves. Hero 
n represents the number of reflections per second. 

The energy raceived by the walls per second can also be calculated by taking an 
element of wall surface ds at O, on 
which the energy impinges on its 
exposed upper side alone [Fig. 38(4)|. 
Now consider an elementary volume 
dv in the room, where 

dv=rdé, dr.r sin d$, 
as shown in the figure. As pisthe 
energy density, the energy contained 
in this volume or the energy flux 
passing through this volume=dW 
=pr?.dr.d¢. sin 0. d0. 

Out of this energy, the portion 
reaching ds is (dw/4r)xdW, where 
du=soild angle contained by ds at 
the centre of the volume element 


Y 


Fig. 98(a) 
=(ds eos 8)|*. So the energy falling on ds pee seeond from the wpper 


side= f dw. 2 (integration exten?ing over all variables) 
Ar 


2 9r v[2 C 
=p. zj pdd. f sin 6, cos 8 a. dr. C — velocity of sound 
ar} o o o 


=p E x2rxįxC= Pes 
Summing up for the whole surface area of the walls, the total energy received 


US des SOLO 


by the walls por second is w= "Cas=Sds= ec 


whore S — total surface area of the room. 
So equating (1) and (2), 


abt’, 
np 4 


Hence the number of reflections por second is 2-62]. 


(a) Growth of intensity or energy density.— 
To solve eqn. (2). let us rearrange it and write, 


map APR) 
V [is oie Meo NT EI uno 


v 
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Integrating, Nu (B-u1)=t4% at UR 
where k is the integration constant, which can be calculated from 
conditions of the problem. 


Now, when i—0, I=0. 


=- ploge A 
Substituting in (3), loge me ; 
or, loge aT =t; or, 1-470 vi 
Hence, i-e) (4) 
Thus intensity tends to acquire a maximum value Im= X when 


uy 
The intensity at any time t is given by 7 —I5&(1—6-^) and the 
curve of the intensity growth is given by Fig. 38(d). 
. (b) Decay of intensity.— 


Here the energy supply is 


zero. .". H=0. 
dI 
—=—fl 
ài HI. 
Integrating, loge I= — ut +k. 


Since at the moment of cut- 
off 1— 7, and t=0, k- loge Im. 


Time — 
Fig. 38(b) 


JR 
l =- 
Ua ut 


or, $= ie ave (5) 
™ 


So the decay curve of intensity will be as shown in Fig. 88(5). 


(e) The time of reverberation— The standard time cf rever- 
beration, is the time for the energy density (or the intensity) to decay 
to ons-millionth of its maximum value at the cat-off. Hence from ‘5), 
the time of reverberation, T, can be obtained as follsws $ 

Tose -aT 
We have, — = — =e : 
i Im 10° 
T +6 
or, €. =i0 Pox; T= Hoge 10** 
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AV : 
——X X6. 
OxS 2:303X6 
Taking C=340 metres/sec , 
4X9'3808X6.,V  ..V 
q-2É^: xL =L. 
340 x87 leg 


If the dimensions be considered in the F.P.S. system, 


Putting the value of #4, T= 


Thus T is directly proportional to V and inversely as the surface 
area and its absorption coefficient. 


Sabine determined the absorption coefficients of different materiale 
taking the absorption of an open window of unit area to be unity 
(perfect absorber) *and experimentally found that the standard time of 
reverberation is actually '03V/XS where the measurements are made in 
F.P.S. units. So the above theory is found to be correct. Recently 
Eyring from a different approach deduced an expression for the standard 
reverberation time which is found to be identical with Franklin's 
expression when the sbsorption coefficient is small. 


Since in a room V and S are normally constant, mainly by choosing 
suitable absorbents the reverberation time is controlled, Moreover, 
the audience, chairz, benches, and other structures not only absorb 
some sound energy (i.e. « increases) but also diminish effectively the 
value of V and increase S. So T is further controlled by there factors 
to some extent. The value of T should not be reduced unduly (i.e. a 
room should not be over-corrected for reverberation), for in that case 
there will be deadening effect on the sound produced in the room. It 
has been found that for good audibility, the optimum time of reverbera- 
tion is different for different types of acoustical performance and also 
depends on the size of the halls and vary generally from 1 second to 
2'5 seconds in most of the cases. For good audibility of speech the 
time of reverberation is smaller than for music. To secure this optimum 
time, the wall or the floor may be covered with absorbent materials of 
proper thickness. Sometimes additional absorbing (or damping) 
structures of suitable materials are installed in the rooms. The absor- 
bing material should be chosen according to the frequency of the sound 
emitted because the absorbing power depends on the frequency of the 
incident wave. ‘ 


The acoustics of the recording and broadcasting studios involves 
a varieties of problems. Here a short time of reverberation is 


*The unit of absorption coefficient is the Sabine. So the absorption by 1 sq. ft. of 
a material of absorption coefficient 0'7 sabine is equivalent to 0°7 sq. ft. of an 
open window. 
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desirable and at the same time excess absorption is considered to be 
objectionable. It has been suggested by Olson and Massa that the 


300 
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Mamber of performers 


u 


Volume of studio in cu. ft. 
Fig. 38(c) (a) Maximum number of performers, 
(b) Optimum number of performers. 


effect of diminished reverberation may be secured by changing the; 
proportion of direct sound to reflected sound. Good results are? 


Reverberation time In Secs. 


Volume of studio in cn. ft. 
-Fig. 38(d)— Optimum reverberation time for studios. 
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obtained by using a directional microphone which discriminates 
between the direct sound from the source and the reverberated sound, 
In the matter of time of reverberation at the standard frequency of 
512, the design of B.B.C. is based on the graphs shown in Figs. 38 
(c) and (d). The graphs in Fig. 38/4) show the relation between the 
size of the studio and the time of reverberation whereas Fig. 38(c) 
shows the relation between the size cf the studio and the number of 
performers. 


Besides the time of reverberation, the shape of the room also plays 
an important part in suditorium acoustics. In large rooms, the condi- 
tions of (1) adequate loudness, (ii) uniform distribution and (iz) absence 
of echoes should be secured. The rooms should also be protected 
against the external noise. This is effected by non- homogeneous double 


or multiple walls. 


[Deduction of time of reverberation from dimensional equation ; 
Sebine experimentally showed that the time of reverberation depends on the 
volume V of the room, the effective reflecting area S and the velocity of sound C. 
‘Thus, wa can write, 
[=y SV o", 
Again, V=L?, S=L* anà C=LT™. 
T2L*rp!Vps*qot2peet?yts poe, 
z= —1 anà 32+2y—1=0, 
«*e 9¢+2y=1, The simplest solution is evidently z=1, y= -1. 


7 


, whore K is to be found from experiment, } 


cs 


Absorption of Sound: Coefficient of Absorption :—It is 
evident from above that in order to control the reverberation time 
to optimum value, the sbsorbing properties of the materials used 
in the room and those of the walls of the room ag also its volume are 
of utmost importance The absorption of sound mainly deals with the 
dissipation of the acoustical energy into heat energy. It is affected by 
porosity of the bounding surfaces and flexural vibrations. The theory 
of the action of pores accounts for the high coefficient of absorption 
for felt, rugs, carpets ete. The absorption coefficient is also found to 
increase with the thickness of the material upto a certain limiting value. 
Flexible materials if not rigidly mounted are set in vibrations and the 
damping forces dissipate a considerable amount of sound energy. The 
coefficient of absorption generslly increases with frequency. But some 
materials are found to absorb strongly in the low frequency region, 
while others in the high frequency region, So a suitable absorbent 
may be chosen which is effective in regions of high pitch This would 
increage the relative importance of fundamentals and conduce to purity 
of tone. Agsin to increase the brilliance of tones, slow frequency 
absorbent may be chosen which would «mphasise the higher partials. 
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There are some absorbents called the straight-line absorbents which 
absorb equally strongly throughout the range of audible frequencies. 
The straight-line absorption principle was attempted in the construction 

' of some of the studios. But the best result has been obtained when 
the absorption is relatively constant only upto a frequency of 600 to 
700 and then increased slightly in the higher frequency range. 


As absorption is one of the most important properties involved in 
building acoustics, the measurements of the absorption coefficients of 
different materials were undertaken in various laboratories during the 
earlier part of the present century. By absorption coefficient X, we 
mean the ratio of the energy absorbed to the energy supplied. Sabine 
defined it in terms of the open window. The absorption coefficient 
ofa substance is the ratio of the energy absorbed by unit area of the 
substance per gecond to the energy that escapes through an open 
window of unit area in the same time. Some of the standard methods 
of determining the coefficient of absorption X are given below. 

Determination of absorption coefficient X by the Stationary 
wave method,— 


Tt has been shown by Taylor that if b/a is the ratio of minimum 
and maximum amplitudes observed in the stationary wave formed by 


interference between the direct and reflected sound waves, the absorp- 
tion ccefficient is given by, 


teu £s 
bg 


Using his expression the absorption coefficient of materials were 
determined recently by E. T. Paris. The arrangement consists of a 
large earthenware-pips E, Æ [Fig. 83(e)] closed at one end by the 
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Concrete 
Fig. 38(e) 


specimen S of the material, which has a backing B of a good reflect- 
ing material. At the other end a loud speaker L supplies a sound of 
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constant intensity and frequency from a valve oscillator circuit, With 
‘the help of a calibrated hot wire microphone M the minimum and 
maximum amplitudes along the tube axis are determined. 


Hence b/a being known, X can be computed. The method is simple 
nd direct. In s modified form it has been used in the British N.P.L. 


Table of Absorption Coefficients of Important Materials :— 


Open window wna 100 Brick wall e 0'03 
Folt ei. ten 070 Varnished wood AT 003 
Carpet B5 0'25 to 0:40 Plaster ... 353 0'03 
Plane wood oo 0:06 Glass... ve | 0027 
ee 


A general review of the Acoustics of Buildings :— Up to the end 
of the last csntury, the building, especially the lecture theatres, halls 
and concert rooms, etc, were constructed without due considerations 
as to their utility and suitability from acoustical point of view. It was 
W., C. Sabine in America who for the first time made a systematic 
study of the acoustical properties of rooms. 


It has been found that the conditions for a room to be good from 
-acoustical standpoint are as follows: (1) There should be no echo 
formation in the room, (2) the loudness should be uniform and sufficient 
throughout the room, (3) the time of reverberation should be optimum, 
(4) there should be no resonance effect anywhere in the room and, 
(5) the room should be sufficiently soundproof. The echoes may be 
minimised by subdividing large plane surfaces into smaller units, 
avoiding prooounced curves and by using absorbing materials. The 
loudness may be increased by placing reflectors at suitable positions 
in the room. It is a well-known fact that the various flat surfaces in 
a room like its walls, floor, ete reflect sound only with a small loss of 
energy. So whenever a sound is produc:d inside a room, the sound 
waves after reaching these flat surfaces, ate reflected back. In fact, 
before these reflected components die out, quite a good number of 
reflections may occur. A listener thus gets the sound by various 
paths and the sound may appear to-him as a long-drawn echo or 


reverberation. 


After systematic observations Sabine concluded that the choice of 
a correct time of reverberation is the most important factor that makes 
a hall acceptable as a lecture theatre or as a concert room. He defines 
the ‘standard time of reverberation’ as the time taken by a sound to fall 
in intensity by a factor of a million after the stopping of thehsourca (or 
asthe time taken for a decay of intensity of 60 decibels). Sabine 
empirically showed that this standard time of reverberation for a room 
of volume V, of exposed surface area S, having a coefficient of absorption 
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x, is given by T'—'05 5 where the dimensions of measurements are 


in F.P.S. units. Franklin theoretically corroborated the above 
relation. When the time of reverberation is longer, the original sound 
together with the reverberated sounds will create a discordant and 
confusing effect and the intelligibility will be hampered. Again if thie 
time be too small ths room woald turn Sound-dead. So there is an 
optimum time of reverberation for the best intelligibility. This je 
different for different rooms depending on its capacity and the use for 
which it is designed. For average men this time varies from '5 sec. 
to about 1'5 seconde. 


sound and other suitable materials in the very structure of the room, 
its time of reverberation may be brought to the desired value. 


Again the intelligibility of Speech ig affected by loudness. If 
sufficient absorbing device is set up in the room, the reverberation 
time is short and there ig very little confusion of syllables even though 
the intensity is low, In cinema halls the reverberation time is 
sufficiently reduced because the natural voices are magnified by loud 
Speaker. If the natural voice is to be relied on, there should be always 
Some arrangements for reflection so that the necessary loudness is 
Secured, as has been already mentioned. While designing a concert 


proofing may be necessary in a room. This is done by constructing 
massive walls, tight-fitting doors and windows, ete, 


When a building is meant for acoustical purposes, the acoustica? 
Properties of its design should always be investigated by making small 
models and studying them with the help of high frequency sound 
waves, 
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3. Graphical method of analysis of Sound Waves :—In order to 
analyse a complex sound wave into its S.H. components, ib is essential 
to get a time-displacement curve (i.e. the wave-form) of the sound by a 
suitable method, This can be conveniently had with the help of a 
phonodeik or a cathode ray oscillograph (vide APPHNDIX—A. General 
Physics, on S.HM.). We shall here consider the phonodeik method of 
getting the wave-form of a complex sound wave. 


The Phonodeik was first construcied by Miller. It consists of & 
thin diaphragm D mounted at the spex of a horn H which vibrates 
due to the sound collected by the horn (Fig. 39). This vibration of 
the diaphragm is converted into rotatory vibration of a spindle S 
mounted in jewelled bearings through a platinum fibre P attached to 
the centre of the diaphragm. The wire is kept atretched by means of & 
light spring (sp.) The 
spindle is fitted with a 
emall mirror (m). By 
suitable optical arrange- 
ments, the displacement 
of the light is recorded 
on a moving photographic 
film. On the film we get Fig. 39—Miller’s Phonodeik 
a magnified record of the 
time-displacement curve of the complex sound wave. 


Ones this curve is obtained a number of equidistant ordinates 
may be drawn on it from any reference point covering a complete 
period The lengths of these ordinates give the displacements and the 
corresponding times are obtained from their distances along the time 
axis from the reference position. If six such ordinates are considered, 
we get six equations whose sine and cosine functions are known (since 
t's are known) and for which displacements (a's) are known, Hence 
including in the Fourier's geries only six terms on the right-hand side 
(including à1. Gs, as, bi ba, ba), we can easily fiad out these six 
unknowns (a's and b's), and hence the component harmonies, The Go 
term evidently vanishes on sccount of the symmetrical nature of the 
wave curves Similarly, taking more number of ordinates more number 
of overnotes can be found out. Thus knowing the various harmonics 
we can find out their order of succession and also their intensities 
, which will be proportional (a,2+b:7), (a2?-+bs") etc. The phases of 

the overtones can also be found from the relative values of a1 and bı: 
az and bds,...ete. Thus from a thorough Fourier analysis of & sound. 


curve its quality can be properly studied. 


APPENDIX—D 
HEAT 


1. Important Types of Gas thermometers.— 


As Joly's constant volume air thermometer and Regnault's constant 
pressure air thermometer, which are commonly used in all laboratories, 
do not yield very accurate results, a few more accurate types of 
constant pressure and constant volume thermometers will be described 
here, 


(1) Callender's Air Thermometer.— The air thermometer devised 
by Callendar is a compensated type of constant pressure thermometer. 
In this thermometer the difficulty regardirg the inequality of 
temperatures between the thermometer bulb and the connecting tube 
is avoided by an ingenious compensating device, 


The instrument (Fig. 40) consists of a silica bulb A, serving aa the 
thermometer bulb, connected to another similar bulb B containing 
mercury and fitted with a tap 
at the bottom for letting out 
mercury, The bulb B is 
graduated in c.c.'s from the 
top. The connecting tube 55 
is connected to a sulphuric 
acid manometer, the other 
arm of which is attached to 
a bulb C, exactly similar to 
A through a compensating 
connecting tube dd. The 
apparatus is so constructed 
that the tube bb up to the 
top of the bulbs A and B 
has exactly the same volume 
as the compensating tube dd extending up to the top of C. At the 
time of construction same number of gramme molecules (n, say) of air 
ia to be introduced in the two parts, Ab b B and d Cd, of the 
apparatus. Now to measure the temperature of a bath, A is inserted 
in it and the bulbs C and B are fully immersed in a bath of melting ice. 
The equality of pressure in the two Parts is to be adjusted by letting 
out some mercury from P and is to be ensured from the manometer 
reading. The volume of air in B ig directly read off from the 
graduations. Hence, the temperature of the bath in absolute Seale can 
ba obtained in the following way: 


Fig. 40 


„Let T^ A be the temperature of the bath in absolute scale and 
Tı AandT, A be respectively the room temperature and the tem- 
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perature of the ice bath on the same scale. Let va, ve be the volumes 
of A and C and v be the volume of bb or dd, both being equal and 
maintained at room temperature. Then taking ve to be the volume of 
air in B up to the mercury meniscus, we have from the combined 


gas law (Z =n) az applied to the two parts of the enclosed air, 


Va v Ub v v P 
Jay 9 1%) rR= | LIS ) 
x7 T; i nR=p Te Ti where p is the constant pressure 


of the apparatus and nR=gas constant for n gm.-mols. (same for 
both parts). 


Hence, “+2 4% =t, 
TUTTA Te Ts 
Va _Vo- Vb Va y 
ES i EEE x ve Sh ) 
Or, T T, or WERT To () 


Thus the absolute temperature T cf the bath is determined in terms 
of known quantities on the right-hand side of equation (1) In this 
apparatus the effect of connecting tube is completely eliminated by 
taking the compensating tube exactly of the same volume and main- 
taining both at the same temperature and pressure. The exact equality 
of pressure as well as the equality of mass of gas in the two parts of 
the apparatus are essential in this experiment. Temperatures within 
the range 0° to 690°C. can be accurately measured by this instrument. 


2. External work done during isothermal and adiabatic 
changes :—Let a gm.-molecale of a gas bo taken in a cylinder provided 
with a movable piston, P(Fig. 43) of cross-sectional area X and let the 
initial pressure and volume of the gas be p: and Vi respectively 
expressed in C.G S, units, Now when the gas is allowed to expand 
either isothermally or adiabatically, at any arbitrary instant when the 
pressure of the gas in the cylinder is p, the force acting on the piston, 
P, is pX% dynes. If due to this force the piston is displaced through a 
small distance dz, the work done in this infinitesimally small 
expansion is 

dw=pX*xXdx=pdV  * 
(C. <dw=dV, the infinitesimal change in volume). 


Now if the gas, due to expansion (either isothermal or adiabatic), 
acquires the final values of pressure and yolume as p2 and V» then the 
total work done during this expansion is given by, 


w=f. dw= hi p.ÀV ergs ved w (1) 


Now introducing the isothermal or the adiabatic condition in (1), as 
the case may be, we can calculate the corresponding work done, 
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(a) Isothermal work.—In this process the temperature, T is kept 
constant throughout the process but the initial and final pressures and 
volumes are respectively pı, V, and pa, Va. 

Sines pV — RT, (T is in absolute scale), j- B. 


Li d r 
Substituting in (1), W= f^ pavo nr fy? 
1 1:V 


Y 
— RT loga s 
ps 


-9908 RT logo"... (4) 
LE 


This relation (2) gives us an expression for the isothermal work. 


(b) Adiabatic work.—In the adiabatic process the temperature 
also changes from T, Ato Ta'A along with the other parameters. 
Binoe in the adiabatic transformation, 

pV’ -K-pVi =p Bie id (a) 

m 
py 


Bubstituting in (1), 
y-xf^* xl yr I: 


viv" 1 pn. 
-ET a =A fy, gy 
yal” V. yai RUNE paan 


Substituting the values of K from (a) in (3), we get 


si 

Worm: Vin) x Pap Le TA 
R 

Mui UT,- T4. (7 pıVı=BT, and psV2=RTs) ... (5) 

=0r- 0v Ls = 

Cy—O0. hy T4! — Cv(T, Ts) (8) 
Co 


The right-hand sides of relations (4), (5) and i i 
expressions for the adiabatic work by Bitur rd 
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3. Fundamental Assumptions in the Kinetic Theory :—In 
developing the Kinetic Theory we are t3 make the following simplifying 
fundamental assumptions— 

(i) Pare gases are made up of a large number of identical minute 
articles called molecules, all having the same mass and obeying 
Newton's laws of motion. 

j (ii) These molecules roam about randomly in all directions with 
different velocities, ¢.e. they have no preferential direction of movement 


ewhile the gas is in thermal equilibrium. During motion the molecules 


constantly collide with one another and with the walls of the container. 
The collisions are perfectly elastic, $e. the total kinetic energy of the 
molecules and the corresponding momentum are conserved before and 
after the collision. Again as the chance of collision in all directions is 
the same, these constant molecular collisions do not affect the molecular 
density (i.e. number of molecules per c c.) of the gas. 

(iit) Between two successive collisions the molecules move in s 
straight line with uniform velocity. This is because they obey Newton's 
daws of motion. 

(iv) The time spant during the collisions is insignificantly small in 
comparison with the time between two successive collisions. 

(v) The dimension of a molecule is negligible compared to the 
distance traversed by it between two collisions —called its ‘free path. 


(vi) There is no appreciable force of attraction or repulsion between 
the molecules of a parfect gas (also of a real gas when the pressure is 
particularly very low). 

(vii) The molecules may be looked upon as small elastic spheres 
‘or mass-points, the volume occupied by which may be neglected in 
comparison with the volume of the container of the gas. 

Note.—Gravitational attraction always acts between the molecules. 
But the force is exceedingly small and is generally neglected. We 
know that between two molecules of mass 'm' each and separated by 


2 
r ome, the force is f= e. where G=6'658 X 107°, 


For hydrogen, m is of the order 10 ** gm. For the nearest 
approach between the molecules, r is of the ‘order of molecular radius, 
ie. 107 cm, J=6X10°® x 107 **/107 1? 26x 10" *?dyne, i.e. fia 


negligible. 

Perfect $as.—A gas for which the assumptions adopted in the kinetic theory 
of gases may be supposed to apply perfectly is called a perfect gas. Such a gas should 
obey all the laws deduced from the kinetic standpoint. So it should rigorously follow 
Oharles' law and Boyle’s law at all temperatuers and pressures. In conformity with 
Mayer's hypothesis there should be no fall of its temperature when it expands in a 
vacnous space, i.e. its internal energy is not a function of its volume. 

As a matter of fact, no real gas exists which strictly follows the conditions of an 
4deal or perfect gas. Some of the permanent gases such as hydrogen, oxygen, etc, 
seem to be governed by the ideal gas laws only approximately under specified 
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conditions. At high temperature and low pressures they conform to Boyle’s law and: 
in that sense they may be regarded as perfect gases under those conditions. 


4. Pressure exerted by a perfect gas :—The fundamental assump- 
tions of the Kinetic Theory have already been given in the last article. 
According to those assumptions, the molecular point masses, in course 
of their motion, make elastic collisions agains) each other as also 
against the walls of the container from which they rebound back with- 
out any loss of energy by exerting a force on the walls. These blows 
or hits incessantly given to the walls constitute a continuous force 
tending to push the walls out. This force and hence the pressure on 
the walls are uniform and steady as the hits are incessant, and are 
directed against the walls of the container in all directions in all proba- 
bility, Hence from the above ideas we can deduce a mathematical’ 
expression for the pressure of a perfect gas by the application of 
Newton's second law of motion. To do this let us considera unit cube 

and let 5 be the number of molecules 

contained in this cube, i.e. the number 

of molecules per c.c. Let the sides 

of the cube be parallel to the three 

co-ordinate directions OX, OY and 

OZ. Since a molecule moves in space 

with velocity c quite arbitrarily 

directed, this velocity can be conveni- 

ently resolved into three components 

V, v, w, acting along OX, OY and OZ 

respectively. Let us consider the 

x effects of each of these components 

separately and then consider the 

Fig. 41 resultant effect. A molecule of mass, 

7t, in the cube moving with a velocity u, strikes the faces A and B of 

the cube normally (Fig. 41). As the molecules behave as elastic spheres, 

the impinging molecule rebounds with the same velocity, w, in the 
opposite direction, after the impact on the walls. 

The momentum of the molecule before impact=mu 

and its momentum after the impact = — mu 
(since directed oppositely). 


The change of momentum = mu (— mu) 2mu. 


A 


Supposing the first impact to take place on the wall B, the next impact 
of the same molecule on B will occur after it has traversed the distance 
from B to A and A to B beck again. Since a unit cube is taken this 
distance is 2 cms.. So the time of traverse of the distance for the mole- 


cule is z secs, This is the interval between two successive collisions. 


So the number of the collisions occurring per second is 3 ‘ 
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Hence the change of momentum per sec. per molecule is given by 
2muX qme. 


d Tf us, U2, Ug i... Un represent the velocities of n molecules in the 
direc ‘ion of the z-axis, the momentum transferred by them per second 
on either of the faces A or B of unit area is given by 


pa 7 m(us? Hus” us? t... Fun?) 
‘cat d 2 s 2 2 
= mnu’, whera y? = 21 ss T -Mn umi aa + ve 
is the mean of the squares of the velocities in the direction under: 
consideration. This is known as the mean square velocity in that 
direction, 


Similarly, the momentum transferred per sec. by these n molecules 
on the faces of the cube parallel to the y-axis and z-axis respectively 


are given by, 
Py=mnv? and ps=mnw* 
where v” and w° are the corresponding mean square velocities. 
We know that the velocity c of the molecule is given by, 
=u Ev? +", 
If u”, v? and w? be replaced by their mean square (M.S.) values 
u?, v?, w°, c? should automatically be replaced by c? 
9 a 9 e 
= (ext toat toitte) which is the mean of the squares of the 
n 


different values of c and is known as the mean square velocity of the 
molecules in any arbitrary direction. 
Hence o*—u? +0" -u*. 
As the velocities of molecules are identical in all directions, we can 
write, 
wav? =w" =}. 
So the rate of change of momentum (i.e. force per unit area) on any 


one of the faces of the unit cube —nmu^ —nmv* —nmtw ?=tmnc*. This 
is identical with the pressure on each of the walls of the cube due to 


the contained gas. 


Herce, the pressure p= snc” zu s eal 


As nis the number of molecules per c.c, and m, the mass per mole- 
aye mn=P, the density « of the gas. 
is (2) 


s. p= dpc? 
II App.—6 
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Note,—Since it often seems tedious to writec* repeatedly in 
a calculation, we shall use C? for c* fər conveniences of writing. This 


= 


c= Jo is known as the root mean square or R.M.S. velocity of the 
gas. 


It musi be remembered that this R M.S. velocity is quite different 
from the mean velocity of a gas molecule. The mean velocity Cm is 


' given by the relation c, ae tentest ctn In kinetic theory this 


mean velocity is of no practical importance and it is the R.M.S. velocity 
that counts most. 


5. Deductions from the Kinetic Theory of Gases :— 
(i) Boyle's Law.—From kinetic theory we know p=ymnC"* where 


C is the R.M.S. velocity of the gas molecules (=~ c”) 


Here nis the number of molecules per c.c. and m the mass per 
molecule. Hence mn= mass per c.c.=density P of the gas. 


Now if M gms. of the gas occupy a yolume V c.c., =H, 


ie p-imnC* op - E 0° ; 
or, pV-$MO'-31MC* 
7$ X K.E. of the gas molecules. 


So long as the temperature of the gas remains constant, ita K.E. 
also remains unchanged. 


4^. pV-a constant when T is constant. 
This is Bosle's law. 


(i The combined gas law —As in an enclosed mass of a gas the 
molecules are continuously in motion directed quite haphazardly, they 
possess s kinetic energy given by M@0* where M is the total mass of 
the gas and C is the R.M S. vel. of the molecules. As there is no 
interaction between the molecules of & perfect gas their potential 
energy is evidently zero., According to Rumford, Joule and other 
workers, heat is generated due to the motion of the molecules of a 
body. So the temperature and the kinetic energy of the gas molecules 
must be proportional to each other (in absence of P.E). Or, in other 
words, the K. E. manifests itself as the temperature of the gas. This 
is the kinetic interpretation of temperature. S5 when the motion 
of the molecules ceases, the temperature will also bs zero. According 
to kinetic theory this is the absolute zero of the perfect gas 
scale. But Kelvin's thermodynam'c interpretation of the absolute 
zero does no5 require that the molecular motion should cease at that 
temperature, 
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As the K.E. is proportional to the temperature, we can write 
(taking temperature in the absolute scale), 

MC œT or 3MO? — ZT where Z is a constant. 

Again from the above deduction of Boyle's law we have, 

pV —8x3 MC*. 

pV—-$ ZT =R! oy We io (1) 
where R y ia another constant depending on the mass M of the gaa 
taken and V is the correaponding volume. 

Thus relation (1) represents the combined gas law (Charles' and 
Boyle's lsw combined). 

If the mass of the gas taken be 1 gm.-mol. and V, the gm.-molecular 
volume, then 

V=RT W e (2) 
where E is the gm.-molecular gas constant. 

Evaluation of the R M.S. velocity —If we consider a gm.-mol. of 
the gas and if V and M; be the corresponding volume and mass respec- 
tively, then pV —$ M,C’, where C is the R.M.S. velocity. 

Bat pV — RT. 


$M,0'-RT; or, O= 


SET 
M,' 
whore R is the molar gas constant, Mg —gm.-molecular maas. 
Energy of gas molecules.—Since pV — RT —3* K.E. of molecules, 
where V and R refer to a gm.-mol, of the gas. 
RHaergy per gm.-mol, of a gas=$ ET. 
Since the number of molecules per gm.-mol. is equal to Avogadro's 


number N, the energy per molecule 4E T= KT, where K is the gas, 


constant per molecule end is known as Boltzmann constant. 
(iii) Clapeyron's Equation,—We know, 
p=tmn0’, (C=R.MS. velocity) 


=}, gne (where N= Avogadro's number) 


= i M,C* (M,=gm.-molecular mass) 


4 M,0* — FRIET T. tex (1) 


n^ 
N 
where K -E- Bol&zmann's constant 


This relation p =nKT is sometimes known as Clapeyron s equation. 


(iv) Avogadro's Hypothesis.—Avcgadro's hypothesis states that 
ander identical conditions of temperature and pressure, equal volumes 
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of all gases contain equal number of molecules. To establish this 
hypothesis, let us consider two gases, each occupying the same volume, 
v, ab the same temperature, T, and pressure, p. Let m, and m; be 
their molecular masses and Cı and Cz their respective R.M.S. velocities. 
Then if nı and na be number of molecules of the two gases contained 


P 3 3 n n 
in the volume under consideration, we have, 5 and js as the respec- 


tive number of molecules/c.c. 
«<. for the first gas pp=}nini0,? 


and for the second gas pv—1msns C35? 


As p and v are same for both gases, we have 
mini03* 2 msns05? $34 ven (1) 


Again as the temperature is also tha same in both the gas2s, the K.E.'g 
of the molecules must also be the same in both. 


vh im1Ci* — $ma0,* i 


or, mi;Ci;*-—maCs' a M (2) 
Combining (1) and (2), we get, 
"ii =g. 


(v) Dalton's law of Partial Pressures.—Tho law states that the 
pressure exerted by a mixture of several gases is equal to the gum of the 


partial pressures exerted by the constituent gases occupying the same 
volume at a particular temperature. 


If mi, ms, ms.. be the masses of different types of gas molecules 
and 71, ng, ns ..their respective numbers per c.c, then the total 
Pressure will be due to all theze different types of molecules, supposing 
all the intermolecular interactiona to be ahgent. 

e p=hmin, 0, +4man202? +4meng0a?+...... 

But the partial pressures are P,=$mn101", ps=}mans0,*, 
Ds —$mgnsOs...etc, 

Hence p=p,+pstps+...ete. 

This is the mathematical form of Dalton's law. 


(vi) Graham's Law of Diffusion—Graham’s law of diffusion 
states that if two gazes at the same temperature and pressure be 
allowed to diffuse into one another through 
fine pores, the rate of diffusion is inversely 


proportional to  tquare root of their 
densities. 


The rate of diffusion of a gas is evidently 
proportional to the mean velocity of the 
molecule. Let us consider two different 
gases of mean velccities cı and co in 


Fig. 42 


chambers (1) and (2) (Fig. 42) separated by a porous partition W and 
let their R.M.S. velocities be C, and C,. 
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Then, 
Rate of diffusion of aas (1)_¢1 (t 
Rate of diffusion of gas (2) cs es rs LA ) 
f Bat it has been established by Maxwell that the mean velocity c is 
directly proportional to the R.M.S, velocity C. 
es 01 
co Ca i i YA (3) 


As the temperature and pressure are the same in both the gases, 
we have, 


p=$9101"= $02". 
Oy” ar. Cie /p. .. (3) 


'. From (1), (2) and (3), 
Rate of diffusion of aas(1)_¢,_01_ ]p, 
Rate of diffusion of gas (2) cs Cs Pi 
Thus the law of diffusion is established from the kinetic standpoint. 


6, Evaluation of some important constants of Kinetic 
Theory :— 
(i) The gramme-molecular gas constant, R— 


R x where V — molar volume = 224 litres. 


p- normal atmospheric pressure = 76 X 136 X 981 dynes/om*. 
n —1'013 X 10° dynes/om?. 
and T'—9273 '24. 
* > 5 
= 1013 10* x 934 X 10* _ 9-31 y 107 orga/*C, 


B 273 2 
; 831x10" _,. ° 
In thermal units, R= 18x10" 199 osls./"C. 


(ii) Avogadro's number, N.— 
_ molecular weight in ams. 
= actual weight of a molecule i 
Taking the case of hydrogen for simplicity of calculations, we have, 
= 2 
~ $82x107*4 
( (iii) Loschmidt's number or number of molecules per wnit volume 
n).— 


N =6'02X 10** per gm.-molecule. 
n =X (where V= molar volume) 


usui 21087x 101? per c c. 
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(iv) Boltzmann's constant (Gas constant per molecule).— 


aR gears 1'38X1072° erge/'C. 


Examples 


1. Calculate the R.M.S. velocity of hydrogen at N.T.P. (one litre of hydrogen 
weighs ‘08987 gms. at N.T.P.) and also at 2184 C. 
Ans. The R. M. S. velocity C, of a gas is given by 


om Vi 


+". For hydrogen, C,= Sx 76x 136 x 981— 1:839 x 10%cms./sec. 
“00008987 
2 .218899x105 |. 
= 64x 12x 3x 1760 1 mile/sec. (approx.). 
When the temperature is 21847 C. — (2184 4-973) =2457°K, 
the R.M.8. velocity C is given by, 


$." vz = V=, 4 C=8C,=5'517x 10° cms./sec,.=3 miles/sec. (approx.), 


% Calculate the R.M.S. velocity of oxygen at 0°C., if the molar constant is 8'31x 
107 ergs C* 


Ans, O= [RT JES 107? 
Mg 


> = 46 x 10* cms./sec. 


=0'25 mile/sec. (nearly). 

3. Calculate the molecular kinetic energy of 1 gram of hydrogen at 0°C. (R=83 
x 107ergs|°C). 

Ans, Molecular weight cf hydrogen=2 grams. .*, 1 gm.—1 gm-molecule, 
K.E. per gm.-mol.—4 RT. " 

X. For1gm. of hydrogen, the kinetic energy is given by 

BERT =} x $x 83% 107 X73 
=16'99 x 10° ergs. 


7. Dulong and Petit's Law of Atomic heat :—From the experi- 
mental studies, Dulong and Petit arrived at a law of -specifie heat of 
Bolid elements which is important to the chemists especially for deter- 
mining the atomic weights of rare earth elements. The laws tate that 
the specific heat at constant volume multiplied by the corresponding 
atomic weight is a constant (of a numerical value of about 6 calories) 
for most of the solid elements. This law holds good at ordinary tempe- 
ratures for many elements. In cases of many others like Carbon, 
Boron, Silicon, Beryllium, etc. the atomie heats (ie. Cy Xat, wi.) sre 
much lower. Investigations show that in these exceptional cases also 
the atomic heats approach the above value of 6 calories when the 
temperature is gradually raised. At low temp the atomic heats of'all 
elements fall below 6 cals. and tende towarde the zero valie as the 
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absolute zero temperature ie approached, These anomalies can be 
successfully explained by the quantum theory. But so far as the original 
law of Dulong and Petit is concerned, it can be successfully explained 
from the Kinetic Theory. 


Let us consider a gm.-atom of a solid element. The number of 
stome in it is equal to the Avogadro number, N. The atoms oceupy 
definite positions in the solid and vibrate about their mean positione. 


The possibility of these vibrations is evidently along the three 
co-ordinate axes, X, Y, Z. Herce each atom has 3 degrees of vibra- 
tional freedom. The average energy per vibrational degree is, by the 
equipartition theorem, equal to KT, where K and T are the Boltzmann 
constant and sbsolute temperature respectively. So the totsl energy 
per atom is 3KT and that for a gm.-atom is E —3NKT =3RT. 


But from definition, C; for s gm eom c OE 


=3R=3X 199=597=6 calories (nearly). 


Thus Dulong and Petit's law is deduced from the kinetic stend- 
point. 


Failure of Dulong and Petits Law —For many substances, the 
atomic heat is very nearly equal to $E but for a number of substanceP, 
like beryllium, boron, carbon and silicon, it has been found to be much 
smaller than 3R. The failure of the law is by no means confined to Be, 
B. C, Si, i.e. substances with high melting point, but even substances 
which have normal values of the atomic heat at the room temperature 
show a marked decrease in the value at low temperatures. When 
absolute zero is approached the specific heat tends to vanish. These 
important findings were possible to be made after the technique of low 
temperature production end measurement was brought to the present 
level of perfection due to the work of Nernst and his co-workers Dewar, 
Cellendar, K. Onnes and others. It should be mentioned however, that 
the atomic-heat of some substances like „boron and carbon tends to 
attain the theoretical value of 3E at high temperatures. In the case 
of diamond this value of 3E seems to be attained at about 980°C. 


Quantum theory offers sn adequate explanation of these variations 
of specific heat of solids. We owe to Einstein and Debye very much 


for these explanations. 
Since the kinetic equipsrtition law cannot properly explain the varia- 


tion of specific heat with temperature. Einstein introduced the quan- 
tum equipartition law according to which the energy associated with ` 
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each degree of vibration is given by hv/(e*”/K7 — 1). where h is Planck's 


constant, » isthe frequency of vibration of the atomic oscillators 
ina body, Kis Boltzmann constant and /' the absolute temperature. 
‘Supposing the number of degrees per gramme-molecule to be 3N, 
whera N is Avogadro number, he deduced an expression for Oy exactly 
in the same way as has been followed above in the deduction of Dulong 
and Petits Law. This theory of Einstein only qualitatively gives the 
variation of specific heat with temperature. But quantitatively the 
theory does nob corroborate the observed data particularly at low 
temperatures, At a certain value of the temperature the value of 
Cy ig found to approach 3R as predicted by the classical theory. In 
Einstein's theory, all the atoms of the solid are supposed to vibrato 
with the same constant frequency, whichis characteristic of a substance. 
This artificial restriction was removed by Debye supposing the body, 
to be characterised by a complete spectrum of frequencies composed 
of a finite number of lines and not by a single frequency. This number 
is assumed to be the same as the total number of degrees of freedom 
of the component atome, each having three degrees of freedom. Here 
a definite upper limit is pat on the possible frequencies. No frequency 
can be greater than this maximum limiting frequency, which is 
characteristic of the substance in question and may be expressed in 
terms of its elastic constanta—because elastic solid vibrations are sup- 
posed to be seb upin the continuous medium, Debye's theory fairly 
tallies with the experimental data at moderately low temperatures and 
predicta that the sp2cific heat at very low temperatures is proportional 
to the third power of the 
absolute temperature. This 
is known as Z'*—law which 
almost exactly represents 
the nature of variation of 
Specific heat at very low 
temperatures. The nature 
of variation of specific heat 
with absolute temperature 
according to Einstein's 
and  Debye's theories is 
represented graphically in 
Fig. 43, where E refers to 
3 Jj Einstein's curve and D to 
100 200 Debye's curve. At high 
Absolute Temperature —> temperatures, the — atomio 
Fig. 43 heat tends to attain the 
j value 6 in both these curves. 
&Dobye's theory applies mainly to substances in the elemental state. 
-Soa general theory for all chemical compounds and crystals have 
~ been developed by Born and Karman, known as the lattice theory of 
atomic heat. 


o 
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8. Experimental studies on the deviations of real gases from 
Boyle's law :—The validity of Boyle's law in the case of real gases was 
firat extensively studied by Regnault (1847). His experiments were 
conducted mainly to test whether by doubling the pressure the volume 
would reduce exactly to half. The method was crude, no doubt, but it 
definitely established the fact that the real gases do not exactly obey 
the perfect gas laws. After Regnault's work various workers like 
Andrews, Amagat and others, and quite recently Bridgman in America, 


Tperformed experiments which provide us with exact information 


‘regarding the nature of the deviations. We shall here describe the 
experimental studies of the firs} two workers in detail. 


(a) Andrews’ Experiments—Andrews (1863), while trying to 
liquefy the more compressible gases, made a thorough study of their 
behaviour—partieularly of CO2—with the experimental arrangements 
shown in Fig. 44. The apparatus consisted of a pair of glass tubes R, 
RB’ ending in capillaries C, C’ in which 
the gas was imprisoned by pellets 
of mercury M and M'. Two metal 
cylinders 7 and 7" containing water 
inter-connected by the side tube G, 
surrounded the lower parts of R and 
R'. One of the capillaries (C, say) 
contained COs: gas and the other air, 
which was supposed to behave as a 
perfect gas in Andrews experimente. 
Pressure was applied to the water 
and hence to the gases by screwing 
in the plungers P and P'. This 
pressure was same in both the tubes C 
and C' because of the inter-communi- 
cation through G. Water jackets, 
J and J' with plate glass sides were 
used to vary the temperature of the 
gas in C to any desired value and also 
to maintain the constancy of tempera- 
ture in C’. The pressure of the gas 
‘was measured from the position of the ^ 
mercury pelle& M' in O' assuming Fig. 44 s 
Boyle's law to be valid in the case of air. The volumes of experimental 
‘gas were read out directly from the positions of the pellet M in C. 
From his observations Andrews drew a series of isothermals plotting 
p against V, the specific volume (volum» per unit mass) a8 shown 
in Fig. 45. From the study of these isothermals he showed that 
there exist for any gaseous substance a critical temperature, above which 
it could not be liquefied by any amount of pressure, however great 
i& may be, a result of immense importance in the matter of liquefaction 


of gases. 
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Andrews’ Curves and the Critical Point.—The p-V isothermals 
of COz-gas obtained by Andrews by plotting p against the rpecific 
volume; V, are presented in Fig. 45, along with a few isothermals of 
air at the temperatures noted 
against the corresponding curves. 
The isothermal of carbon dioxide 
gas at 31°10, is a continuous 
curve having s definite inflexion 
at K. Above this temperature the: 
curves are perfectly continuous 
and almost resemble the, iso- 
thermals of air. Below 31 1C. 
each curve shows three distinct 
portions, namely (1) a smooth 
portion AB somewhat resemb- 
ling the general form of the 
isothermals at higher tempera- 
tures, (2) a straight portion BC 
parallel to the V-axis along 
which the pressure remains 
constant for any value of V, 
between D and O, and (8) a 
steep portion CD where a slight 


Air 


—p{atm.) 
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c am 
ki variation in V causes a lerge 
V(Specific volume) change in pressure showirg that 
Fig. 45 the substance here is highly 
incompressible. In the region 


represented by AB, the eubstance is in the vaporous state and ab B it 
begins to liquefy. Between B and C, the liquefaction continues—both 
the vapour and the liquid phases coexisting in this region, the vapour 
evidently being saturated. At O the liquefaction is complete. OD 
represents the substance in the liquid state. For isothermals of 
temperatures lower than 81°.C., but gradually approsching that 
temperature, the straight portion of the curve parallel to V-axis 
gradually decreases indicating that the difference of the epecific 
volumes in the two states of eggregation, vapour and liquid, gradually 
diminishes. Just below 31° 1C.. the straight portion reduces to a 
Point. Above this temperattire the straight portion is absent showing 
the high compressibility of the eubstarce at the temperature. As the 
temperature is further increased the curves are gradually smoothed 
out and at sufficiently high values they become almost identical with 
the rictangular hyperbolic curves of a permanent gas (e.g. air). 


The isothermal at 31°10. (30"9C. according to Andrews) represente 
a boundary between the two types of curves. Just below this 
temperature it is possible to liquefy COs-gas by mere application of 
Pressure. But above this point itis not possible to liquefy that gas 
by any amount of pressure whatsoever. At this temperature, 4.6. 


a 
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3110. the specific volumes of the gas snd the liquid are identical at 
a particular pressure. This temperature has been named the critical 
temperature. All gases at suitable temperatures give isothermals 
eimilar to those of CO:-gas as was obtained by Andrews and for esol 
of them there is a particular temp2rature st which the two specific 
volumes bacome the same ata particula" pressure. This is the critical 
temperature of the gas under consideration. 


So the critical temperature (To) of a gas is defined as that temperature 
above which it cannot bs liquefied by application of pressure alone however 
great the applied pressure may be. 

The critical point (Kin Fig. 45) ia that point on the isothermal 
at Te at which the substance passes from the gaseous to the liquid 
state without the two phases being mixed up together. 


f The critical pressure (po) is the preasure at the critical point and the 
critical volume (Vo) denotes the volume occupied by unit mass (ie. 
specific volume) at the critical temp2rature and pressure. 


From, Andrewa’ curves it ia evident that if we want to convert 00a- 
gas ab 21° 5C. (or any other gas below its criticsl temperature) and at 
a given pressure (represented by the point Rin the above isothermal) 
to the liquid state at 22’ at the same temperature we shall have to pase 
through the disc tinuous shaded region of the curves where the mase 
of the gas will partly be in the liquid state and partly in the gaseous 
state. But if we want to convert the gas at R to the liquid state at 2’, 
without any discontinuity sppsaring in between, i.e, without any 
meniscus being formed between the two different phases, we shall have 
to avoid passing through the shaded region of the ourves, This may be 
done by heating the gas to a temperature above the oritical temperature 
and then compressing it by the application cf pressure 80 that itg 
volume becomes identical with the volume of the corresponding liquid 
at R' at that temperature. When the gas ig now cooled down again to 
91°50. and the volume maintained the same as above by gradual 
adjustment of pressure, the gas suddenly changes phase when the 
pressure corresponds to that of R' without sny kind of mixing or 
co-exiatence of the two phases. Thus starting from a gascous state 
below the critical temperature, it is possible to reach the liquid state 
at the starting tempsrature without any heterogeneity appearing in the 
whole mass at any stage of the operation. So we may say that there 
exists a continuity of the liquid and the gaseous states in spite of the 
apparent discontinuous nature of the Andrews isothermala below the 
critics] temperature. 

(b) Amagat's experiments and their consequence.—Amngat in 
1870 conducted a series of experiments in which pressures up to 3000 
atmospheres were reached. Amagat employed s steel manometer tabe, 
(B) 300 metres long and passing up the shaft of a mine (Fig. 46), The 
bottom of the manometer tube was connected to s closed vessel A 
containing mercury which could be forced up the tube by means of 
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a large plunger screw S working into the vessel. The experimental 
gas was contained in a calibrated tube T closed at the upper end 
and jacketted in a water bath W to maintain the constancy of 
temperature. The lower end of this tube, was connected to the 
container A. By this arrangement the volume of the gas under test 
at different pressures were noted and a series of pV—p curves at 
different temperatures were plottod by Amagat for different gases. For 


At Boyle temp. (1) 


Beloy, Boyle temp. N 


——> p 


Fig. 46 Fig. 47 


nitrogen and other permanent gases at temperatures above the room 
temperature (nearly 17°C.) the general character of the curves were 
found to be same as the curves of type ITI shown in Fig. 4! ie. pV 
first decreases with increase of pressure, reaches a minimum and then 
rises again as pressure increases. For hydrogen and helium, as evident 
kis later works, the curves should be of the form (II) in the said 
figure. 
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The actual pV —p curves for hydrogen, nitrogen and carbon 
dioxide gas at different temperatures are shown in Figs. 48(a), (b) and 
(c). When the pV —p igothermals are plotted over a wide range of 
temperatures varying from very high to very low values, {the general 


—— 
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type of the curves will be a8 shown in Fig. 48(d), which are similar to 
the curves for COs-gas as shown in Fig. 48(c). The type is, however. 
characteristic of all gases provided suitable temperature ranges are 
available. In Fig. 48(d), the critical isothermal is marked and the 
region of mixed phase is 
shaded. If the gas would 
have obeyed Boyle's law, the 
isothermala would have been 
all horizontal straight lines 
parallel to p-axis. The 
isothermal at the critical 
temperature as obtained 
experimentally has an inflec- 
tion at the critical point whose 
tangent is vertical #.¢. parallel 
to pV-axis. Allthe isothermals 
upto that as the Boyle 
temperature T'5 have definite 


minima, which, when joined 
by a free-hand line, give & 


parabolic curve as is shown Lv 
by the discontinuous line. 9 100 200 300 KA ES $00 700. 600 
The isothermal at Tg is ptm) — 


horizontal upto moderate CO,—gas 
pressures, showing that Fig, 48(o) 
Boyle's law holds within that pressure range. Above the Boyle tem- 
perature the  isothermals 
show no minima and pV 
increases with rise in pressure. 


According to the Kinetic 
theory, the gas molecules 
are supposed to be point 
masses occupying no volume 
and haying no interaction 
b:tween them. If these ideal 
conditions are satisfied in a 
real gas, only then we can 
éxpect that Boyle's law will 
be obeyed by it. But ina 
real gas none of these 

Fig. 48 (d) assumptions is strictly valid 
and so we notice in them a marked deviation from the said law. 

If we sssume a kind of attraction to be existing between the 
molecales of a real gas and if the molecules be supposed to cecupy 
a definite space, we ars in a position to interpret the isothermals of 
Amagat. Below the Boyle point T'g, pV decreases at first with 
increase in pressure. This can be interpreted in the following way. 
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If the molecules attract each other the attraction shall increase with 
increase in pressure because the inter-molecular distance then 
diminishes. The attraction draws the molecules closer still further and 
it may be considered to be equivalent to an additional external force, 
So the actual applied pressure is less than what would had been needed 
in the absence of inter-molecularatiraction in order to have the identical 
volume change at the same temperature. Secondly, the molecules of 
the gas occupy a finite volume, Vo, so that the observed volume V is 
detinitely greater than the volume (V — V), which is really available 
for the molecules for their free movements. In consequence, the 
observed pV is rather over-estimated. The increase in pressure due 
to attraction between the molecules aad the decrease in volume due 
to the finite size of the molecules act in opposite sense on the product 
pV. Both of them sre also affected by temperature. At higher 
temperatures the attraction decreases and due to the higher speed of 
the molecules the effective molecular volume may be expected to 
increase. The two tendencies counter balance each other's effect 
at the Boyle temperature. Above T'5 however, the second tendency 
geta the upperhand and as a result pV increases with D from the 
beginning. 

9. Blaek-body :—4 body which absorbs all the radiations 
incident on it is called a perfectly black-body or simply a black-body. A 
black-body does not transmit or reflect any radiation. We know that 
whenever radiation falls on a body a part of it is absorbed, & part 
reflected and another part is tranemitted, if the body is transparent 
to the incident radiation. Jf a represents the fraction of incident 
energy absorbed (absorptivity), r the fraction reflected and ¢ the fraction 
transmitted, thenatr+t=1. In the case of a black-bedy, r=0=, 
Hence its absorptivity a= 1. When 
it ia heated, it will emit radiations 
ofallwavelengths. It was 
theoretically proved by Kirchhoff 
that an enclosure whose walls are 
impervious to any type of radiation 
and is maintained at a constant 
temperature behaves as a 
perfectly black-b5dy. This constant 
temperature enclosure emits 
radiations which dep:nd only on 
the temperature of the enclosure 
> : and are independent of the nature 
E ea EET © blsck-body. of the material of which the walls 
| of the enclosure are made. Any substance placed inside it will in the 
steady state attain the temperature of this enclosure and will emit 
ithe black-body radiations characteristic of the temperature of the 
enclosure, 

The black-bodies are generally of two different types. One type, 
which is commonly used for absorption experiments, was designed by 
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"ary and is generally known as Fery's black-body. It consists of a 
spherical metallic shell M having a small opening at O (Fig. 49). 
Tho inside wall of M is coated with platinum black so that, when heat- 
ad, the constancy of temperature is quickly attained. The metallic 
shell M is surrounded by a coating, F, of fireclay. This makes the 


-saclosure impervious’ to heat. Jast opposite the opening, O, the 


motallic wall is provided with a small conical projection, C, which 
proyents any direct reflecsion of rays back through the opening. When- 
evera ray of radiation enters the enclosure through, O, it suffers 
successive reflections from the interior of the cavity and is gradually 


absorbed more and more and practically no radiation comes out 


through O again. Thus the enclosure behaves as a porfecs absorber. 


The second type of black-body was first constructed by Wien and 
has been subsequently modified by Lummer and Pringsheim, Coblentz 
and others. This type is generally used in emission experiments. The 


emission type of tlack-body constructed by Lummer and Pringsheim 


consists of a hollow carbon tube exactly cylindrical in form and heated 
electrically. One end of the tubes was closed by an air-tight plug to 
exclude oxygen. The whole system was erclosed in a series of non- 
conducting air-tight enclosurea to keep the carbon from burning. At 
the open ead a continusus stream of nitrogen prevented the mouth 
of the tube from oxidation, In this enclosure, the conditions of 
„emission of ‘ideal black-body radiation’ is supposed to be realised. 


10. Kirehhoff's Law :—Kirchoff's law states that the ratio of 
emissive power of any body to its absorbing power is constant at œ 
parWcular temperature and is equal to the emissive power of a black-body 
at that temperature, 


To establish this law let us consider the results of Ritchie's 
experiment described in Art. 160 a) [ Vide Chap. VIII of Vol. I. 
Part II (Heat) of this book]. Is is found in the experiment that 
when the lampblack coated surface 4 of the cylinder AB faces the 
polished surface D and the polished surface B of AB faces the surface 
O, coated with lampblack, the liquid meniscus in each of the limbs of 
the differential air thormometer stands at the same level. Now even 
if these polished surfaces D and B be coated with any other substance, 
tho same state of affair will also be observed. Now if a and e be 
respectively the absorbing power and emissive power cf this substance 
eovsting the polished faces D and B, and Æ be the emissive power cf 
lampblack, which can be takea to be a perfectly black-body because 
it absorbs about 97% of the radiation falling on it. So its absorbing 
power is very nearly unity and E can very well represent the emistive 
power of a black-body. 


In the above experiment the face D receiyes an amount of heat E 
per second and absorbs a fraction a of it. So the heat absorbed by 
D-aE Again the face C receives an amount, e, per second and 
absorbs the whole of it (as the absorbing power of lampblaok is prac- 
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tically unity). As the liquid levels are at the same height in both the 
limbs, the heat absorbed by D and O must be equal. 


So, aH=e; or, VE [face areas of A, B, C, D, being equal.] 


Thus the ratio of the emissive to the absorbing powers of a body’ 


is equal to the emissive power of a black-body, which is a constant 


at a particular temperature. Thus the validity of Kirchofí's law 


is established from Ritchie's experiment. Since e/a for a body is 
constant, the greater the value of e, the greater will bea. Asa. 
natural consequence of this law it follows that a body which selectively 
sbsorbs a radiation when cold will copiously emit this radiation when 
heated, 


11. Stefan-Boltzmann Law:—Stefan, in 1819, deduced from 
experimental data a law which states that the total radiation from a 
hot body is proportional to the fourth power of its absolute tempera- 
ture. Boltzmann, on the supposition that the black-body radiation 
behaves as a perfect gas, applied laws of thermodynamics to radiation 
and theoretically deducad the above law. So the law is generally 
known as Stefan-Boltzmann law. This law strictly applies to black- 
body radiation, and may be mathematically stated as follows : 


Ifa black-body at an absolute temperature T° be surrounded by 
another black-body at the absolute temperature'T o’, the amount of radia- 
tion emitted per second per square centimetre of the former is given by, 
H=o\T*—T*), where o is a constant known as Siefan’s constant. 

*11(a), Deduction of the Law :—In order to establish this law 
let us apply the thermodynamic laws to the black-body radiations as 
they are similar to perfect gases in many respects. 

Let u be the energy density of radiation ( energy per unit, volume ) 
inside & constant temperature enclosure at a temperature of T" A. Let 
V anip be the volume of the enclosure and the pressure of radiation 
respectively. .'. Total energy of radiation of the enclosure is U=uV. 
Here p and u are functions of the absolute temperature, 7. 

From the first law of thermodynamics, 

dQ=d0+paV. 

But from the second law of thermodynamics we know, 

dQ-— T.dS where S is the entropy of the system. 
<`. TdS=dU+paV ; 


dS dU 
or, r(5,- ay) ot? pa vie WT 


* As the deduction requires a knowledge on Thermodynimics, it is meant for" 
inquisitive students. 
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Applying Maxwell's thermodynamic relation, 


(in) er v 


we can rewrite (1) as, 


EA = (E 
ni p^? av]r Es we (9) 
dU| _d ve! r ^ 
But |—] n=, (uV)- w and, supposing radiation to be diffused in 
vit dV 
nature, E as has been shown by Larmor and others. 


Hence substitating in (2), 
d (u\_% 

T 2 (5 -ul 

dT 3 8g, "5 


T du 
3aT 
or, ed ; or, log u=log T* +A, (A=a constant) ; 

or, log w=log aT*, (where A= log a), 

or, w=aT* mi ^ü n «v (8) 


As the radiation lost per second per square centimetre of the enclosure 
(i.e. Æ) is directly proportional to the energy density of radiation u, 
E is also proportional to T^. Hence E-cT*. This is Stefan-Boltz- 
mann law and v is called the Stefan constant. It can be theoretically 
shown that the Stefan constant, 


or, 


o = where c= velocity of light, 


The numerical value of a=76X107?" ergs per on” por ‘ 
and that of 72: 57 X 10^ ergs/om.* /sec /degree*. edem 
A Tu Mosca of Stefan-Boltzmann 

ringsheim verified Stefan-Boltzmann law by studying th 
from a black-body over the range 100° to nearly ‘300°C. den 
was found to be true within the limits of experimental error. The 
actual experimental arrangements are shown in Fig. 50. 7i i 
hollow vessel coated inside with platinum black. It is kept at 100°C. 
by circulating boiling water inside the hollow space of the GIN Ib 
is used for calibrating the bolometer B from time to time and i 
normally soreened off from the bolometer, B. © is a spherical pera 


II App.—& 


Law:—Lummer and 
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vessel costed inside} with platinum black and immersed in a nitre 
bath (bath of melting nitrates of sodium and potassium) whose 
temperature can be “acourately noted by a thermocouple T. Thie 


Pig. 50 x 


copper sphere serves ss the experimental black-body. is suitable 
only within the range of 200° to 600°C. Above this temperature 
an iron cylinder coated with platinum black and placed inside a double- 
walled ee furnace may be used up to 1300°0. The furnace temperature 
i» controlled by a thermostat and the temperature recorded by a 
thermocouple as usual. The detecting instrument was a Lummer- 
emen surface bolometer B fitied with s number of shutters 
in front, 


The bath was heated and maintained at a steady temperature as 
indicated by the thermocouple T. Now removing the shutters 54 and 
$2 the radiation from C was made to fall on the bolometer D and the 
maximum deflection of the attached galvantmeter (not shown in the 
figure) noted. Now the position of B was changed to different distances 
snd similar operations were repeated. From these observations the 
Inverse square law was verified. Next the temperatures cf the black- 
body were changed and the observations taken at a particular distance 
of the bolometer. The observations were reduced to a common unit 
in terms of the radiations from A at 100°C and placed ata distance 
of 633 mm, from the bolometer. If D be the deflection of the galvano- 
moter and 7" and 7's be the respective absolute temperatures cf the 
black-body C and the water cooled shutter protecting D, then from 
Stefan-Boltzmann law, 

Dz«(T* - T,*). 


For different values of D'and T, < was found to be s constant, which 
establishes the validity of Stefan-Boltzmann law. 


18. Rocket engine :—Rocket engines are based on the principle 
of jet-propulsion, wherein & reaction is imparted to the rocket body 
by the momentum of some ejected matter. There are mainly two 
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types of jet-propulsion (1) rocket propulsion, in which the matter to be 
used is stored within the rockeb and (2) duct propulsion or ram-jet, 
wherein the surrounding, atmospheric fluid is ducted through the front 
of the engine and accelerated to a greater momentum by mechanical or 
thermal means and then ejected through the rear end. 

Ins jet engine, the working fluid is highly compressed by & 
mechanical compressure driven by a turbine, burned and then expanded 
through a nozzle, which produces the forward propulsive force. 

Rocket engines are classified into several groups according to types 
of applications and types of propellants used. 


In a liquid propellant system liquid propellants, which consist of a 
liquid oxidiser (e.g liquid oxygen) and a liquid fuel (e.g. gasoline) are 
fed under pressure from tanks into a combustion chamber wherein the 
micture is burned to form hot gases, which in turn are accelerated and 
ejected at a high velocity through a nozzle producing the forward 
thrust, which propels the rocket. 


In a solid-fuel engine all the propel'ants to be used are stored 
within the combustion chamber. So they ate more simple in 
construction as there is no complicated pumping equipments etc. 


Nuclear energy is now being used for the rocket engine. The basic 
principle is to heat a workiog fluid by passing it through a nuclear 
reactor to provide an output of gases at a very high temperature, The 
hot gases are then expanded through a nozzle as usual. As the exhaust 
coming out is highly radic-active, these engines sre used for higher 
stages of space yehicelos, otherwise they would contaminate the 
launching site. 


Electricity is another source of energy for a rocket engine. Here 
algo like chemical rockets, the propulsion is caused by thermodynamic 
expansion, but the combustion chamber is replaced by an electric arc 
generator, which produces the hot gas from s working fluid by electric 
arc discharge. The gas is then expanded through a nozzle, The 
eleotrical propulsion systems produce high exhaust velocity with a low 
flow rate of mass moreover the thrust can b» easily controlled. But 
they require a large amount of electrical power of several kilowatts. 
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Dynamo, VII i97 


Earth, as a magnet, V 4 ; directive 
couple of, V 80 ; inCuctor, VII 198 

Eclipse, 6 

Edison Cell, VII 159 ; Thomas A, 

Edison, VII 185 


Eddy-ourrents, VII 172, VII 2:7 

Edds-current loss, VII 217 

Effective value, of currendi or 
E.M.F., VIT 203 

Einstein, Albert, VII 285 

Hlectriao bell VII 188 ; circuit, 
VII i3; current VII 1, 4; field, 
VI110; machines, VI 172, motor, 
VII 2:7; potential, VI 123, 
power, VII 130; wind, VI 178 

Electro chemical equivalent, VII 


51 

Electrodes, VII 144 

Electrolysis, theory of, VII 145; 
laws of, VII 150; uses of, 
VII 162 

Electro-magnet, V 6, VII 26 

Electro-magnetic induction, 
185 ; theory, 255 

Electro-motive force, VII 4, VII 
59 ; Back, VII 6 

Electron, VI 99. VII 24!.281; 
theory, VI 99 

Electrophorus, VI 172 

Hleetro-plating, VII 159 

Eleetroscope, condensing, VI 163 ; 
gold-leaf, VI 96; pith-ball, VI 
95 


VII 


Emission theory of light, 240 
End-on positions, V 53 
Energy, electrical, VII 130 
Epi-diascope, 178 

E.M.F. and P.D., VII 62 
Equator, magnetic, V 90 
Equipotential surface, VI 132 


Equivalent, chemical, VII 150; 
Hlectro-chemical, VII 151; 
lens, 143 


Ewing's theory, V 15 

Extra current, VII 171 

Eye, human, 183 ; the advantages 
of two eyes, 189 


Farad, VI 152 

Faraday, VII 27 ; Michael, VII 176 

Faraday's ice-pail expts. VI 108 
laws of electrolysis, VII 150 

Faraday dark space, VII 240 
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Far-point, 185 
Fatigue, retinal, 22 t 
Fermat's Principle, 30 
Field of view, 159 
Figure of merit, VII 51 

. Fleming’s left-hand rule, VII 27 ; 

right-hand rule, VII 170 

Floating battery, De la Rive's, 
. VII 25 
Fluorescenae, 224 
Fluorescent Lamp, VII 181 
Flux, magnetic, VII 168 
Foucsult'current, VII 2:7 
Fraunhofer, Josef, 226 ; lines, 201 
Fuses, VII 186 


Galilean telescope, 173 

Galvani, VII 52 

Galvanometer, the astatic, VII 35; 
the sine VII 40; the tangent, 
VII 36 ; the moving coil, VII 
51; constant, VII 37 

Gamma jid VII 260 

Gauss, V 4 

Geissler Tubes, VII 243 


Hmailton's Mill, VI 178 

Heating effect of current, VII 196 
Heliograph and heliostat, 192 
Henry, VII 171 

Herta, Heinrich, VII 821 
Huygens’ Principle, 242 
Hypermetropia, 186 

Hysteresis, V 32 


Faraday's, VI 108 


Ice-psil expt. 
mirrors, 70; 


Identification of, 
lenses, 132 

Illumination power, 11 

Illumination, 11 

Image, real and virtual, 31, inclina- 
tion or dip. V 79 

Inclined mirrors, 36 

Induced current, VIL 165 

Induction coil, VII 172 

Inductance, mutual, VII 171 ; self, 
VII 171 

Infra red, 204 


Ion, charge on an, VII 152 
Tonisation, VII 257; 
VII 257 1 
Isodynamio lines, V 90 
Isotope, VII 251 5 


J. determination of, VII 127 
Joule's Law, VII 196 


Kathode, VII 240; rays, VII 240 
Kaleidoscope, 38 

Keepers, V 2 

Kelvin, Lord, VII 140 

Keys, VII 81 

Kilowatt-hour, VII 131 
Kirchhoff, 228 

Kirchhoff's law, 204, VII 80 


current, 


Lamp and seale arrangement, 
VII 46 
Lamp, arc, VII 184; electric, 


VII 179 ; Fluorescent, VIT 18! 

Laplace's theorem, VII 20 

Law of, magnetic force, V 40; 
electric. force, VI 114-115; 
electrolysis, VII 144 ; reflection, 
98 ; refraction, 75 

Least distance of distinct vision, 
185 


Leclanche' cell, VIL 8 

Lenses, 117 ; achromatic, 216 

Lenz's Law, VII 169 

Leyden jar, VI 160 

Lightning conductor, VI 179 

Lines of force, magnetic, V 24; 
elegtric, VI 114 

Lines of, Induction, V 29 ; magne- 
tisation, V 30 

Local action, VII 5 

Long sight, 186 

Lord, Kelvin, VII 140 ; 
ford, VII 985 

Lost vols, VII 68 

Lumen 16 

Luminous, Flux, 10 ; 


Ruther- 


Intensity, 10 


Magnifying power, 160, 166 
Magnet, artificial V 1 bar, V 2 - 
horse-shoe V 2 


iv 


Magnetic, axis, V3; elements, 
V 19; lines of force, V4; 
field, V 41 ; flux, V 4 ; Intensi- 
ty, length, V 4, meridian, V41 ; 
maps, V7; moments, V 50; 
Poles, V 2; substances, V8 ; 
saturation, V 7 

Magnetometer, V 60; Searle's, 
V 65 


Marconi. Signor Guglielmo, VII 322 

Mariner's compass ; V 90 

Maswell, James Clerk, VII 319 ; 
Unit Tube, VI 115 

Mesotrons, or Mesons, VII 274 

Metre-bridge, VII 89 

Michelson, Albret Abraham, 257 

Microphone, VII 193 

Microscope ^ compound, 
Simple, 158 

Minimum Deviation, angle of, 104 

Mirage, 98  . 

Mirror, rotation of, 34 ; cylindrical, 
70 ; paraboloidal. 68 

Moment, comparison of magnetic, 
V 65, of inertia, V 64 

Motor, electric, VII 224 

Motor Starters, VIT 227 

S images by a thick mirror, 


Myopia, 187 

Near-point, 135 

Neon-Lamp, VII 948 signs, VII943 

Neutral point, V 27, VI 191 

Neutron, VI 99 

Newton's digo, 219 

Nuclear, Fission, VIT 275; struc- 
ture, VII 271 

Nucleus, VI 99 

Oersted, V 41, expt, VIT 17 

Ohm, G. S., VII 191 

Ohm's Law, VII 55 > 

Opera glasses, 174 

Optical, bench, 16; centre, 119; 
lantern, 177 

Parallax, 32 

Paramagnetic and diamsgnetic. 
V 33 


165; 
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Peltier effect, VII 135 

Penumbra and umbra, 5 

Permeability, V 31 

Periscope, 38, 91 

Persigtance of vision, 189 

Phase Difference, VII 202 

Phosphorescence. 225 

Photo-electric, cell, VII 68 ; effect. 
VII 68 

Photometers, 19 

Photosphere 204 

Platinum-resistance thermometer, 
VII 67 

Plucker Tubes, VII 243 

Polarisation, VII 6 

Pole finding paper, VII 56 

Poler, equality of, V 49 

Positive, column VII 240; rays, 
VII 250 

P.O. Box VII 93 

Positron, VII 274 

Potential, electric, VI 114, VI 121 ; 
difference cf, VI 194, V 42; 
magnetic, VII60; diagram, 
VI 184 ; of the earth, VI 123 

Potentiometer. VII 97 

ower of a lens, 141; 

VII 130 

Presbyopia, 185 

Prineipal. axis, 190 ; focus, 45, 191 

Prism, 101, angle of, 101 ; erecting, 
91; angle of minimum devia- 
tion of a, 104; limiting angle 
of s, 112; totally reflecting, 
90 

Proof-plane, VI 104 

Proton, VI 100 


Quantum Theory of Light, 256 


Radio-active, Transformation, VII 
263; Radio-active, VII 259; graph, 
VII £56; induced, VII 269 

Rays, cosmic, VII 273; Gamma, 

VII 260; ultra-violet, 201; 
violet, 195 

Re-sombination of colours, 218 

Reduction factor, VII 38, 154 

Reflection, laws of. $8 


electric, 


INDEX 


Refraction, laws of, 75 ; illustra- 
tions of, 82; cause of, 78; 
cases of, 87 

Refracted ray, deviation of a ; 81 

` Refractive index, 76 

Regulator, VII 87 

Relative Aperture, 121 

Residual charge, VI 162 

Resistance (electric) and tempera- 
ture, VII 67 

Resistance, VII 55,57; internal, 
of Cells, VII 70; in series and 
parallel, VII 75; Specific, 
VII 58 ; measurement of, VII 87 

Retina, 183 

Retinal fatigue, 221 

Reversibility of light, 30 

Rheostat, VII 87 

Roget's vibrating spiral, VII 31 

Rotation of Currents VII 19 

Römer, Olaus, 257; velocity of 
light, 231 

Ruhmkorff's Coil, VII 172 

Rumford's photometer, 17 ; Count :3 

Rutherford, Lord, V (I 284 


Sereen, electrostatic. 
magnetic, V 39 

Search-light.(69 

Secondary Cells, VII 12, 157 

Seebeck effect, VII 133 

Selenium Cell, VII 67 

Self-induction. VII 179 

Sextant, 35 

Shell, magnetic V 18 

Short-sight, 187 

Shunt, VII 77 

Sight, long 186 ; short ; 187 

Sine galvanometer, VII 40 

Snell's Laws, 76 

Solenoid VII 24; 
VII 25 

Spark, energy of, VI 174 

Spectrometer, .05 

Spectrogeope, direct vision, 210 

pectrum, pure, impure, 196; 

virtual, 198; different kinds 
of, 201 ; analysis of, 207 


VI 138; 


field inside a, 


Speed of a lens, 122 ` 
Spherical aberration, 52, 133 
Stereoscope 176 
Strain, electric 
VII 290 
Striation, VII 240 
Structare of atoms, VI 98 
Susceptibility, V 37 
Suspended coil 
VII 50 
System of Distribution, VII 235 


Talkie, VII 310 
Tangent, galvanometer, VII 36; 
Law, V 51; sensitiveners of, 


and magnetic, 


galvanometer, 


VII 39 

Telegraph, VII 189; wireless, 
VII 287 

Telephone, VII 192;, wireless, 
VII 92 

Telescope, astronomical, 168 
Galilean. 173 ; reflecting, 175 ; 
terrestrial, 17) 

Television, VII 3.0 

Terrestrial magnetisation, V 78 

Theories of light, 231; electro- 
magnetic, 255; electricity VI 
98 ; magnetism, V 14; 
Quantum, 256 

Thermo-couple, VII 133 ; Thermo- 
pile, VII 138 

Thomson effect, VII 186 

Three-wire Distributors, VII 225 

Total internal reflection, 89 

Tram car, VII 228 

Transformer, VII 223 

Transmission of electric, energy, 
VII 233 ; wave, VII 292 

Tubes of force, electric, VI 119 

Twilight, 41 

Ultra-violet, 199 

Umbra, 5 ; pen-, 5 

Unit of Current, VII 20 


Jalve, Fleming, VII 295 ; ther- 
ve VIL 594 ; triode, VII 299 
Velocity of light, 231, Fizeau, 934 

Foucault, 238 ; Michelson, 239 ; 
Romer, 231 
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Virtual, image, 31; spectrum, Weber theory, V 14 
198, value, VII 205 X Welding, electric, VII 186 
Volta, VII 14 ; Pile, VII 2 Wheatstone, bridge, VII 88; Sir 
Voltameter, VII 144 ; copper, VIL Charles, VII 191 
145; silver, VII 147; water. Wimshurst machine, VI 174 
VII 147 Wiring house, VIT 237 
Voltago, drop. VII 64; sensitivity, Wireless, VIT 287 
VII ŠL. 


Voltmeter, VIT 107 X-rays, VII 253 
Watt, the, VLI 130; -hour, VIL 181 Zero-potential, VI 194 


